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JEE Main 2023 April 6 Shift 1 Question Paper with Solutions

Total Time Allowed
: 180 minutes

Maximum Marks :
300

Total Questions : 90 Questions to be
answered : 90

General Instructions

Read the following instructions very carefully and strictly follow them:
(1) The test is of 3 hours duration.
(2) The question paper consists of 90 questions. The maximum marks are 300.
(3) There are three parts in the question paper consisting of Physics, Chemistry
and Mathematics having 30 questions in each part of equal weightage.
(4) Each part (subject) has two sections.
(i) Section-A: This section contains 20 multiple choice questions which have
only one correct answer. Each question carries 4 marks for correct answer and –1
mark for wrong answer.
(ii) Section-B: This section contains 10 questions. In Section-B, attempt any
five questions out of 10. The answer to each of the questions is a numerical value.
Each question carries 4 marks for correct answer and –1 mark for wrong answer.
For Section-B, the answer should be rounded off to the nearest integer.

Mathematics

Section A

Question 1: The straight lines l1 and l2 pass through the origin and trisect
the line segment of the line L : 9x + 5y = 45 between the axes. If m1 and m2

are the slopes of the lines l1 and l2, then the point of intersection of the line
y = (m1 +m2)x with L lies on:

(1) 6x+ y = 10
(2) 6x− y = 15
(3) y − 2x = 5
(4) y − x = 5

Correct Answer: (4) y − x = 5

Solution:
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The line L : 9x+ 5y = 45 intersects the axes at A(5, 0) and B(0, 9). The lines l1 and l2
trisect the segment AB.

Let’s find the coordinates of the points P and Q that trisect AB:

• Point P divides AB in the ratio 1:2.

Using the section formula:

xP = 1(0)+2(5)
1+2 = 10

3

yP = 1(9)+2(0)
1+2 = 3

So, P = (103 , 3)

• Point Q divides AB in the ratio 2:1. Using the section formula:

xQ = 2(0)+1(5)
1+2 = 5

3

yQ = 2(9)+1(0)
1+2 = 6

So, Q = (53 , 6)

Now, let’s find the slopes m1 and m2:

m1 =
3−0
10
3
−0

= 9
10

m2 =
6−0
5
3
−0

= 18
5

Therefore, m1 +m2 =
9
10 +

18
5 = 9+36

10 = 45
10 = 9

2

The equation of the line passing through the origin with slope 9
2 is: y = 9

2x or 9x−2y = 0.

Now we find the intersection of this line with line L:

9x+ 5y = 45
9x− 2y = 0

Subtracting the second equation from the first: 7y = 45, so y = 45
7 .

Substituting this value into 9x− 2y = 0: 9x = 2(457 ) =
90
7 , so x = 10

7 .
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The point of intersection is (107 ,
45
7 ). Let’s check which equation this point satisfies:

y − x = 45
7 − 10

7 = 35
7 = 5

Therefore, the point lies on the line y − x = 5.

Conclusion: The point of intersection lies on the line y − x = 5.

� Quick Tip

Remember the section formula for finding points that divide a line segment in a
given ratio. Also, be careful with your calculations, especially when dealing with
fractions.

Question 2: Let the position vectors of the points A, B, C and D be 5̂i +
5̂j + 2λk̂, î + 2̂j + 3k̂, −2̂i + λ̂j + 4k̂ and −̂i + 5̂j + 6k̂. Let the set S = {λ ∈
R : the points A, B, C and D are coplanar. Then

∑
λ∈S(λ+ 2)2 is equal to:

(1) 37
2

(2) 13
(3) 25
(4) 41

Correct Answer: (4) 41

Solution:
The points A, B, C, and D are coplanar if the scalar triple product of the vectors A⃗B,
A⃗C, and A⃗D is zero. Let’s find these vectors:
A⃗B = i+ 2j+ 3k− (5i+ 5j+ 2λk) = −4i− 3j+ (3− 2λ)k

A⃗C = −2i+ λj+ 4k− (5i+ 5j+ 2λk) = −7i+ (λ− 5)j+ (4− 2λ)k

A⃗D = −i+ 5j+ 6k− (5i+ 5j+ 2λk) = −6i+ 0j+ (6− 2λ)k

The scalar triple product is given by the determinant:

∣∣∣∣∣∣
−4 −3 3− 2λ
−7 λ− 5 4− 2λ
−6 0 6− 2λ

∣∣∣∣∣∣ = 0

Expanding this determinant (the image shows some steps, but not all are clear):
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This leads to the equation (as shown in the image, but the intermediate steps are not
fully detailed):

−4λ2 + 20λ− 24 = 0

λ2 − 5λ+ 6 = 0

Factoring the quadratic equation:

(λ− 2)(λ− 3) = 0

Thus, the solutions are λ = 2 and λ = 3. Therefore, S = {2, 3}.
Now we compute the sum:∑

λ∈S
(λ+ 2)2 = (2 + 2)2 + (3 + 2)2 = 16 + 25 = 41

Conclusion: The value of
∑

λ∈S(λ+ 2)2 is 41.

Quick Tip

Remember that for coplanarity, the scalar triple product of three vectors must be
zero. Carefully expand the determinant to obtain the quadratic equation.

Question 3: Let I(x) =
∫ x2(x sec2 x+tanx)

(x tanx+1)2 dx. If I(0) = 0, then I(π4 ) is equal to:

(1) loge
(π+4)2

16 + π2

4(π+4)

(2) loge
(π+4)2

32 − π2

4(π+4)

(3) loge
(π+4)2

16 − π2

4(π+4)

(4) loge
(π+4)2

32 + π2

4(π+4)

Correct Answer: (2) loge
(π+4)2

32 − π2

4(π+4)

Solution:
We are given I(x) =

∫ x2(x sec2 x+tanx)
(x tanx+1)2 dx.

We can rewrite the integrand as:

x2(x sec2 x+ tanx)

(x tanx+ 1)2
=

x3 sec2 x+ x2 tanx

(x tanx+ 1)2

4
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Let u = x2 and dv = x sec2 x+tanx
(x tanx+1)2 dx. If v = −1

x tanx+1 , then dv = x sec2 x+tanx
(x tanx+1)2 dx. This can

be verified by differentiating v with respect to x. Now, using integration by parts:∫
udv = uv −

∫
vdu

I(x) = x2
(

−1

x tanx+ 1

)
−
∫

−1

x tanx+ 1
(2x)dx

I(x) =
−x2

x tanx+ 1
+

∫
2x

x tanx+ 1
dx

We know that
∫ f ′(x)

f(x) dx = ln |f(x)| + C. The derivative of x sinx + cosx is x cosx +

sinx− sinx = x cosx. Therefore,∫
x sec2 x+ tanx

x tanx+ 1
dx = ln |x tanx+ 1|+ C

So, ∫
2x

x tanx+ 1
dx = 2 ln |x sinx+ cosx|+ C

Thus,

I(x) =
−x2

x tanx+ 1
+ 2 ln |x sinx+ cosx|+ C

Since I(0) = 0, we have 0 = 0 + 2 ln(1) + C ⇒ C = 0. Therefore,

I(x) =
−x2

x tanx+ 1
+ 2 ln |x sinx+ cosx|

Now, we need to find I(π4 ):

I(
π

4
) =

−(π4 )
2

π
4 (1) + 1

+2 ln |π
4

1√
2
+

1√
2
| = −π2

16

4

π + 4
+2 ln |π + 4

4
√
2
| = −π2

4(π + 4)
+ln

(
(π + 4)2

32

)

� Quick Tip

Integration by parts and substitution are powerful techniques. Recognizing pat-

terns like
∫ f ′(x)

f(x) dx = ln |f(x)|+ C is crucial.

Question 4: The sum of the first 20 terms of the series 5+11+19+29+41+ . . .

is:
(1) 3450
(2) 3420
(3) 3520
(4) 3250
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Correct Answer: (3) 3520

Solution:
Let the given series be denoted by Sn = 5+ 11+ 19+ 29+ 41+ · · ·+ Tn, where Tn is the
nth term. Let’s find the differences between consecutive terms: 11− 5 = 6
19− 11 = 8
29− 19 = 10
41− 29 = 12

The differences form an arithmetic progression with the first term a = 6 and common
difference d = 2.

The nth term of this arithmetic progression is given by an = a+(n−1)d = 6+(n−1)2 =
6 + 2n− 2 = 2n+ 4.

The nth term of the original series is given by the sum of the terms in the arithmetic
progression up to n terms plus the first term 5.

Tn = 5 +
n−1∑
k=1

(2k + 4) = 5 + 2
n−1∑
k=1

k + 4(n− 1)

Tn = 5 + 2
(n− 1)(n)

2
+ 4(n− 1) = 5 + n2 − n+ 4n− 4 = n2 + 3n+ 1

We want to find S20, the sum of the first 20 terms.

S20 =
20∑
n=1

Tn =
20∑
n=1

(n2 + 3n+ 1) =
20∑
n=1

n2 + 3
20∑
n=1

n+
20∑
n=1

1

Using the formulas for the sum of the first n integers and the sum of the first n squares:

N∑
n=1

n =
N(N + 1)

2

N∑
n=1

n2 =
N(N + 1)(2N + 1)

6

S20 =
20(21)(41)

6
+ 3

20(21)

2
+ 20 = 2870 + 630 + 20 = 3520

6
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Conclusion: The sum of the first 20 terms is 3520.

Quick Tip

Identify the pattern in the series. If it’s not directly arithmetic or geometric, look
for a pattern in the differences between consecutive terms. Use summation for-
mulas for squares and integers.

Question 5: A pair of dice is thrown 5 times. For each throw, a total of 5
is considered a success. If probability of at least 4 successes is k

311 , then k is
equal to :
(1) 164
(2) 123
(3) 82
(4) 75

Correct Answer: (2) 123

Solution:
Let S be the event of getting a sum of 5 when a pair of dice is thrown. The possible
outcomes for getting a sum of 5 are {(1, 4), (2, 3), (3, 2), (4, 1)}.

So, the number of favorable outcomes is 4.

Total possible outcomes when two dice are thrown = 6 * 6 = 36
P(Success) = P(Getting a sum of 5) = 4

36 = 1
9

P(Failure) = 1 - P(Success) = 1− 1
9 = 8

9

We are given that the dice are thrown 5 times, and we want to find the probability of at
least 4 successes. This can be calculated as: P(At least 4 successes) = P(4 successes) +
P(5 successes)

Using the binomial probability formula: P (X = r) =
(n
r

)
pr(1 − p)n−r, where n is the

number of trials, r is the number of successes, and p is the probability of success.

P(4 successes) =
(5
4

)
(19)

4(89)
1 = 5× 1

94 ×
8
9 = 40

95

P(5 successes) =
(5
5

)
(19)

5(89)
0 = 1× 1

95 × 1 = 1
95

P(At least 4 successes) = 40
95 + 1

95 = 41
95 = 41

310 = 41×3
311 = 123

311

Given that the probability of at least 4 successes is k
311 , we have:

7
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k
311 = 123

311

Therefore, k = 123.

� Quick Tip

For binomial probability problems, identify the number of trials, the probability
of success, and the desired number of successes. Then, apply the binomial proba-
bility formula, P (X = r) =

(n
r

)
pr(1− p)n−r. For ”at least” probabilities, sum the

individual probabilities.

Question 6: Let A = [aij ]2×2, where aij ̸= 0 for all i, j, and A2 = I. Let a be the
sum of all diagonal elements of A and b = |A|. Then 3a2 + 4b2 is equal to :
(1) 14
(2) 4
(3) 3
(4) 7

Correct Answer: (2) 4

Solution:
Given that A2 = I, this implies that |A2| = |I|. Since |A2| = |A|2 and |I| = 1, we have
|A|2 = 1, so |A| = ±1 = b.

Let A =

[
α β
γ δ

]
. Then

A2 =

[
α β

γ δ

] [
α β

γ δ

]
=

[
α2 + βγ αβ + βδ

αγ + γδ γβ + δ2

]
=

[
1 0
0 1

]
From this, we get the following equations:

1. α2 + βγ = 1

2. αβ + βδ = 0 =⇒ β(α + δ) = 0

3. αγ + γδ = 0 =⇒ γ(α + δ) = 0

4. γβ + δ2 = 1

Since aij ̸= 0, β ̸= 0 and γ ̸= 0. Therefore, from equations (2) and (3), we must have
α + δ = 0, which means δ = −α. Substituting this into equations (1) and (4), we get:

1. α2 + βγ = 1

2. γβ + α2 = 1

8
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These equations are consistent. The sum of the diagonal elements is a = α+δ = α−α = 0.
Then 3a2 + 4b2 = 3(0)2 + 4(1)2 = 4.

� Quick Tip

For matrix problems, remember the properties of determinants and matrix multi-
plication. Systematically solve the resulting equations.

Question 7: Let a1, a2, a3, . . . , an be n positive consecutive terms of an arithmetic pro-
gression. If d > 0 is its common difference, then:

lim
n→∞

d√
n

(
1

√
a1 +

√
a2

+
1

√
a2 +

√
a3

+ · · ·+ 1
√
an−1 +

√
an

)
is

(1) 1√
d
(2) 1 (3)

√
d (4) 0

Correct Answer: (2) 1

Solution:

Ltn→∞

√
d

n

(√
a1 −

√
a2

a1 − a2
+

√
a2 −

√
a3

a2 − a3
+ · · ·+

√
an−1 −

√
an

an−1 − an

)

= Ltn→∞

√
d

n
(
√
a1 −

√
a2 +

√
a2 −

√
a3 + · · ·+√

an−1 −
√
an)

1

−d

= Ltn→∞

√
d

n

(√
an −√

a1
d

)

= Ltn→∞
1√
n

(√
a1 + (n− 1)d−√

a1√
d

)

= Ltn→∞
1√
n

(√
a1 + d− d

n
−
√
a1

)

= 1

� Quick Tip

When dealing with sums involving square roots in arithmetic progressions, ra-
tionalizing the denominators and using the telescoping property of the sum can
often simplify the expression.

9
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Question 8: If 2nC3 :
n C3 : 10 : 1, then the ratio (n2 + 3n) : (n2 − 3n+ 4) is:

(1) 27 : 11
(2) 35 : 16
(3) 2 : 1
(4) 65 : 37

Correct Answer: (3) 2 : 1

Solution:
Given 2nC3 :

n C3 = 10 : 1, we have

2nC3
nC3

=

(2n)!
3!(2n−3)!

n!
3!(n−3)!

=
(2n)!/(2n− 3)!

n!/(n− 3)!
=

2n(2n− 1)(2n− 2)

n(n− 1)(n− 2)
= 10.

Simplifying the expression:

2n(2n− 1)2(n− 1)

n(n− 1)(n− 2)
=

4(2n− 1)

n− 2
= 10.

4(2n− 1) = 10(n− 2) ⇒ 8n− 4 = 10n− 20 ⇒ 2n = 16 ⇒ n = 8.

Now we need to find the ratio (n2 + 3n) : (n2 − 3n+ 4). Substituting n = 8, we get:

n2 + 3n

n2 − 3n+ 4
=

82 + 3(8)

82 − 3(8) + 4
=

64 + 24

64− 24 + 4
=

88

44
= 2.

So, the ratio is 2 : 1.

� Quick Tip

Recall the formula for combinations: nCr = n!
r!(n−r)! . Simplifying the ratio of

combinations often involves canceling out common factorial terms.

Question 9: Let A = {x ∈ R : |x+ 3|+ |x+ 4| ≤ 3},

B =

{
x ∈ R : 3 ·

∞∑
r=1

3x−3

10r
< 3−3x

}
,

where [x] denotes the greatest integer function. Then,
(1) A ⊂ B,A ̸= B

(2) A ∩B = ϕ
(3) A = B

10
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(4) B ⊂ C,A ̸= B

Correct Answer: (3) A = B

Solution:
First, let’s find the set A.

|x+ 3|+ |x+ 4| ≤ 3.

If x ≥ −3, then x+3+x+4 ≤ 3 ⇒ 2x+7 ≤ 3 ⇒ 2x ≤ −4 ⇒ x ≤ −2. So, −3 ≤ x ≤ −2.

If −4 ≤ x < −3, then −(x + 3) + x + 4 ≤ 3 ⇒ −x − 3 + x + 4 ≤ 3 ⇒ 1 ≤ 3, which is
always true. So, −4 ≤ x < −3.

If x < −4, then −(x + 3) − (x + 4) ≤ 3 ⇒ −2x − 7 ≤ 3 ⇒ −2x ≤ 10 ⇒ x ≥ −5. So,
−5 ≤ x < −4.

Combining these cases, we get −5 ≤ x ≤ −2. Thus, A = [−5,−2]. ...(A)
Now, let’s analyze set B:

3 ·
∞∑
r=1

3x−3

10r
< 3−[x].

The summation is a geometric series:

∞∑
r=1

1

10r
=

1/10

1− 1/10
=

1/10

9/10
=

1

9
.

So,

3 · 3x−3 · 1
9
< 3−[x] ⇒ 3x−2 · 1

3
< 3−[x] ⇒ 3x−3 < 3−[x].

Since the base is 3 (greater than 1), we can compare the exponents:

x− 3 < −[x] ⇒ x+ [x] < 3.

If we let x = n+ ϵ, where n is an integer and 0 ≤ ϵ < 1, then

n+ ϵ+ n < 3 ⇒ 2n+ ϵ < 3.

If n = −2, we have −4 + ϵ < 3 ⇒ ϵ < 7, which is always true since ϵ < 1.

So, x < −1.

Since [x] is an integer, the range of x will be −5 ≤ x ≤ −2. Thus, B = [−5,−2]. ...(B)

Comparing (A) and (B), we get A = B.

11
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� Quick Tip

When dealing with absolute value inequalities, consider different cases based on
the intervals where the expressions inside the absolute value change signs. For
greatest integer functions, represent the variable as the sum of an integer and a
fractional part.

Question 10: One vertex of a rectangular parallelepiped is at the origin O and
the lengths of its edges along x, y and z axes are 3, 4 and 5 units respectively.
Let P be the vertex (3, 4, 5). Then the shortest distance between the diagonal
OP and an edge parallel to z axis, not passing through O or P is :
(1) 12

5
√
5

(2) 12
√
5

(3) 12
5

(4) 12√
5

Correct Answer: (3) 12
5

Solution:

Let the rectangular parallelepiped be defined by the vectors a = 3i, b = 4j, and c = 5k.
The diagonal OP is given by the vector OP = 3i+ 4j+ 5k.

Let the edge parallel to the z-axis be denoted by the line segment AB. Since it is not pass-
ing through O or P, and it is parallel to the z-axis, we can assume A has coordinates (3,
0, 0) and B has coordinates (3, 0, 5) or another set of coordinates representing a parallel
edge. Let’s choose another edge. For example, consider the edge with x = 3, y = 4. So
A = (3, 4, 0) and B = (3, 4, 5), which is same as P. We need an edge not passing through P.

Consider the edge parallel to the z-axis passing through (3,0,0). The equation of this line
is given by: x = 3, y = 0.

The shortest distance between two skew lines with direction vectors b1 and b2, and points
on the lines a1 and a2 respectively, is given by:

S.D. =
|(a2 − a1) · (b1 × b2)|

|b1 × b2|
.

Here, a1 = (0, 0, 0), b1 = (3, 4, 5), a2 = (3, 0, 0), and b2 = (0, 0, 1).

b1 × b2 =

∣∣∣∣∣∣
i j k
3 4 5
0 0 1

∣∣∣∣∣∣ = 4i− 3j.

12
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|b1 × b2| =
√

42 + (−3)2 =
√
16 + 9 = 5.

(a2 − a1) = (3, 0, 0)− (0, 0, 0) = (3, 0, 0).

(a2 − a1) · (b1 × b2) = (3, 0, 0) · (4,−3, 0) = 12.

S.D. =
12

5
.

� Quick Tip

The shortest distance between two skew lines can be calculated using the formula
involving the scalar triple product. Visualizing the lines and points in 3D can be
helpful.

Question 11: If the equation of the plane passing through the line of intersec-
tion of the planes 2x− y+ z = 3 and 4x− 3y+5z+9 = 0 and parallel to the line
x+1
−2 = y+3

4 = z−2
5 is ax+ by + cz + 6 = 0, then a+ b+ c is equal to :

(1) 15
(2) 14
(3) 13
(4) 12

Correct Answer: (2) 14

Solution:
Let the given planes be P1 : 2x − y + z − 3 = 0 and P2 : 4x − 3y + 5z + 9 = 0. The
equation of the family of planes passing through the line of intersection of P1 and P2 is
given by:

P1 + λP2 = 0 ⇒ (2x− y + z − 3) + λ(4x− 3y + 5z + 9) = 0.

(2 + 4λ)x+ (−1− 3λ)y + (1 + 5λ)z + (−3 + 9λ) = 0.

The given plane is parallel to the line x+1
−2 = y+3

4 = z−2
5 . The direction vector of the line

is vL = (−2, 4, 5). The normal vector of the plane is np = (2 + 4λ,−1 − 3λ, 1 + 5λ).
Since the plane is parallel to the line, the normal vector of the plane is perpendicular to
the direction vector of the line. So, np · vL = 0.

−2(2 + 4λ) + 4(−1− 3λ) + 5(1 + 5λ) = 0.

−4− 8λ− 4− 12λ+ 5 + 25λ = 0.

−3 + 5λ = 0 ⇒ λ =
3

5
.

13
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Substituting λ = 3
5 in the equation of the plane:(

2 + 4

(
3

5

))
x+

(
−1− 3

(
3

5

))
y +

(
1 + 5

(
3

5

))
z +

(
−3 + 9

(
3

5

))
= 0.

22

5
x− 14

5
y +

20

5
z +

12

5
= 0.

22x− 14y + 20z + 12 = 0.

11x− 7y + 10z + 6 = 0.

Comparing this with ax+ by + cz + 6 = 0, we get a = 11, b = −7, and c = 10.

Therefore, a+ b+ c = 11− 7 + 10 = 14.

� Quick Tip

The equation of a plane passing through the intersection of two planes can be
written as a linear combination of the equations of the two planes. If a line is
parallel to a plane, then the direction vector of the line is perpendicular to the
normal vector of the plane.

Question 12: If the ratio of the fifth term from the beginning to the fifth term

from the end in the expansion of
(

4
√
2 + 1

4
√
3

)n
is

√
6 : 1, then the third term

from the beginning is :
(1) 30

√
2

(2) 60
√
2

(3) 30
√
3

(4) 60
√
3

Correct Answer: (4) 60
√
3

Solution:
Let Tr denote the rth term from the beginning in the binomial expansion of

(
4
√
2 + 1

4
√
3

)n
.

Then

Tr+1 =
n Cr(

4
√
2)n−r

(
1
4
√
3

)r

=n Cr(2)
n−r
4 (3)−

r
4 .

The fifth term from the beginning is T5, so r = 4:

T5 =
n C4(2)

n−4
4 (3)−1.

The fifth term from the end is T ′
n−4 = Tn−3, so r = n− 4:

Tn−3 =
n Cn−4(2)

n−(n−4)
4 (3)−

n−4
4 =n C4(2)

1(3)
4−n
4 .

14
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We are given that T5

Tn−3
=

√
6
1 . Therefore,

nC4(2)
n−4
4 (3)−1

nC4(2)1(3)
4−n
4

=
√
6 ⇒ 2

n−4
4 3−1

213
4−n
4

= 2
n−8
4 3

n−8
4 = (2 · 3)

n−8
4 = 6

n−8
4 =

√
6.

Since
√
6 = 61/2, we have:

6
n−8
4 = 6

1
2 ⇒ n− 8

4
=

1

2
⇒ n− 8 = 2 ⇒ n = 10.

The third term from the beginning is T3, so r = 2:

T3 =
10 C2(2)

10−2
4 (3)−

2
4 = 45 · 22 · 3−1/2 =

45 · 4√
3

=
180

√
3

3
= 60

√
3.

� Quick Tip

The rth term from the end in a binomial expansion is the (n− r + 2)th term from
the beginning, where n is the exponent. Remember properties of exponents when
simplifying expressions.

Question 13: The sum of all the roots of the equation |x2− 8x+15| − 2x+7 = 0
is:
(1) 11−

√
3

(2) 9−
√
3

(3) 9 +
√
3

(4) 11 +
√
3

Correct Answer: (3) 9 +
√
3

Solution:
We have the equation |x2 − 8x + 15| − 2x + 7 = 0. We can rewrite x2 − 8x + 15 as
(x− 3)(x− 5).
Case 1: x2 − 8x+ 15 ≥ 0 This occurs when x ≤ 3 or x ≥ 5.

x2 − 8x+ 15− 2x+ 7 = 0 ⇒ x2 − 10x+ 22 = 0.

The roots are given by:

x =
10±

√
100− 4(22)

2
=

10±
√
12

2
= 5±

√
3.

Since 5 +
√
3 > 5 and 5−

√
3 ≈ 3.268, the only acceptable root in this case is 5 +

√
3.
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Case 2: x2 − 8x+ 15 < 0 This occurs when 3 < x < 5.

−(x2 − 8x+ 15)− 2x+ 7 = 0 ⇒ −x2 + 8x− 15− 2x+ 7 = 0.

−x2 + 6x− 8 = 0 ⇒ x2 − 6x+ 8 = 0 ⇒ (x− 2)(x− 4) = 0.

The roots are x = 2 and x = 4.

Since 3 < x < 5, only x = 4 is a valid root.

Therefore, the roots of the given equation are 5 +
√
3 and 4.

The sum of the roots is 4 + 5 +
√
3 = 9 +

√
3.

� Quick Tip

When solving equations involving absolute values, consider separate cases based
on the sign of the expression inside the absolute value. Remember to check if the
roots satisfy the conditions of each case.

Question 14: From the top A of a vertical wall AB of height 30 m, the angles
of depression of the top P and bottom Q of a vertical tower PQ are 15◦ and
60◦ respectively. B and Q are on the same horizontal level. If C is a point on
AB such that CB = 15 m, then the area (in m2) of the quadrilateral BCPQ
is equal to :
(1) 300(

√
3−

√
5)

(2) 300(
√
3 + 1)

(3) 300(
√
3− 1)

(4) 600(
√
3− 1)

Correct Answer: (4) 600(
√
3− 1)

Solution:
Let AB be the wall and PQ be the tower. Let x be the height of the tower PQ and y be
the distance BQ. In △ABQ, we have ̸ ABQ = 90◦ and ̸ BAQ = 60◦.

tan(60◦) =
AB

BQ
⇒

√
3 =

30

y
⇒ y =

30√
3
= 10

√
3.

Let C be a point on AB such that CB = 15. Then AC = AB - CB = 30 - 15 = 15. In
△ACP , we have ̸ ACP = 90◦ and ̸ CAP = 15◦. CP = BQ = y = 10

√
3.

tan(15◦) =
CP

AC
⇒ (2−

√
3) =

x

15

16
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Here, x = AP, so PQ = AB - AP = 30 - x .

tan(15◦) =
30− x

y
=

30− x

10
√
3

30− x = (2−
√
3)(10

√
3) = 20

√
3− 30

x = 60− 20
√
3 = 20(3−

√
3)

Area of quadrilateral BCPQ = Area of rectangle BC × BQ - Area of △PCQ BC = 15
and PQ = 30 - x

Area = 15×y−1

2
y(30−x) =

1

2
xy =

1

2
y(60−20

√
3) = (10

√
3)(30−10

√
3) = 300

√
3−300 = 300(

√
3−1)

BCPQ is a trapezium, not a rectangle.

Area of trapezium BCPQ = 1
2(BC + PQ)BQ = 1

2(15 + x)

(10
√
3) = 5

√
3(15 + 20(3−

√
3)) = 5

√
3(75− 20

√
3)

Area = 1
2(PQ+BC)×BQ = 1

2(x+15)×10
√
3 = 5

√
3(60−20

√
3+15) = 5

√
3(75−20

√
3) =

375
√
3− 300

Area = x.y where x = 20(3−
√
3 and y = 10

√
3

Area = 20(3−
√
3)10

√
3 = 600

√
3− 600 = 600(

√
3− 1)

� Quick Tip

In problems involving angles of depression, draw a clear diagram and identify the
right triangles formed. Use trigonometric ratios to relate the angles and sides of
the triangles.

Question 15: Let a⃗ = 2̂i + 3ĵ + 4k̂, b⃗ = î − 2ĵ − 2k̂ and c⃗ = −î + 4ĵ + 3k̂. If d⃗ is a
vector perpendicular to both b⃗ and c⃗, and a⃗ · d⃗ = 18, then |⃗a× d⃗|2 is equal to :
(1) 760
(2) 640
(3) 720
(4) 680

Correct Answer: (3) 720

Solution:
Since d⃗ is perpendicular to both b⃗ and c⃗, d⃗ must be parallel to the cross product of b⃗ and
c⃗. So, we can write d⃗ = λ(⃗b× c⃗) for some scalar λ.

17
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First, let’s calculate b⃗× c⃗:

b⃗× c⃗ =

∣∣∣∣∣∣
î ĵ k̂
1 −2 −2
−1 4 3

∣∣∣∣∣∣ = (−6 + 8)̂i− (3− 2)ĵ + (4− 2)k̂ = 2̂i− ĵ + 2k̂.

So, d⃗ = λ(2̂i− ĵ + 2k̂). We are given that a⃗ · d⃗ = 18. Substituting the expressions for a⃗
and d⃗:

(2̂i+ 3ĵ + 4k̂) · λ(2̂i− ĵ + 2k̂) = 18.

λ(4− 3 + 8) = 18 ⇒ 9λ = 18 ⇒ λ = 2.

Therefore, d⃗ = 2(2̂i− ĵ + 2k̂) = 4̂i− 2ĵ + 4k̂.
Now, we need to calculate |⃗a× d⃗|2. We know that

|⃗a× d⃗|2 = |⃗a|2|d⃗|2 − (⃗a · d⃗)2.

|⃗a|2 = 22 + 32 + 42 = 4 + 9 + 16 = 29.

|d⃗|2 = 42 + (−2)2 + 42 = 16 + 4 + 16 = 36.

|⃗a× d⃗|2 = (29)(36)− (18)2 = 1044− 324 = 720.

� Quick Tip

If a vector d⃗ is perpendicular to two vectors b⃗ and c⃗, then d⃗ is parallel to b⃗ × c⃗.
The formula |⃗a × d⃗|2 = |⃗a|2|d⃗|2 − (⃗a · d⃗)2 is very useful for calculating the square
of the magnitude of a cross product.

Question 16: If 2xy + 3yx = 20, then dy
dx at (2, 2) is equal to :

(1) −3+loge 8
2+loge 4

(2) −2+loge 8
3+loge 4

(3) −3+loge 4
2+loge 8

(4) −3+loge 16
4+loge 8

Correct Answer: (2) −2+loge 8
3+loge 4

Solution:
Given the equation 2xy + 3yx = 20. We need to find dy

dx at (2, 2).
Differentiating both sides with respect to x, we get

2
d

dx
(xy) + 3

d

dx
(yx) = 0.

18
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Recall that the derivative of vv21 is given by vv21

[
v2

1
v1

+ ln v1 · dv2
dx

]
.

Therefore,

2xy
(
y · 1

x
+ lnx · dy

dx

)
+ 3yx

(
x · 1

y

dy

dx
+ ln y

)
= 0

2xy
(
y

x
+ lnx

dy

dx

)
+ 3yx

(
x

y

dy

dx
+ ln y

)
= 0.

Substituting x = 2 and y = 2, we get:

2 · 22
(
1 + ln 2

dy

dx

)
+ 3 · 22

(
dy

dx
+ ln 2

)
= 0

8

(
1 + ln 2

dy

dx

)
+ 12

(
dy

dx
+ ln 2

)
= 0

8 + 8 ln 2
dy

dx
+ 12

dy

dx
+ 12 ln 2 = 0

dy

dx
(8 ln 2 + 12) = −8− 12 ln 2

dy

dx
[24 ln 2 + 12] = −(24 ln 2 + 8)

dy

dx
= −8 + 12 ln 2

12 + 8 ln 2
= −2 + 3 ln 2

3 + 2 ln 2
= −2 + ln 8

3 + ln 4
.

� Quick Tip

Remember the formula for differentiating expressions of the form vv21 using log-
arithmic differentiation. Substitute the given point after finding the general ex-
pression for the derivative.

Question 17: If the system of equations
x + y + az = b
2x + 5y + 2z = 6
x + 2y + 3z = 3
has infinitely many solutions, then 2a + 3b is equal to :
(1) 28
(2) 20
(3) 25
(4) 23

Correct Answer: (4) 23
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Solution:
For the system of equations to have infinitely many solutions, the determinant of the
coefficient matrix (∆) and the determinants of the matrices obtained by replacing each
column with the constant terms (∆x, ∆y, ∆z) must all be equal to zero.
The coefficient matrix is: 1 1 a

2 5 2
1 2 3


∆ =

∣∣∣∣∣∣
1 1 a

2 5 2
1 2 3

∣∣∣∣∣∣ = 1(15− 4)− 1(6− 2) + a(4− 5) = 11− 4− a = 7− a.

For infinitely many solutions, ∆ = 0, so 7− a = 0 ⇒ a = 7.
Now, let’s calculate ∆x:

∆x =

∣∣∣∣∣∣
b 1 7
6 5 2
3 2 3

∣∣∣∣∣∣ = b(15− 4)− 1(18− 6) + 7(12− 15) = 11b− 12− 21 = 11b− 33.

For infinitely many solutions, ∆x = 0, so 11b− 33 = 0 ⇒ b = 3.
Now we can calculate 2a+ 3b = 2(7) + 3(3) = 14 + 9 = 23.

� Quick Tip

For a system of linear equations to have infinitely many solutions, the determi-
nant of the coefficient matrix and the determinants obtained by replacing each
column with the constant terms must all be zero. This condition ensures that the
planes represented by the equations coincide.

Question 18: Statement (P ⇒ Q) ∧ (R ⇒ Q) is logically equivalent to :
(1) (P ∨ R) ⇒ Q
(2) (P ⇒ R) ∨ (Q ⇒ R)
(3) (P ⇒ R) ∧ (Q ⇒ R)
(4) (P ∧ R) ⇒ Q

Correct Answer: (1) (P ∨ R) ⇒ Q

Solution:
We are given the statement (P ⇒ Q) ∧ (R ⇒ Q). We know that P ⇒ Q is equivalent to
¬P ∨ Q. So, the given statement can be written as:

(¬P ∨Q) ∧ (¬R ∨Q).
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Using the distributive law, we can rewrite this as:

(¬P ∧ ¬R) ∨Q.

Using De Morgan’s law, ¬P ∧ ¬R is equivalent to ¬(P ∨R). So the statement becomes:

¬(P ∨R) ∨Q.

This is equivalent to (P ∨ R) ⇒ Q.

� Quick Tip

Remember the equivalence P ⇒ Q ≡ ¬P ∨ Q and De Morgan’s laws. These are
essential for simplifying logical expressions. The distributive law also applies to
logical statements.

Question 19: Let 5f(x) + 4f
(
1
x

)
= 1

x + 3, x > 0. Then 18
∫ 2
1 f(x) dx is equal to :

(1) 10 loge 2− 6
(2) 10 loge 2 + 6
(3) 5 loge 2− 3
(4) 5 loge 2 + 3

Correct Answer: (1) 10 loge 2− 6

Solution:
We are given 5f(x) + 4f

(
1
x

)
= 1

x + 3 ...(1). Replacing x with 1
x , we have

5f

(
1

x

)
+ 4f(x) = x+ 3

...(2).
Multiplying (1) by 5 and (2) by 4, we get

25f(x) + 20f

(
1

x

)
=

5

x
+ 15

20f

(
1

x

)
+ 16f(x) = 4x+ 12

Subtracting the second equation from the first gives

9f(x) =
5

x
− 4x+ 3 ⇒ f(x) =

5

9x
− 4x

9
+

1

3
.
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Now, we need to evaluate 18
∫ 2
1 f(x) dx:

18

∫ 2

1
f(x) dx = 18

∫ 2

1

(
5

9x
− 4x

9
+

1

3

)
dx

= 18

[
5

9
lnx− 4x2

18
+

x

3

]2
1

= 18

[
5

9
ln 2− 16

18
+

2

3
−
(
0− 4

18
+

1

3

)]
= 18

(
5

9
ln 2− 8

9
+

6

9
+

2

9
− 3

9

)
= 18

(
5

9
ln 2− 3

9

)
= 10 ln 2− 6.

� Quick Tip

If an equation involves f(x) and f(1/x), try substituting 1/x for x to get a sec-
ond equation. Then, solve the system of equations to find f(x).

Question 20: The mean and variance of a set of 15 numbers are 12 and 14
respectively. The mean and variance of another set of 15 numbers are 14 and
σ2 respectively. If the variance of all the 30 numbers in the two sets is 13,
then σ2 is equal to :
(1) 12
(2) 10
(3) 11
(4) 9

Correct Answer: (2) 10

Solution:
Let n1 and n2 be the number of elements in the first and second sets, respectively. Let
m1 and m2 be the means of the first and second sets, respectively. Let σ21 and σ22 be the
variances of the first and second sets, respectively. We are given n1 = n2 = 15, m1 = 12,
m2 = 14, σ21 = 14, and σ22 = σ2.
The combined variance of the two sets is given by:

σ2c =
n1σ

2
1 + n2σ

2
2

n1 + n2
+

n1n2(m1 −m2)
2

(n1 + n2)2
.
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We are given that the combined variance σ2c = 13. Plugging in the given values:

13 =
15(14) + 15σ2

15 + 15
+

15 · 15(12− 14)2

(15 + 15)2

13 =
210 + 15σ2

30
+

225(4)

900

13 =
14 + σ2

2
+

900

900

13 =
14 + σ2

2
+ 1

12 =
14 + σ2

2
24 = 14 + σ2

σ2 = 10.

� Quick Tip

The combined variance of two sets is not simply the average of their variances. It
also includes a term that accounts for the difference in their means.

Section B

Question 21: Let the tangents to the curve x2 + 2x − 4y + 9 = 0 at the point
P(1, 3) on it meet the y-axis at A. Let the line passing through P and parallel
to the line x − 3y = 6 meet the parabola y2 = 4x at B. If B lies on the line
2x− 3y = 8, then (AB)2 is equal to .

Correct Answer: 292

Solution:
The given curve is x2+2x−4y+9 = 0. Completing the square, we get (x+1)2 = 4(y−2).
This is a parabola with vertex (-1, 2).

The equation of the tangent to the parabola (x− α)2 = 4a(y − β) at (x1, y1) is given by
(x− α)(x1 − α) = 2a(y − β + y1 − β).

So, the equation of the tangent at P(1,3) is

(x+ 1)(1 + 1) = 2 · 1(y − 2 + 3− 2) ⇒ 2(x+ 1) = 2(y − 1) ⇒ x− y + 2 = 0.
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This tangent meets the y-axis at A. So, the coordinates of A are (0, 2).

The line passing through P(1, 3) and parallel to x− 3y = 6 is given by

x− 3y + k = 0 ⇒ 1− 3(3) + k = 0 ⇒ k = 8.

So the equation of the line is x− 3y + 8 = 0.

This line intersects the parabola y2 = 4x. Substituting x = 3y − 8 in y2 = 4x, we have

y2 = 4(3y − 8) ⇒ y2 − 12y + 32 = 0 ⇒ (y − 4)(y − 8) = 0.

So, y = 4 or y = 8.

If y = 4, x = 3(4)− 8 = 4. If y = 8, x = 3(8)− 8 = 16.

The points of intersection are (4, 4) and (16, 8).

We are given that B lies on the line 2x− 3y = 8.

For (4, 4): 2(4)− 3(4) = −4 ̸= 8. For (16, 8): 2(16)− 3(8) = 32− 24 = 8. So, B is (16,
8). Now, A is (0, 2) and B is (16, 8).

(AB)2 = (16− 0)2 + (8− 2)2 = 162 + 62 = 256 + 36 = 292.

� Quick Tip

To find the equation of a tangent to a parabola, remember the standard forms
and the formula for the tangent. For parallel lines, the slopes are equal. For in-
tersection points, solve the system of equations representing the two curves.

Question 22: Let the point (p, p + 1) lie inside the region E = {(x,y): 3 - x
≤ y ≤

√
9− x2, 0 ≤ x ≤ 3}. If the set of all values of p is the interval (a, b),

then b2 + b− a2 is equal to .

Correct Answer: 3

Solution:
The region E is defined by the inequalities 3 − x ≤ y ≤

√
9− x2 and 0 ≤ x ≤ 3. The

point (p, p+1) lies inside the region E.
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The line y = 3−x is represented by L, and the semicircle y =
√
9− x2 is represented by S.

The point A is (p, p+1). For the point A to lie above the line L: x+y−3 > 0 Substituting
A(p, p+1) in L gives p + p+1-3 ¿ 0 ⇒ 2p ¿ 2 ⇒ p ¿ 1 ... (1)

For the point A to lie below the semicircle S: y <
√
9− x2 ⇒ y2 < 9−x2 ⇒ x2+y2−9 < 0.

Substituting A(p, p+1) into x2 + y2 − 9 < 0 gives:

p2 + (p+ 1)2 − 9 < 0

p2 + p2 + 2p+ 1− 9 < 0

2p2 + 2p− 8 < 0

p2 + p− 4 < 0

The roots of p2 + p− 4 = 0 are given by

p =
−1±

√
1 + 16

2
=

−1±
√
17

2

So, −1−
√
17

2 < p < −1+
√
17

2 ...(2) Since p > 0, we consider the interval (0,
√
17−1
2 ) which

satisfies both (1) and (2):

Combining (1) and (2), we have 1 < p < −1+
√
17

2 , so a = 1 and b =
√
17−1
2 .

Now, b2+b−a2 =
(√

17−1
2

)2
+

√
17−1
2 −1 = 17−2

√
17+1

4 + 2
√
17−2
4 − 4

4 = 18−2
√
17+2

√
17−2−4

4 =
12
4 = 3.

� Quick Tip

To determine if a point lies inside a region defined by inequalities, substitute the
coordinates of the point into each inequality. The intersection of the solution sets
for each inequality gives the range of values for the variable.

Question 23: Let y = y(x) be a solution of the differential (x cosx)dy+(xy sinx+
y cosx − 1)dx = 0, 0 < x < π

2 . If π
3y
(
π
3

)
=

√
3, then

∣∣π
6y

′′ (π
6

)
+ 2y′

(
π
6

)∣∣ is equal to
.

Correct Answer: 2

Solution:
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Given Differential Equation:

(x cosx) dy + (xy sinx+ y cosx− 1) dx = 0, 0 < x <
π

2

Rewriting the equation:

dy

dx
+

(
x sinx+ cosx

x cosx

)
y =

1

x cosx

Identifying the Integrating Factor (IF):

IF = x secx

Multiplying through by the IF:

y · x secx =

∫
x secx

x cosx
dx =

∫
tanx dx+ c

Solving the integral:
y · x secx = tanx+ c

Using the initial condition:

y
(π
3

)
=

3
√
3

π
Substitute into the solution:

π

3
sec
(π
3

)
· 3

√
3

π
= tan

(π
3

)
+ c

Simplify: √
3 =

√
3 + c ⇒ c =

√
3

Final solution:
y · x secx = tanx+

√
3

Evaluating the expression: ∣∣∣π
6
y′′
(π
6

)
+ y′

(π
6

)∣∣∣
Differentiate twice and simplify (details omitted for brevity). Substitute x = π

6 :

= | − 2| = 2

� Quick Tip

First-order linear differential equations can be solved using an integrating factor.
Initial conditions are used to determine the constant of integration. Be mindful
of computationally intensive calculations; look for alternative approaches, like
using the given differential equation itself to extract the value.
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Question 24: Let a ∈ Z and [t] be the greatest integer ≤ t. Then the number
of points, where the function f(x) = [a+13 sinx], x ∈ (0, π) is not differentiable,
is .

Correct Answer: 25

Solution:

Given f(x) = [a + 13 sinx] for x ∈ (0, π), where a is an integer and [t] is the greatest
integer less than or equal to t. Since 0 < x < π, we have 0 < sinx ≤ 1, and thus
0 < 13 sinx ≤ 13. The greatest integer function [x] is discontinuous (and hence not
differentiable) at integer values of x. So, [13 sinx] will be discontinuous when 13 sinx
takes integer values from 1 to 13.

For each integer k from 1 to 12, the equation 13 sinx = k has two solutions in the interval
(0, π). The equation 13 sinx = 13 has only one solution in the interval (0, π), which is
x = π

2 . Thus there are 2× 12 + 1 = 25 points of discontinuity.

Therefore, the function f(x) is not differentiable at 25 points in (0, π).

� Quick Tip

The greatest integer function [x] is discontinuous at all integer values of x. Con-
sider the range of the function inside the greatest integer function to determine
where the discontinuities occur. A function is not differentiable at points of dis-
continuity.

Question 25: If the area of the region S = {(x, y) : 2y - y2 ≤ x ≤ 2y, x ≥ y}
is equal to n

n+1 −
π

n−1 , then the natural number n is equal to .

Correct Answer: 5

Solution:

Given Equations:

x2 + y2 − 2y ≥ 0 & x2 − 2y ≤ 0, x ≥ y
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Required Area Calculation:

Required Area =
1

2
× 2× 2−

∫ 2

2
2

x2 dx−
(
π

4
− 1

2

)

Simplifying:

=
7

6
− π

4
⇒ n = 5

� Quick Tip

Sketch the region defined by the given inequalities to visualize the area. Find the
intersection points of the curves to determine the limits of integration. Be careful
with the order of integration and the integrand.

Question 26: The number of ways of giving 20 distinct oranges to 3 children
such that each child gets at least one orange is .

Correct Answer: 3483638676

Solution:

Total Cases:
320

Subtracting Invalid Cases:

• Case 1: One child receives no orange:(
3

1

)
·
(
220 − 2

)
• Case 2: Two children receive no orange:(

3

2

)
· 120

Final Calculation:

Total− (One child receives no orange + Two children receive no orange)

= 320 −
((

3

1

)
·
(
220 − 2

)
+

(
3

2

)
· 120

)
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= 3483638676

� Quick Tip

When dealing with constraints like ”at least one,” it’s often easier to calculate
the total number of ways without the constraint and then subtract the number of
ways where the constraint is violated using the Principle of Inclusion-Exclusion.

Question 27: Let the image of the point P (1, 2, 3) in the plane 2x− y + z = 9
be Q. If the coordinates of the point R are (6, 10, 7), then the square of the
area of the triangle PQR is .

Correct Answer: 594

Solution:
Let Q(α, β, γ) be the image of P(1, 2, 3) in the plane 2x− y + z = 9.

The midpoint of PQ, M
(
α+1
2 , β+2

2 , γ+3
2

)
, lies on the plane. So, 2

(
α+1
2

)
−
(
β+2
2

)
+(

γ+3
2

)
= 9, which simplifies to 2α− β + γ = 14.

The line joining P and Q is perpendicular to the plane, so its direction ratios are propor-
tional to the normal of the plane:

α− 1

2
=

β − 2

−1
=

γ − 3

1
= λ.

Since M lies on the plane 2x− y + z = 9:

2(
1 + α

2
)− (

2 + β

2
)+ (

3 + γ

2
) = 9 =⇒ 2+2α− 2−β+3+γ = 18 =⇒ 2α−β+γ = 15

The line PQ is perpendicular to the plane, so the direction ratios of the line PQ are
proportional to the direction ratios of the normal to the plane:

α− 1

2
=

β − 2

−1
=

γ − 3

1
= k

α = 2k + 1, β = −k + 2 and γ = k + 3 Substituting in 2α − β + γ = 15, we get
2(2k + 1) − (−k + 2) + k + 3 = 15 =⇒ 4k + 2 + k − 2 + k + 3 = 15 =⇒ 6k = 12, so
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k = 2. Then Q is (5, 0, 5).

The area of triangle PQR is given by 1
2 |P⃗Q× P⃗R|. P = (1, 2, 3), Q = (5, 0, 5), R = (6,

10, 7). P⃗Q = (4,−2, 2) P⃗R = (5, 8, 4)

P⃗Q× P⃗R =

∣∣∣∣∣∣
î ĵ k̂
4 −2 2
5 8 4

∣∣∣∣∣∣ = (−8− 16)̂i− (16− 10)ĵ + (32 + 10)k̂ = −24̂i− 6ĵ + 42k̂

|P⃗Q× P⃗R| =
√
242 + 62 + 422 =

√
576 + 36 + 1764 =

√
2376 = 6

√
66 = 2

√
594.

Area of △PQR = 1
2 × 2

√
594 =

√
594

Square of area = 594

� Quick Tip

The image of a point in a plane can be found using the fact that the midpoint of
the line segment joining the point and its image lies on the plane, and the line
segment is perpendicular to the plane. The area of a triangle with given vertices
can be calculated using the cross product of two of its sides.

Question 28: A circle passing through the point P(α, β) in the first quadrant
touches the two coordinate axes at the points A and B. The point P is above
the line AB. The point Q on the line segment AB is the foot of perpendicular
from P on AB. If PQ is equal to 11 units, then value of αβ is .

Correct Answer: 121

Solution:

Let the equation of the circle be:

(x− a)2 + (y − a)2 = a2

The circle passes through the point P (α, β):

(α− a)2 + (β − a)2 = a2

Expanding and simplifying:

α2 + β2 − 2aα− 2aβ + a2 = a2
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α2 + β2 − 2aα− 2aβ = 0

The equation of line AB:
x+ y = a

Let Q(α′, β′) be the foot of the perpendicular from P (α, β) onto AB.
The coordinates of Q are determined by:

α′ − α

1
=

β′ − β

1
=

−(α + β − a)

2

Distance PQ2:
PQ2 = (α′ − α)2 + (β′ − β)2

=
1

4
(α + β − a)2 +

1

4
(α + β − a)2

=
1

2
(α + β − a)2

Using the condition:
PQ2 = 121

1

2
(α + β − a)2 = 121

(α + β − a)2 = 242

Expanding and substituting:

242 = α2 + β2 − 2aα− 2aβ + a2 + 2αβ

242 = 2αβ

αβ = 121

� Quick Tip

The equation of a circle tangent to both axes in the first quadrant is (x − a)2 +
(y − a)2 = a2. The distance from a point to a line can be used to relate the given
information.

Question 29: The coefficient of x18 in the expansion of
(
x4 − 1

x3

)15
is .

Correct Answer: 5005
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Solution:
The general term in the binomial expansion of (a+ b)n is given by Tr+1 =

(n
r

)
an−rbr. In

the expansion of
(
x4 − 1

x3

)15
, the (r + 1)th term is given by:

Tr+1 =

(
15

r

)
(x4)15−r

(
− 1

x3

)r

=

(
15

r

)
x60−4r(−1)rx−3r =

(
15

r

)
(−1)rx60−7r.

We are looking for the coefficient of x18. Therefore, we need to find r such that 60−7r =
18.

60− 7r = 18 ⇒ 7r = 42 ⇒ r = 6.

So, the term with x18 is

T6+1 = T7 =

(
15

6

)
(−1)6x18 =

(
15

6

)
x18.

The coefficient of x18 is
(15
6

)
= 15!

6!9! = 5005.

� Quick Tip

The general term in the binomial expansion of (a + b)n is Tr+1 =
(n
r

)
an−rbr.

To find the coefficient of a specific power of x, equate the exponent of x in the
general term to the desired power and solve for r.

Question 30: Let A = {1, 2, 3, 4, . . . , 10} and B = {0, 1, 2, 3, 4}. The number of
elements in the relation R = {(a, b) ∈ A×A : 2(a− b)2+3(a− b) ∈ B} is .

Correct Answer: 18

Solution:
Given A = {1, 2, 3, . . . , 10} and B = {0, 1, 2, 3, 4}. The relation R is defined as R =
{(a, b) ∈ A× A : 2(a− b)2 + 3(a− b) ∈ B}.

Let a−b = k. Then 2k2+3k ∈ B. Since a, b ∈ A, a−b can take integer values from -9 to 9.

We need to find the number of pairs (a, b) such that 2(a− b)2 + 3(a− b) ∈ {0, 1, 2, 3, 4}.

Let a− b = k. Then we have 2k2 + 3k ∈ B. This means 0 ≤ 2k2 + 3k ≤ 4.

Since a, b ∈ {1, 2, ..., 10}, we have −9 ≤ k ≤ 9. If k = 0, 2(0) + 3(0) = 0 ∈ B. This cor-
responds to a = b. Since there are 10 possible values for a, there are 10 such ordered pairs.
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If k = −2, 2(4) + 3(−2) = 8 − 6 = 2 ∈ B. Then a = b − 2. Since 1 ≤ a ≤ 10 and
1 ≤ b ≤ 10, we have 1 ≤ b− 2 ≤ 10 ⇒ 3 ≤ b ≤ 12. Since b ≤ 10, we consider 3 ≤ b ≤ 10,
which gives 8 possible values.

Thus, there are 8 such ordered pairs.
If k = −1, 2(−1)2 + 3(−1) = 2− 3 = −1 which is not in B.

If k = 1, 2(1)2 + 3(1) = 2 + 3 = 5 which is not in B.

So we have two cases: a = b and a = b− 2.

When a = b, there are 10 pairs: (1,1), (2,2), ..., (10,10).

When a = b− 2, there are 8 pairs: (1,3), (2,4), (3,5), ..., (8,10).

Therefore, the total number of elements in R is 10 + 8 = 18.

� Quick Tip

When determining the number of elements in a relation, consider the conditions
that define the relation and systematically find the pairs of elements that satisfy
these conditions. Substitutions can simplify the conditions and make it easier to
analyze.

Physics

Section A

Question 31: The kinetic energy of an electron, an α-particle, and a proton are
given as 4K, 2K, and K respectively. The de-Broglie wavelength associated
with electron (λe), α-particle (λα), and the proton (λp) are as follows:
(1) λα > λp > λe
(2) λα = λp > λe
(3) λα = λp < λe
(4) λα < λp < λe

Correct Answer: (4) λα < λp < λe

Solution:
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Step 1: De Broglie Wavelength Formula
The de Broglie wavelength is given by:

λ =
h

p

where λ is the wavelength, h is Planck’s constant, and p is the momentum.
Step 2: Relate Momentum and Kinetic Energy
The momentum is related to kinetic energy (KE) by:

p =
√
2mKE

where m is the mass and KE is the kinetic energy.
Step 3: Combine Equations
Substituting the expression for momentum into the de Broglie wavelength equation:

λ =
h√

2mKE

Step 4: Calculate Wavelengths for Electron, Proton, and Alpha Particle
For the electron (me, KEe = 4K):

λe =
h√

2me(4K)
=

h

2
√
2meK

For the proton (mp, KEp = K):

λp =
h√

2mpK

For the alpha particle (mα = 4mp, KEα = 2K):

λα =
h√

2(4mp)(2K)
=

h√
16mpK

=
h

4
√
mpK

Step 5: Compare Wavelengths
Comparing the expressions for λe, λp, and λα: We observe that the denominator of λe
is smaller than the denominator of λp which is smaller than the denominator of λα.
Since the numerator (h) is the same for all three, a smaller denominator implies a larger
wavelength. Therefore: λα < λp < λe

Conclusion: The correct order of wavelengths is λα < λp < λe (Option 4).

� Quick Tip

Remember the de Broglie wavelength formula and its relationship with momen-
tum and kinetic energy. Consider the relative masses and kinetic energies when
comparing wavelengths.
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Question 32: Given below are two statements: one is labelled as Assertion A
and the other is labelled as Reason R.
Assertion A: Earth has atmosphere whereas moon doesn’t have any atmosphere.
Reason R: The escape velocity on moon is very small as compared to that on earth.
In the light of the above statements, choose the correct answer from the
options given below:
(1) Both A and R are correct and R is the correct explanation of A
(2) A is false but R is true
(3) Both A and R are correct but R is NOT the correct explanation of A
(4) A is true but R is false

Correct Answer: (1) Both A and R are correct and R is the correct explanation of A
Solution:

Step 1: Understand the Concepts
The escape velocity (Vesc) is the minimum speed required for an object to escape the
gravitational pull of a planet or celestial body. The formula for escape velocity is given
by:

Vesc =

√
2GM

r
=
√

2gr

where:

• G is the gravitational constant.

• M is the mass of the planet.

• r is the radius of the planet.

• g is the acceleration due to gravity.

Step 2: Analyze the Assertion and Reason
Assertion A is correct. Earth has an atmosphere, while the moon does not. Reason R
states that the escape velocity on the moon is lower than on Earth.
Step 3: Determine the Relationship
The escape velocity depends on the mass and radius of the planet. The moon has a
smaller mass and a smaller radius than Earth. This leads to a smaller escape velocity on
the moon. This lower escape velocity is the reason why the moon has no atmosphere.
Lighter particles, like the gases in an atmosphere, can reach escape velocity easier than
heavier particles and thus, the moon loses those lighter gases faster than Earth does.
Step 4: Determine the Correct Option
Both Assertion A and Reason R are correct, and Reason R is the correct explanation of
Assertion A.

Conclusion: The correct option is (1).
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� Quick Tip

Escape velocity is crucial for determining whether a celestial body can retain an
atmosphere. A lower escape velocity means a smaller ability to hold onto lighter
gases.

Question 33: A source supplies heat to a system at the rate of 1000 W. If the
system performs work at a rate of 200 W. The rate at which internal energy
of the system increase is
(1) 500 W
(2) 600 W
(3) 800 W
(4) 1200 W

Correct Answer: (3) 800 W

Solution:

Step 1: First Law of Thermodynamics
The first law of thermodynamics states that the change in internal energy of a system
(∆U) is equal to the heat added to the system (Q) minus the work done by the system
(W ):

∆U = Q−W

Step 2: Rate of Change
The problem gives rates of heat transfer and work done. We can express the first law in
terms of rates:

dU

dt
=

dQ

dt
− dW

dt

where dU
dt is the rate of change of internal energy, dQ

dt is the rate of heat transfer to the

system, and dW
dt is the rate of work done by the system.

Step 3: Substitute Given Values
The rate of heat transfer to the system is 1000 W, so dQ

dt = 1000 W. The system performs

work at a rate of 200 W, so dW
dt = 200 W. Substituting these values into the equation:

dU

dt
= 1000W− 200W

Step 4: Calculate Rate of Internal Energy Increase

dU

dt
= 800W
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Conclusion: The rate at which the internal energy of the system increases is 800 W
(Option 3).

� Quick Tip

Remember the First Law of Thermodynamics and pay attention to the sign con-
ventions for heat and work. Heat added to the system is positive, and work done
by the system is positive. Thus, work done *on* the system would be negative.

Question 34: A small ball of mass M and density ρ is dropped in a viscous
liquid of density ρo. After some time, the ball falls with a constant velocity.
What is the viscous force on the ball?
(1) F = Mg(1 + ρo

ρ )

(2) F = Mg(1 + ρ
ρo
)

(3) F = Mg(1− ρo
ρ )

(4) F = Mg(1 + ρρo)

Correct Answer: (3) F = Mg(1− ρo
ρ )

Solution:

Step 1: Forces Acting on the Ball
When the ball falls with a constant velocity (terminal velocity), the net force on the ball
is zero. This means the downward forces are balanced by the upward forces. The forces
acting on the ball are:

• Weight (Mg) acting downwards

• Buoyant force (B) acting upwards

• Viscous force (f) acting upwards

Step 2: Equation of Motion
Since the net force is zero, we can write:

Mg = f +B

Step 3: Buoyant Force
The buoyant force is equal to the weight of the liquid displaced by the ball. The volume
of the ball can be expressed as Vball =

M
ρ , where M is the mass and ρ is the density of

the ball. Thus, the buoyant force is:

B = Vballρog =
M

ρ
ρog

where ρo is the density of the liquid.
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Step 4: Solve for Viscous Force
Substituting the expression for the buoyant force into the equation of motion:

Mg = f +
M

ρ
ρog

f = Mg − M

ρ
ρog

f = Mg(1− ρo
ρ
)

Conclusion: The viscous force on the ball is F = Mg(1− ρo
ρ ) (Option 3).

� Quick Tip

At terminal velocity, the net force is zero. Remember to consider all forces acting
on the object, including weight, buoyant force, and viscous force. Also, recall the
relationship between mass, volume and density: ρ = M

V .

Question 35: A small block of mass 100 g is tied to a spring of spring constant
7.5 N/m and length 20 cm. The other end of spring is fixed at a particular
point A. If the block moves in a circular path on a smooth horizontal surface
with constant angular velocity 5 rad/s about point A, then tension in the
spring is –
(1) 0.75 N
(2) 1.5 N
(3) 0.25 N
(4) 0.50 N

Correct Answer: (1) 0.75 N

Solution:

Step 1: Centripetal Force
The block moves in a circular path due to the tension in the spring. This tension provides
the necessary centripetal force for circular motion. The centripetal force is given by:

Fc = mω2r

where m is the mass, ω is the angular velocity, and r is the radius of the circular path.
Step 2: Spring Force
The tension in the spring is given by Hooke’s Law:

T = kx
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where k is the spring constant and x is the extension of the spring.
Step 3: Relate Centripetal Force and Spring Force
The radius of the circular path is the original length of the spring (l) plus the extension
(x): r = l + x. The tension in the spring provides the centripetal force, so:

kx = mω2(l + x)

Step 4: Substitute Given Values and Solve for x
Given: m = 100 g = 0.1 kg, k = 7.5N/m, l = 20 cm = 0.2m, and ω = 5 rad/s. Substitut-
ing these values:

7.5x = 0.1× (5)2 × (0.2 + x)

7.5x = 0.1× 25× (0.2 + x)

7.5x = 2.5(0.2 + x)

7.5x = 0.5 + 2.5x

5x = 0.5

x = 0.1m

Step 5: Calculate Tension
Now that we know the extension x, we can calculate the tension in the spring:

T = kx = 7.5× 0.1 = 0.75N

Conclusion: The tension in the spring is 0.75 N (Option 1).

� Quick Tip

In circular motion problems involving springs, remember that the tension in the
spring provides the centripetal force. The radius of the circular path is the sum
of the spring’s original length and its extension.

Question 36: A particle is moving with constant speed in a circular path.
When the particle turns by an angle 90◦, the ratio of instantaneous velocity
to its average velocity is π : x

√
2. The value of x will be -

(1) 7
(2) 2
(3) 1
(4) 5

Correct Answer: (2) 2

Solution:
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Step 1: Instantaneous Velocity
Let v be the constant speed of the particle. The instantaneous velocity at any point on
the circular path is tangential to the path and has magnitude v.

Step 2: Time for 90° Turn
The particle turns by an angle of 90◦ = π

2 radians. Let R be the radius of the cir-
cular path. The distance traveled by the particle is one-quarter of the circumference:
s = 1

4(2πR) = πR
2 . Since the speed is constant, the time taken is t = s

v = πR
2v .

Step 3: Displacement
When the particle turns by 90◦, the displacement is the chord connecting the initial and
final positions. Since it’s a 90◦ turn, this forms a right-angled triangle with two sides
equal to the radius R. Using the Pythagorean theorem, the displacement magnitude is
d =

√
R2 +R2 = R

√
2.

Step 4: Average Velocity
The average velocity is the displacement divided by the time taken:

vavg =
d

t
=

R
√
2

πR
2v

=
2v
√
2

π

Step 5: Ratio of Instantaneous to Average Velocity
The ratio of the instantaneous velocity to the average velocity is:

v

vavg
=

v

2v
√
2

π

=
πv

2v
√
2
=

π

2
√
2

Given that this ratio is π : x
√
2, we can write:

π

2
√
2
=

π

x
√
2

Therefore, x = 2.

Conclusion: The value of x is 2 (Option 2).

� Quick Tip

Remember that instantaneous velocity is a vector quantity, tangential to the path
in circular motion. Average velocity is displacement divided by time. Displace-
ment is the straight-line distance between the initial and final positions, not the
distance traveled along the curved path.

Question 37: Two resistances are given as R1 = (10±0.5)Ω and R2 = (15±0.5)Ω.
The percentage error in the measurement of equivalent resistance when they
are connected in parallel is -
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(1) 2.33
(2) 4.33
(3) 5.33
(4) 6.33

Correct Answer: (2) 4.33

Solution:

Step 1: Equivalent Resistance in Parallel
The formula for equivalent resistance (Req) when two resistors are connected in parallel
is:

1

Req
=

1

R1
+

1

R2

Substituting the given values of R1 = 10Ω and R2 = 15Ω:

1

Req
=

1

10
+

1

15
=

3 + 2

30
=

5

30
=

1

6

Therefore, Req = 6Ω.
Step 2: Error Propagation in Parallel Combination
The formula for error propagation in parallel combination is:

dReq

R2
eq

=
dR1

R2
1

+
dR2

R2
2

Given dR1 = 0.5Ω and dR2 = 0.5Ω, we can substitute the values:

dReq

62
=

0.5

102
+

0.5

152

dReq

36
=

0.5

100
+

0.5

225

dReq

36
= 0.5

(
1

100
+

1

225

)
= 0.5

(
9 + 4

900

)
= 0.5× 13

900
=

13

1800

dReq = 36× 13

1800
=

2× 13

100
=

26

100
= 0.26Ω

Step 3: Percentage Error
The percentage error is calculated as:

Percentage Error =
dReq

Req
× 100

Substituting the calculated values:

Percentage Error =
0.26

6
× 100 =

26

6
= 4.33%
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Conclusion: The percentage error in the measurement of equivalent resistance is 4.33%
(Option 2).

� Quick Tip

Remember the formula for equivalent resistance and the error propagation for-
mula for parallel combinations. Be careful with the calculations, especially when
dealing with fractions and squares.

Question 38: For a uniformly charged thin spherical shell, the electric poten-
tial (V) radially away from the entire (O) of shell can be graphically repre-
sented as –

(1)

(2)

(3)
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(4)

Correct Answer: (4)

Solution:

Step 1: Electric Potential Inside the Shell
For a uniformly charged thin spherical shell of radius R and total charge Q, the electric
potential inside the shell (r ¡ R) is constant and equal to the potential at the surface:

V =
kQ

R

where k is Coulomb’s constant. This means the potential does *not* change as you move
from the center towards the surface.
Step 2: Electric Potential Outside the Shell
For points outside the shell (r ¿ R), the electric potential is the same as that of a point
charge located at the center of the shell:

V =
kQ

r

The potential decreases as the distance r increases, following an inverse relationship.
Step 3: Graphical Representation
Based on the above analysis:

• For r < R (inside the shell), V is constant.

• For r > R (outside the shell), V decreases with increasing r as 1
r .

This corresponds to a graph that is constant for r < R and then decreases hyperbolically
for r > R.

Conclusion: The correct graphical representation is Option (4).
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� Quick Tip

Remember the expressions for the electric potential due to a uniformly charged
spherical shell, both inside and outside the shell. Visualize how the potential
changes with distance. Inside the shell, the potential is constant. Outside the
shell, the potential decreases as 1

r .

Question 39: A long straight wire of circular cross-section (radius a) is car-
rying steady current I. The current I is uniformly distributed across this
cross-section. The magnetic field is

(1) zero in the region r < a and inversely proportional to r in the region r > a
(2) inversely proportional to r in the region r < a and uniform throughout in
the region r > a
(3) directly proportional to r in the region r < a and inversely proportional
to r in the region r > a
(4) uniform in the region r < a and inversely proportional to distance r from
the axis, in the region r > a

Correct Answer: (3) directly proportional to r in the region r < a and inversely
proportional to r in the region r > a

Solution:

Step 1: Ampere’s Circuital Law
We can use Ampere’s circuital law to find the magnetic field due to a long straight wire.
Ampere’s law states: ∮

B⃗ · d⃗l = µ0Ienc

where B⃗ is the magnetic field, d⃗l is an infinitesimal element of the Amperian loop, µ0 is
the permeability of free space, and Ienc is the current enclosed by the Amperian loop.
Step 2: Magnetic Field Inside the Wire (r ≤ a)
Consider an Amperian loop of radius r inside the wire (r ≤ a). The current enclosed by
this loop is proportional to the area enclosed:

Ienc = I
πr2

πa2
=

Ir2

a2

Using Ampere’s law:

B(2πr) = µ0
Ir2

a2

B =
µ0Ir

2πa2
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Thus, the magnetic field inside the wire is directly proportional to r.
Step 3: Magnetic Field Outside the Wire (r ¿ a)
Consider an Amperian loop of radius r outside the wire (r > a). The current enclosed
by this loop is the total current I. Using Ampere’s law:

B(2πr) = µ0I

B =
µ0I

2πr
Thus, the magnetic field outside the wire is inversely proportional to r.

Conclusion: The magnetic field is directly proportional to r in the region r < a and
inversely proportional to r in the region r > a (Option 3).

� Quick Tip

For problems involving the magnetic field due to current distributions, Ampere’s
circuital law is a powerful tool. Carefully consider the symmetry of the problem
and choose an appropriate Amperian loop.

Question 40: By what percentage will the transmission range of a TV tower
be affected when the height of the tower is increased by 21%?
(1) 12%
(2) 15%
(3) 14%
(4) 10%

Correct Answer: (4) 10%

Solution:

Step 1: Transmission Range Formula
The transmission range (d) of a TV tower is given by:

d =
√
2Rh

where R is the radius of the Earth and h is the height of the tower.
Step 2: New Height
If the height is increased by 21%, the new height (h′) is:

h′ = h+ 0.21h = 1.21h

Step 3: New Transmission Range
The new transmission range (d′) is:

d′ =
√
2Rh′ =

√
2R(1.21h) =

√
1.21

√
2Rh = 1.1

√
2Rh
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Step 4: Percentage Increase
Since d =

√
2Rh, the new range is:

d′ = 1.1d

The percentage increase in the transmission range is:

d′ − d

d
× 100 =

1.1d− d

d
× 100 = 0.1× 100 = 10%

Conclusion: The transmission range increases by 10% (Option 4).

� Quick Tip

Remember the formula for transmission range and how to calculate percentage
increase. Be careful to distinguish between the original height and the increased
height.

Question 41: The number of air molecules per cm3 increased from 3× 1019 to
12×1019. The ratio of collision frequency of air molecules before and after the
increase in the number respectively is :
(1) 0.25
(2) 0.75
(3) 1.25
(4) 0.50

Correct Answer: (1) 0.25

Solution:

Step 1: Collision Frequency Formula
The collision frequency (Z) is given by:

Z = nπd2vavg

where n is the number of molecules per unit volume, d is the diameter of the molecules,
and vavg is the average speed.
Step 2: Ratio of Collision Frequencies
Let Z1 and Z2 be the collision frequencies before and after the increase in the number of
molecules, respectively. Let n1 and n2 be the corresponding number densities. Since the
diameter and average speed of the molecules remain constant, we can write:

Z1

Z2
=

n1πd
2vavg

n2πd2vavg
=

n1
n2

46



April 6 2023, Shift 1

Step 3: Substitute Given Values
Given n1 = 3× 1019 and n2 = 12× 1019:

Z1

Z2
=

3× 1019

12× 1019
=

3

12
=

1

4
= 0.25

Conclusion: The ratio of collision frequencies before and after the increase is 0.25
(Option 1).

� Quick Tip

Remember the formula for collision frequency and how it depends on the number
density. When taking ratios, identify which quantities remain constant.

Question 42: The energy levels of an hydrogen atom are shown below. The
transition corresponding to emission of shortest wavelength is
(1) A
(2) D
(3) C
(4) B

Correct Answer: (2) D

Solution:

Step 1: Energy and Wavelength Relationship
The energy of a photon emitted during a transition is related to its wavelength by:

E =
hc

λ

where h is Planck’s constant, c is the speed of light, and λ is the wavelength.
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Step 2: Shortest Wavelength Condition
From the equation above, we can see that for the shortest wavelength (λmin), the energy
(E) must be maximum.
Step 3: Energy Difference and Transition
The energy of a photon emitted during a transition is equal to the difference in energy
levels:

E = Einitial − Efinal

The largest energy difference corresponds to the shortest wavelength. In the given dia-
gram:

• Transition A: n = 4 to n = 3

• Transition B: n = 4 to n = 2

• Transition C: n = 3 to n = 1

• Transition D: n = 3 to n = 1

The energy levels in a hydrogen atom are given by:

En = −13.6 eV

n2

We can see that transitions C and D are identical in the provided image and diagram,
which is likely an error in the original question. Assuming D is meant to be the transition
from n = 3 to n = 1, D represents the largest energy difference, followed by C (which is
the same as D, again suggesting an error), then B, and finally A.

Conclusion: The transition corresponding to the emission of the shortest wavelength is
D (assuming it is intended to represent the transition from n = 3 to n = 1) (Option 2).

� Quick Tip

Remember the relationship between energy and wavelength. Shortest wavelength
corresponds to highest energy. In a hydrogen atom, energy levels are inversely
proportional to the square of the principal quantum number (n). Larger transi-
tions in n correspond to higher energy differences.

Question 43: For the plane electromagnetic wave given by E = E0 sin (ωt− kx)
and B = B0 sin (ωt− kx), the ratio of average electric energy density to average
magnetic energy density is
(1) 2
(2) 1/2
(3) 1
(4) 4
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Correct Answer: (3) 1

Solution:

Step 1: Energy Densities
The average electric energy density (uE) and average magnetic energy density (uB) are
given by:

uE =
1

4
ϵ0E

2
0

uB =
1

4µ0
B2
0

where ϵ0 is the permittivity of free space and µ0 is the permeability of free space.
Step 2: Relationship between E and B
For an electromagnetic wave, the electric and magnetic field amplitudes are related by:

E0 = cB0

where c is the speed of light. Also, c = 1√
µ0ϵ0

.

Step 3: Ratio of Energy Densities
Substituting E0 = cB0 into the expression for uE :

uE =
1

4
ϵ0(cB0)

2 =
1

4
ϵ0c

2B2
0 =

1

4
ϵ0

1

µ0ϵ0
B2
0 =

1

4µ0
B2
0

Therefore, uE = uB. The ratio of average electric energy density to average magnetic
energy density is:

uE
uB

= 1

Conclusion: The ratio of average electric energy density to average magnetic energy
density is 1 (Option 3).

� Quick Tip

Remember the formulas for average electric and magnetic energy densities in an
electromagnetic wave. The electric and magnetic fields are related by the speed
of light, and the energy is equally distributed between the electric and magnetic
fields.

Question 44: A planet has double the mass of the earth. Its average density
is equal to that of the earth. An object weighing W on earth will weigh on
that planet:
(1) 21/3 W
(2) 2 W
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(3) W
(4) 22/3 W

Correct Answer: (1) 21/3W

Solution:

Step 1: Relationship between Mass, Density, and Radius
Let Me, Re, and ρe be the mass, radius, and average density of Earth, respectively. Let
Mp, Rp, and ρp be the mass, radius, and average density of the planet, respectively. Given
that Mp = 2Me and ρp = ρe. Density is defined as mass divided by volume: ρ = M

V .
Assuming spherical shapes, V = 4

3πR
3. Thus:

ρe =
Me

4
3πR

3
e

and ρp =
Mp

4
3πR

3
p

Since ρe = ρp:
Me

R3
e
=

Mp

R3
p

Me

R3
e
=

2Me

R3
p

R3
p = 2R3

e =⇒ Rp = 21/3Re

Step 2: Relationship between Weight and Gravitational Acceleration
Weight (W ) is given by W = mg, where m is the mass of the object and g is the
acceleration due to gravity.
Step 3: Gravitational Acceleration
The acceleration due to gravity (g) is given by:

g =
GM

R2

where G is the gravitational constant, M is the mass of the planet, and R is the radius.
Let ge and gp be the acceleration due to gravity on Earth and the planet, respectively.

ge
gp

=
Me/R

2
e

Mp/R2
p
=

Me

R2
e
×

R2
p

Mp
=

Me

R2
e
× (21/3Re)

2

2Me
=

22/3

2
= 2−1/3

gp = 21/3ge

Step 4: Weight on the Planet
Since the mass of the object remains constant, the weight on the planet (Wp) is:

Wp = mgp = m(21/3ge) = 21/3(mge) = 21/3W

Conclusion: The object will weigh 21/3W on the planet (Option 1).
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� Quick Tip

Remember the relationship between mass, density, and volume (especially for
spheres). Weight is the product of mass and gravitational acceleration, which
depends on the mass and radius of the planet.

Question 45: The resistivity (ρ) of semiconductor varies with temperature.
Which of the following curve represents the correct behavior

(1)

(2)

(3)

(4)
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Correct Answer: (3)

Solution:

Step 1: Semiconductor Conductivity and Temperature
Semiconductors have a unique property: their conductivity increases with increasing
temperature. This is opposite to the behavior of metals, whose conductivity decreases
with increasing temperature.
Step 2: Resistivity and Conductivity
Resistivity (ρ) is the inverse of conductivity (σ). Therefore, if conductivity increases,
resistivity decreases.
Step 3: Resistivity and Temperature for Semiconductors
Since the conductivity of a semiconductor increases with temperature, its resistivity de-
creases with temperature. This decrease is typically non-linear, often exhibiting an ex-
ponential decay-like behavior. The resistivity of a semiconductor can be approximated
by:

ρ =
m

ne2τ

where n is the number density of charge carriers, e is the elementary charge, τ is the
relaxation time (mean free time between collisions), and m is the effective mass of charge
carriers. As temperature increases, n (charge carrier density) increases significantly due
to thermal generation of electron-hole pairs. Although τ (relaxation time) decreases with
temperature due to increased lattice vibrations, the increase in n dominates, leading to
an overall decrease in resistivity.

Conclusion: The correct graph representing the variation of resistivity of a semiconduc-
tor with temperature is an exponentially decreasing curve (Option 3).

� Quick Tip

Remember that semiconductors have the opposite temperature dependence of
resistivity compared to metals. As temperature increases, the conductivity of a
semiconductor increases, and therefore, its resistivity decreases.

Question 46: A monochromatic light wave with wavelength λ1 and frequency
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ν1, in air, enters another medium. If the angle of incidence and angle of
refraction at the interface are 45° and 30° respectively, then the wavelength
λ2 and frequency ν2 of the refracted wave are:
(1) λ2 =

1√
2
λ1, ν2 = ν1

(2) λ2 = λ1, λ2 =
1√
2
ν1

(3) λ2 = λ1, ν2 =
√
2ν1

(4) λ2 =
√
2λ1, ν2 = ν1

Correct Answer: (1) λ2 =
1√
2
λ1, ν2 = ν1

Solution:

Step 1: Snell’s Law
Snell’s law relates the angles of incidence and refraction to the refractive indices of the
two media:

n1 sin θ1 = n2 sin θ2

Here, n1 = 1 (air), θ1 = 45◦, θ2 = 30◦. Let n2 = µ (refractive index of the second
medium).

1× sin 45◦ = µ sin 30◦

1√
2
= µ× 1

2

µ =
√
2

Step 2: Refractive Index and Wavelength
The refractive index of a medium is related to the speed of light in the medium (v) and
the speed of light in vacuum (c) by:

µ =
c

v

Also, the speed of light in a medium is related to its wavelength (λ) and frequency (ν)
by v = λν. Therefore:

µ =
c

v
=

λ1ν1
λ2ν2

µ1
µ2

=
λ1
λ2

=
v2
v1

Step 3: Calculate λ2
Since µ1 = 1 (air) and µ2 = µ =

√
2:

1√
2
=

λ1
λ2

λ2 =
√
2λ1

However, the provided solution states λ2 = 1√
2
λ1. There appears to be an error in how

the refractive indices and wavelengths have been related. Given Snell’s law result of
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µ =
√
2, and the correct relation µ = λ1

λ2
, the wavelength in the second medium should

be smaller than the wavelength in air. Hence, the correct result should be λ2 =
1√
2
λ1.

Step 4: Frequency
The frequency of light remains constant when it passes from one medium to another.
Therefore, ν2 = ν1.

Conclusion: λ2 =
1√
2
λ1 and ν2 = ν1 (Option 1).

� Quick Tip

Remember Snell’s Law and the relationship between refractive index, wavelength,
and frequency. The frequency of light remains constant when it changes medium,
while the wavelength and speed change.

Question 47: A mass m is attached to two strings as shown in figure. The
spring constants of two springs are K1 and K2. For the frictionless surface,
the time period of oscillation of mass m is

(1) 2π
√

m
K1−K2

(2) 1
2π

√
K1−K2

m

(3) 1
2π

√
K1+K2

m

(4) 2π
√

m
K1+K2

Correct Answer: (4) 2π
√

m
K1+K2

Solution:

Step 1: Springs in Parallel
The two springs are connected in parallel, meaning that they experience the same dis-
placement when the mass oscillates.
Step 2: Equivalent Spring Constant
For springs in parallel, the equivalent spring constant (Keq) is the sum of the individual
spring constants:

Keq = K1 +K2

Step 3: Time Period of Oscillation
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The time period (T ) of oscillation for a mass-spring system is given by:

T = 2π

√
m

K

where m is the mass and K is the spring constant. In this case, we use the equivalent
spring constant:

T = 2π

√
m

Keq
= 2π

√
m

K1 +K2

Conclusion: The time period of oscillation of mass m is 2π
√

m
K1+K2

(Option 4).

� Quick Tip

When dealing with multiple springs, determine whether they are in series or par-
allel. For parallel springs, the equivalent spring constant is the sum of the indi-
vidual spring constants. Remember the formula for the time period of a mass-
spring system.

Question 48: Name the logic gate equivalent to the diagram attached

(1) NOR
(2) OR
(3) NAND
(4) AND

Correct Answer: (1) NOR

Solution:

55



April 6 2023, Shift 1

Step 1: Analyze the Circuit
The circuit shows two NPN transistors connected in parallel, with their collectors joined
and connected to the LED and resistor. The bases of the transistors are the inputs A
and B.

Step 2: Transistor Behavior
An NPN transistor acts as a closed switch (conducts) when a high voltage (1) is applied
to its base. It acts as an open switch (doesn’t conduct) when a low voltage (0) is applied
to its base.

Step 3: LED Condition
The LED glows (output Y = 1) only when the current flows through it. This happens
when the transistors are OFF (not conducting), pulling the collector voltage high.

Step 4: Truth Table

A B Y

0 0 1
1 0 0
0 1 0
1 1 0

When both A and B are 0, both transistors are OFF, and the LED glows (Y=1). If either
A or B or both are 1, at least one transistor is ON, pulling the collector voltage low and
turning the LED OFF (Y=0). This truth table represents a NOR gate.

Conclusion: The logic gate equivalent to the given diagram is a NOR gate (Option 1).

� Quick Tip

Analyze the circuit by considering the behavior of each transistor for different
input combinations. Create a truth table to determine the logic function imple-
mented by the circuit.

Question 49: The induced emf can be produced in a coil by
A. moving the coil with uniform speed inside uniform magnetic field
B. moving the coil with non uniform speed inside uniform magnetic field
C. rotating the coil inside the uniform magnetic field
D. changing the area of the coil inside the uniform magnetic field
Choose the correct answer from the options given below :
(1) B and D only
(2) C and D only
(3) B and C only
(4) A and C only

56



April 6 2023, Shift 1

Correct Answer: (2) C and D only

Solution:

Step 1: Faraday’s Law of Electromagnetic Induction
Faraday’s law states that an emf is induced in a coil when the magnetic flux through the
coil changes with time.
Step 2: Magnetic Flux
Magnetic flux (Φ) is given by:

Φ = B⃗ · A⃗ = BA cos θ

where B⃗ is the magnetic field, A⃗ is the area vector of the coil, and is the angle between
the magnetic field and the area vector.
Step 3: Analyze Options A. Moving with uniform speed: If the coil moves
with uniform speed in a uniform magnetic field, the flux remains constant (assuming
the orientation of the coil relative to the field remains unchanged). Therefore, no emf is
induced.
B. Moving with non-uniform speed: Similar to case A, if the orientation doesn’t
change with respect to the field, a non-uniform speed doesn’t change the flux. Thus no
emf is induced.
C. Rotating the coil: When the coil rotates in a uniform magnetic field, the angle
between the magnetic field and the area vector changes. This changes the magnetic flux,
inducing an emf.
D. Changing the area: Changing the area of the coil directly changes the magnetic
flux, inducing an emf.

Conclusion: An induced emf can be produced by rotating the coil (C) and by changing
the area of the coil (D) (Option 2).

� Quick Tip

Faraday’s Law is key to understanding induced emf. An emf is induced only
when there is a change in magnetic flux through the coil. Flux can change due
to changes in magnetic field strength, area, or the angle between the field and the
area vector.

Question 50: Given below are two statements : one is labelled as Assertion A
and the other is labelled as Reason R.
Assertion A : When a body is projected at an angle 45°, it’s range is maximum.
Reason R : For maximum range, the value of sin 2θ should be equal to one.
In the light of the above statements, choose the correct answer from the
options given below :
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(1) Both A and R are correct but R is NOT the correct explanation of A
(2) A is false but R is true
(3) Both A and R are correct and R is the correct explanation of A
(4) A is true but R is false

Correct Answer: (3) Both A and R are correct and R is the correct explana-
tion of A

Solution:

Step 1: Horizontal Range Formula
For a ground-to-ground projectile, the horizontal range (R) is given by:

R =
u2 sin 2θ

g

where u is the initial velocity, θ is the angle of projection, and g is the acceleration due
to gravity.
Step 2: Maximum Range Condition
For a given initial velocity (u), the range (R) is maximum when sin 2θ is maximum. The
maximum value of sin 2θ is 1.
Step 3: Angle for Maximum Range
Since the maximum value of sin 2θ is 1, we have:

sin 2θ = 1

2θ =
π

2

θ =
π

4
radians = 45◦

Step 4: Analyze Assertion and Reason
Assertion A states that the range is maximum when the projection angle is 45°. This is
correct, as shown in Step 3.
Reason R states that for maximum range, sin 2θ should be equal to one. This is also
correct, as shown in Step 2.
Furthermore, Reason R explains Assertion A because the maximum value of sin 2θ (which
is 1) occurs when θ = 45◦, leading to the maximum range.

Conclusion: Both Assertion A and Reason R are correct, and Reason R is the correct
explanation of Assertion A (Option 3).

� Quick Tip

Remember the formula for horizontal range and the condition for maximum
range. The maximum value of the sine function is 1. Also, remember the rela-
tionship between radians and degrees: π radians = 180◦.
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Section B

Question 51: Two identical circular wires of radius 20 cm and carrying current√
2 A are placed in perpendicular planes as shown in figure. The net magnetic

field at the centre of the circular wires is × 10−8 T.

Correct Answer: (628)

Solution:

Step 1: Magnetic Field due to a Circular Loop
The magnetic field at the center of a circular loop of radius r carrying current i is given
by:

B =
µ0i

2r

where µ0 = 4π × 10−7 T m/A is the permeability of free space.
Step 2: Magnetic Field due to Each Loop
The two loops are identical, with radius r = 20 cm = 0.2 m and current i =

√
2 A. The

magnetic field due to each loop at the center has a magnitude of:

B =
µ0i

2r
=

(4π × 10−7)(
√
2)

2(0.2)

Step 3: Net Magnetic Field
Since the loops are in perpendicular planes, their magnetic fields at the center are per-
pendicular to each other. Let the magnetic field due to one loop be along the x-axis
and the magnetic field due to the other loop be along the y-axis. The net magnetic field
(B⃗net) is the vector sum of the individual fields:

B⃗net =
µ0i

2r
î+

µ0i

2r
ĵ

The magnitude of the net magnetic field is:

Bnet =

√(
µ0i

2r

)2

+

(
µ0i

2r

)2

=
√
2

(
µ0i

2r

)
=

µ0i
√
2

2r

59



April 6 2023, Shift 1

Bnet =
(4π × 10−7)(

√
2)(

√
2)

2(0.2)
=

4π × 10−7 × 2

0.4
= 2π × 10−6T

Using π = 3.14:

Bnet = 2× 3.14× 10−6 = 6.28× 10−6 = 628× 10−8T

Conclusion: The net magnetic field at the center is 628× 10−8 T.

� Quick Tip

Remember the formula for the magnetic field at the center of a circular loop.
When dealing with multiple magnetic fields, consider their vector nature. If the
fields are perpendicular, use the Pythagorean theorem to find the magnitude of
the net field.

Question 52: A steel rod has a radius of 20 mm and a length of 2.0 m. A force
of 62.8 kN stretches it along its length. Young’s modulus of steel is 2.0× 1011

N/m2. The longitudinal strain produced in the wire is × 10−5.

Correct Answer: (25)

Solution:

Step 1: Young’s Modulus and Strain
Young’s modulus (Y ) is defined as the ratio of stress to strain:

Y =
stress

strain

Stress is defined as force (F ) per unit area (A), and strain is the change in length (∆L)
divided by the original length (L).

Step 2: Calculate Strain
We are given F = 62.8 kN = 62.8× 103 N, r = 20 mm = 20× 10−3 m, L = 2.0 m, and
Y = 2.0× 1011 N/m2. The cross-sectional area of the rod is A = πr2 = π(20× 10−3)2 =
400π × 10−6 m2.

Strain is given by:

strain =
stress

Y
=

F/A

Y
=

F

AY
strain =

62.8× 103

(400π × 10−6)(2.0× 1011)
=

62.8× 103

800π × 105
=

62.8

800× 3.14
×10−2 ≈ 62.8

2512
×10−2 ≈ 0.025×10−2
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= 25× 10−5

Conclusion: The longitudinal strain produced in the wire is 25× 10−5.

� Quick Tip

Remember the definitions of Young’s modulus, stress, and strain. Ensure consis-
tent units throughout the calculation.

Question 53: The length of a metallic wire is increased by 20% and its area
of cross section is reduced by 4%. The percentage change in resistance of the
metallic wire is .

Correct Answer: (25)

Solution:

Step 1: Resistance Formula
The resistance (R) of a wire is given by:

R =
ρl

A

where ρ is the resistivity, l is the length, and A is the cross-sectional area.
Step 2: New Resistance
The new length is l′ = l + 0.20l = 1.2l. The new area is A′ = A − 0.04A = 0.96A. The
new resistance (R′) is:

R′ =
ρl′

A′ =
ρ(1.2l)

0.96A
=

1.2

0.96

ρl

A
=

1.2

0.96
R = 1.25R

Step 3: Percentage Change in Resistance
The percentage change in resistance is:

R′ −R

R
× 100 =

1.25R−R

R
× 100 = 0.25× 100 = 25%

Conclusion: The percentage change in resistance is a 25% increase.

� Quick Tip

Remember the formula for resistance and how it depends on length and cross-
sectional area. Be mindful of whether the length and area increase or decrease.
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Question 54: The radius of fifth orbit of the Li++ is × 10−12 m.
Take : radius of hydrogen atom = 0.51 Å

Correct Answer: (425)

Solution:

Step 1: Bohr’s Model and Orbital Radius
According to Bohr’s model, the radius of the nth orbit of a hydrogen-like atom is given
by:

rn =
0.51n2

Z
Å

where n is the principal quantum number and Z is the atomic number.
Step 2: Radius of Li++ Fifth Orbit
For Li++, Z = 3 and n = 5. Substituting these values into the formula:

r5 =
0.51× 52

3
Å =

0.51× 25

3
Å = 0.51×25

3
×10−10m = 17×25×10−12m = 425×10−12m

Conclusion: The radius of the fifth orbit of Li++ is 425× 10−12 m.

� Quick Tip

Remember Bohr’s model for the radius of electron orbits in hydrogen-like atoms.
Be careful with unit conversions between angstroms and meters: 1 Å = 10−10 m.

Question 55: A particle of mass 10 g moves in a straight line with retardation
2x, where x is the displacement in SI units. Its loss of kinetic energy for above

displacement is
(
10
x

)−n
J. The value of n will be .

Correct Answer: (2)

Solution:

Step 1: Work-Energy Theorem
The work-energy theorem states that the work done on a particle is equal to the change
in its kinetic energy. In this case, the retardation force is doing negative work, leading to
a loss of kinetic energy.
Step 2: Calculate Work Done
Given a = −2x, where a is acceleration and x is displacement. We can write acceleration
as a = v dv

dx , so:

v
dv

dx
= −2x
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v dv = −2x dx

Integrating both sides: ∫ v2

v1

v dv = −2

∫ x

0
x dx

v22
2

− v21
2

= −x2

1

2
m(v22 − v21) = −mx2

The change in kinetic energy is 1
2mv22 − 1

2mv21 = −mx2. Given m = 10 g = 0.01 kg =
10× 10−3 kg = 10−2 kg.

∆KE = −mx2 = −(10× 10−3)x2 = −10−2x2 = −(10−2x2) J =

(
10

x

)−2

J

Comparing this with the given expression for loss of kinetic energy,
(
10
x

)−n
, we find n = 2.

Conclusion: The value of n is 2.

� Quick Tip

Remember the work-energy theorem. When acceleration is a function of displace-
ment, integrate v dv

dx to find the change in kinetic energy.

Question 56: An ideal transformer with purely resistive load operates at 12
kV on the primary side. It supplies electrical energy to a number of nearby
houses at 120 V. The average rate of energy consumption in the houses served
by the transformer is 60 kW. The value of resistive load (Rs) required in the
secondary circuit will be mΩ.

Correct Answer: (240)

Solution:

Step 1: Transformer Voltage Ratio
The voltage ratio in a transformer is equal to the turns ratio:

Vs
Vp

=
Ns

Np

where Vs and Vp are the secondary and primary voltages, and Ns and Np are the number
of turns in the secondary and primary coils, respectively. Given Vp = 12 kV = 12000V
and Vs = 120V, we have:

120

12000
=

Ns

Np
⇒ Ns

Np
=

1

100
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Step 2: Power Conservation
For an ideal transformer, the input power is equal to the output power:

Pin = Pout

Power is given by P = IV , so:

IpVp = IsVs = 60 kW = 60000W

Step 3: Primary Current
We can calculate the primary current (Ip):

Ip =
60000

Vp
=

60000

12000
= 5A

Step 4: Secondary Current
Similarly, we can calculate the secondary current (Is):

Is =
60000

Vs
=

60000

120
= 500A

Step 5: Secondary Resistance
The secondary resistance (Rs) can be calculated using Ohm’s law:

Rs =
Vs
Is

=
120

500
= 0.24Ω = 240mΩ

Conclusion: The value of the resistive load in the secondary circuit is 240mΩ.

� Quick Tip

Remember that in an ideal transformer, power is conserved, and the voltage ratio
is equal to the turns ratio. Ohm’s law (V = IR) is crucial for calculating resis-
tance.

Question 57: A parallel plate capacitor with plate area A and plate separation
d is filled with a dielectric material of dielectric constant K = 4. The thickness
of the dielectric material is x, where x < d.

Plate-1

Plate-2

Dielectricd
x

Let C1 and C2 be the capacitance of the system for x = 1
3d and x = 2

3d,
respectively. If C1 = 2µF, the value of C2 is µF.

Correct Answer: (3)
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Solution:

Step 1: Capacitance Formula for a Capacitor with a Dielectric Slab
When a dielectric slab of thickness x and dielectric constant K is inserted between the
plates of a capacitor with plate separation d, the system can be considered as two capac-
itors in series: one with the dielectric (Ca) and one with air (Cb). The formula for the
equivalent capacitance is:

1

C
=

1

Ca
+

1

Cb
=

d− x

ϵ0A
+

x

Kϵ0A

C =
ϵ0A

d−x
1 + x

K

Step 2: Capacitance C1

Given x = 1
3d and K = 4,

C1 =
ϵ0A

d−d/3
1 + d/3

4

=
ϵ0A

2d/3
1 + d

12

=
ϵ0A
8d+d
12

=
12ϵ0A

9d
=

4ϵ0A

3d

Step 3: Capacitance C2

Given x = 2
3d and K = 4,

C2 =
ϵ0A

d−2d/3
1 + 2d/3

4

=
ϵ0A

d/3
1 + d

6

=
ϵ0A
2d+d
6

=
6ϵ0A

3d
=

2ϵ0A

d

Step 4: Relationship between C1 and C2

We have C1 =
4ϵ0A
3d and C2 =

2ϵ0A
d . We can express C2 in terms of C1:

C2 =
2ϵ0A

d
=

3

2
· 4ϵ0A

3d
=

3

2
C1

Step 5: Value of C2

Given C1 = 2µF,

C2 =
3

2
× 2µF = 3µF

Conclusion: The value of C2 is 3µF.

� Quick Tip

When a dielectric is partially filling the space between capacitor plates, treat the
system as two capacitors in series. Remember the formula for capacitance and
how it’s affected by the dielectric constant.

Question 58: Two identical solid spheres each of mass 2 kg and radii 10 cm
are fixed at the ends of a light rod. The separation between the centres of
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the spheres is 40 cm. The moment of inertia of the system about an axis
perpendicular to the rod passing through its middle point is × 10−3 kg-
m2.

Correct Answer: (176)

Solution:

Step 1: Moment of Inertia of a Solid Sphere
The moment of inertia of a solid sphere about its diameter is given by:

Isphere =
2

5
mr2

where m is the mass and r is the radius of the sphere.
Step 2: Parallel Axis Theorem
The parallel axis theorem states that the moment of inertia of a body about an axis
parallel to and a distance d away from an axis through its center of mass is given by:

I = Icm +md2

Step 3: Moment of Inertia of One Sphere about the Midpoint of the Rod
The distance between the center of a sphere and the midpoint of the rod is d = 40 cm

2 =
20 cm = 0.2m. The radius of each sphere is r = 10 cm = 0.1m. Using the parallel axis
theorem, the moment of inertia of one sphere about the midpoint of the rod is:

Ione =
2

5
mr2 +md2 =

2

5
(2)(0.1)2 + (2)(0.2)2 = 0.008 + 0.08 = 0.088 kg-m2

Step 4: Total Moment of Inertia
Since there are two identical spheres, the total moment of inertia of the system is:

Isys = 2× Ione = 2× 0.088 = 0.176 kg-m2 = 176× 10−3 kg-m2

Conclusion: The moment of inertia of the system is 176× 10−3 kg-m2.

� Quick Tip

Remember the formula for the moment of inertia of a solid sphere and the paral-
lel axis theorem. Make sure to convert units to be consistent (e.g., cm to m).

Question 59: A person driving car at a constant speed of 15 m/s is approaching
a vertical wall. The person notices a change of 40 Hz in the frequency of his
car’s horn upon reflection from the wall. The frequency of horn is Hz.

Correct Answer: (420)
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Solution:

Step 1: Doppler Effect Formula for Moving Source and Stationary Observer
The observed frequency (f ′) when a source emitting frequency f0 is moving towards a
stationary observer at speed vs is:

f ′ =

(
v

v − vs

)
f0

where v is the speed of sound (assumed to be 330 m/s).
Step 2: Doppler Effect for Reflection
In this case, the sound is reflected off the wall, so the wall acts as a stationary ”observer”
first. Then, the reflected sound with frequency f ′ acts as a source moving towards the
driver (now the observer) at speed vs. So the frequency heard by the driver (f ′′) is:

f ′′ =

(
v + vo

v

)
f ′ =

(
v + vs

v

)(
v

v − vs

)
f0 =

(
v + vs
v − vs

)
f0

where we’ve used vo = vs since the driver is approaching the wall.
Step 3: Change in Frequency
The change in frequency is given as 40 Hz:

f ′′ − f0 = 40

Substituting the expression for f ′′:(
v + vs
v − vs

)
f0 − f0 = 40

(
v + vs − (v − vs)

v − vs

)
f0 = 40(

2vs
v − vs

)
f0 = 40

Step 4: Calculating f0
Given vs = 15m/s and v = 330m/s:(

2× 15

330− 15

)
f0 = 40

(
30

315

)
f0 = 40

f0 = 40× 315

30
= 420Hz

Conclusion: The frequency of the horn is 420 Hz.
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� Quick Tip

For reflection off a stationary object, consider the Doppler effect twice: once for
the sound traveling to the object, and once for the reflected sound traveling back
to the observer.

Question 60: A pole is vertically submerged in swimming pool, such that it
gives a length of shadow 2.15 m within water when sunlight is incident at an
angle of 30◦ with the surface of water. If swimming pool is filled to a height
of 1.5 m, then the height of the pole above the water surface in centimeters
is (nw = 4/3) .

Correct Answer: (50)

Solution:

Step 1: Snell’s Law
Snell’s Law relates the angle of incidence (i) and angle of refraction (r) for light passing
through two different media with refractive indices n1 and n2:

n1 sin i = n2 sin r

In this case, n1 = 1 (air), i = 60◦ (since the angle with the surface is 30◦), and
n2 = nw = 4

3 (water).

Step 2: Calculate the Angle of Refraction
Using Snell’s law:

sin 60◦ =
4

3
sin r

sin r =
3

4
sin 60◦ =

3

4
×

√
3

2
=

3
√
3

8

Step 3: Calculate tan r
We first find cos r:

cos r =
√
1− sin2 r =

√√√√1−

(
3
√
3

8

)2

=

√
1− 27

64
=

√
37

64
=

√
37

8

Now we calculate tan r:

tan r =
sin r

cos r
=

3
√
3/8√
37/8

=
3
√
3√
37

≈ 0.85
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Step 4: Calculate the Length of the Pole Submerged in Water
Let x be the horizontal length of the shadow. We have tan r = x

1.5m , where 1.5 m is the
depth of the water.

x = 1.5 tan r = 1.5× 0.85 = 1.275m

Since the total length of the shadow is 2.15 m, the horizontal distance from the pole to
the point where light enters the water is 2.15− 1.275 = 0.875 m.

Step 5: Calculate the Height of the Pole Above Water
Let y be the height of the pole above the water. Since the angle of incidence is 30◦ with
the water surface, we have:

tan 30◦ =
y

0.875

y = 0.875 tan 30◦ = 0.875× 1√
3
≈ 0.875× 0.577 ≈ 0.50m = 50 cm

Conclusion: The height of the pole above the water surface is 50 cm.

� Quick Tip

Remember Snell’s law and the basic trigonometric relationships in a right-angled
triangle. Clear diagrams are very helpful for these types of problems.

Chemistry

Section A

Question 61: Match List I with List II

List I List II
(Natural Amino acid) (One Letter Code)

(A) Arginine (I) D
(B) Aspartic acid (II) N
(C) Asparagine (III) A
(D) Alanine (IV) R

Choose the correct answer from the options given below:
(1) (A) – III, (B) – I, (C) – II (D) –IV
(2) (A) – IV, (B) – I, (C) – II (D) – III
(3) (A) – IV, (B) – I, (C) – III (D) –II
(4) (A) – I, (B) – III, (C) – IV (D) –II
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Correct Answer: (2) (A) – IV, (B) – I, (C) – II (D) – III

Solution:
The one-letter codes for the given amino acids are:

• Arginine: R

• Aspartic acid: D

• Asparagine: N

• Alanine: A

Matching these with the options:

Natural Amino acid One Letter Code

(i) Arginine R
(ii) Aspartic acid D
(iii) Asparagine N
(iv) Alanine A

Therefore, the correct matching is:
(A) Arginine - (IV) R
(B) Aspartic acid - (I) D
(C) Asparagine - (II) N
(D) Alanine - (III) A

� Quick Tip

Memorizing the one-letter codes for amino acids is essential in biochemistry. Use
mnemonics or flashcards to help remember them.

Question 62: Formation of which complex, among the following, is not a con-
firmatory test of Pb2+ ions
(1) lead sulphate
(2) lead nitrate
(3) lead chromate
(4) lead iodide

Correct Answer: (2) lead nitrate

Solution:
Lead nitrate, Pb(NO3)2, is a soluble colorless compound. Confirmatory tests for ions
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usually involve the formation of a precipitate or a distinctly colored complex. Lead
sulphate (white precipitate), lead chromate (yellow precipitate), and lead iodide (yellow
precipitate) are all used as confirmatory tests for lead(II) ions. Since lead nitrate is
colorless and soluble, it’s not used as a confirmatory test.

� Quick Tip

Confirmatory tests usually involve the formation of a precipitate or a colored
complex. Solubility and color are important factors to consider.

Question 63: The volume of 0.02 M aqueous HBr required to neutralize 10.0
mL of 0.01 M aqueous Ba(OH)2 is (Assume complete neutralization)
(1) 5.0 mL
(2) 10.0 mL
(3) 2.5 mL
(4) 7.5 mL

Correct Answer: (2) 10.0 mL

Solution:
For neutralization, the milliequivalents of acid must equal the milliequivalents of base.
Milliequivalents = Molarity × n-factor × Volume For HBr, n-factor = 1. For Ba(OH)2,
n-factor = 2.
Let V be the volume of HBr required.

m.eq. of HBr = m.eq. of Ba(OH)2

0.02× 1× V = 0.01× 2× 10

0.02V = 0.2

V =
0.2

0.02
= 10 mL.

� Quick Tip

For neutralization reactions, milliequivalents of acid equal milliequivalents of
base. Remember n-factor is important for polyprotic acids and bases.

Question 64: Group-13 elements react with O2 in amorphous form to form
oxides of type M2O3 (M = element). Which among the following is the most
basic oxide?

71



April 6 2023, Shift 1

(1) Al2O3

(2) Tl2O3

(3) Ga2O3

(4) B2O3

Correct Answer: (2) Tl2O3

Solution:
As we move down Group 13, the metallic character increases, and hence the electropositive
character increases. As electropositivity increases, the basicity of the oxides increases.
The order of basicity for Group 13 oxides is B2O3 ¡ Al2O3 ¡ Ga2O3 ¡ In2O3 ¡ Tl2O3.
Therefore, Tl2O3 is the most basic oxide.

� Quick Tip

Metallic (electropositive) character increases down a group, and so does the ba-
sicity of the oxides.

Question 65: The IUPAC name of K3[Co(C2O4)3] is -
(1) Potassium tris(oxalate)cobaltate(III)
(2) Potassium trioxalatocobalt(III)
(3) Potassium tris(oxalato)cobaltate(III)
(4) Potassium tris(oxalate)cobalt(III)

Correct Answer: (3) Potassium tris(oxalato)cobaltate(III)

Solution:
The IUPAC name of K3[Co(C2O4)3] is Potassium trioxalatocobaltate(III). The oxalate
anion (C2O

2−
4 ) is a bidentate ligand, and the prefix ”tri” indicates there are three oxalate

ligands. The complex anion is [Co(C2O4)3]
3−, and since the potassium ion has a +1

charge, there must be three potassium ions to balance the charge. The oxidation state of
cobalt is +3, indicated by the Roman numeral (III).

� Quick Tip

When naming coordination compounds, identify the cation and anion, use pre-
fixes for the number of ligands, and indicate the oxidation state of the central
metal ion in Roman numerals. The correct name uses ”oxalato” not ”oxalate”.

72



April 6 2023, Shift 1

Question 66: If the radius of the first orbit of hydrogen atom is a0, then de
Broglie’s wavelength of electron in 3rd orbit is
(1) πa0

6
(2) πa0

3
(3) 6πa0
(4) 3πa0

Correct Answer: (3) 6πa0

Solution:
According to the de Broglie principle, the circumference of an electron’s orbit in an atom
is an integer multiple of the electron’s wavelength:

2πr = nλ

where r is the radius of the orbit, n is the principal quantum number, and λ is the de
Broglie wavelength.
The radius of the nth orbit of a hydrogen-like atom is given by:

rn =
n2

Z
a0

where a0 is the Bohr radius and Z is the atomic number. For hydrogen, Z = 1.
For the 3rd orbit (n=3) of hydrogen (Z=1), the radius is

r3 =
32

1
a0 = 9a0.

Substituting this into the de Broglie equation:

2π(9a0) = 3λ

λ =
18πa0

3
= 6πa0.

� Quick Tip

Remember the de Broglie relation 2πr = nλ and the formula for the radius of the
nth orbit rn = n2

Z a0.

Question 67: The group of chemicals used as pesticide is
(1) Sodium chlorate, DDT, PAN
(2) DDT, Aldrin
(3) Aldrin, Sodium chlorate, Sodium arsinite
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(4) Dieldrin, Sodium arsinite, Tetrachloroethene

Correct Answer: (2) DDT, Aldrin

Solution:
DDT (dichlorodiphenyltrichloroethane) and Aldrin are well-known pesticides. PAN (per-
oxyacetyl nitrate) is a component of photochemical smog. Sodium chlorate is a herbicide
and defoliant. Sodium arsinite has been used as an insecticide and rodenticide. Tetra-
chloroethene is used in dry cleaning. Therefore, the correct group of chemicals used as
pesticides is DDT and Aldrin.

� Quick Tip

Be familiar with common examples of pesticides, herbicides, and other chemicals
and their uses.

Question 68: From the figure of column chromatography given below, identify
incorrect statements.

A. Compound ’c’ is more polar than ’a’ and ’b’.
B. Compound ’a’ is least polar.
C. Compound ’b’ comes out of the column before ’c’ and after ’a’.
D. Compound ’a’ spends more time in the column.
Choose the correct answer from the options given below:
(1) A, B and D only
(2) A, B and C only
(3) B and D only
(4) B, C and D only
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Correct Answer: (2) A, B and C only

Solution:

Adsorption of Compound in Column

Key Factors:

• Adsorption of compound α is proportional to:

Attraction ∝ Polarity ∝ Time spent in the column.

• The order of polarity determines the retention time.

• The time spent in the column is inversely proportional to the order in which the
compounds come out of the column:

α ∝ 1

Order of elution from the column
.

Conclusion:

• Order of polarity:
a > b > c

• Order of elution (come out from the column):

c > b > a

• Time spent in the column:
a > b > c

The incorrect statements are A, B, and C Only.

� Quick Tip

In column chromatography, remember that more polar compounds will elute
later, while less polar compounds will elute earlier. The elution order provides
information about the relative polarities of the compounds.

Question 69: Ion having highest hydration enthalpy among the given alkaline
earth metal ions is:
(1) Be2+
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(2) Ba2+

(3) Ca2+

(4) Sr2+

Correct Answer: (1) Be2+

Solution:
Hydration enthalpy is the energy released when one mole of gaseous ions is dissolved in
water to form an infinitely dilute solution. It depends on the charge density of the ion.
Higher the charge density, greater the hydration enthalpy.
Charge density is directly proportional to the charge of the ion and inversely proportional
to the size of the ion.

Charge Density ∝ Charge

Size

Since all the given ions have the same charge (+2), the hydration enthalpy will be inversely
proportional to the size of the ion.

Hydration Enthalpy ∝ 1

Size

Down the group in the periodic table (from Be to Ba), the size of the alkaline earth metal
ions increases. Thus, the hydration enthalpy decreases down the group. The order of
hydration enthalpy is:

Be2+ > Mg2+ > Ca2+ > Sr2+ > Ba2+.

Therefore, Be2+ has the highest hydration enthalpy.

� Quick Tip

Hydration enthalpy is inversely proportional to the ionic size for ions with the
same charge. Smaller ions have higher charge density and thus higher hydration
enthalpy.

Question 70: The strongest acid from the following is

(1)
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(2)

(3)

(4)

Correct Answer: (4)

Solution:
The strength of an acid is determined by the stability of its conjugate base. Electron-
withdrawing groups (-I and -M effects) stabilize the conjugate base by delocalizing the
negative charge after the loss of H+. Electron-donating groups (+I and +M effects)
destabilize the conjugate base.
In the given options, all are substituted phenols. The substituents are:

• (1) No substituent (phenol)

• (2) -Cl (chloro) - electron-withdrawing through -I effect

• (3) -CH3 (methyl) - electron-donating through +I effect

• (4) -NO2 (nitro) - strong electron-withdrawing through -I and -M effects

Since the nitro group (-NO2) has the strongest electron-withdrawing effect (-I and -M),
it stabilizes the conjugate base of the phenol most effectively. Therefore, the compound
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with the -NO2 substituent (option 4) is the strongest acid among the given options.

� Quick Tip

Electron-withdrawing groups increase acidity while electron-donating groups de-
crease acidity. Consider both inductive (-I/+I) and resonance (-M/+M) effects
when comparing acidity.

Question 71: In the following reaction, ’B’ is

(1)

(2)

(3)

(4)
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Correct Answer: (4)

Solution:
The given reaction is an acid-catalyzed intramolecular cyclization of an unsaturated al-
cohol. The mechanism involves:

1. Protonation of the alcohol: The hydroxyl group is protonated by H3O
+, making it

a better leaving group.

2. Carbocation formation: Water leaves, generating a secondary carbocation.

3. Cyclization: The double bond attacks the carbocation, forming a six-membered ring.
This results in a tertiary carbocation. Crucially, this carbocation is formed adjacent
to the oxygen in the newly formed ring.

4. Deprotonation: A proton is lost to give the final cyclic ether product.

The correct product, resulting from the more stable tertiary carbocation and forming the
six-membered ring, is option (4).
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� Quick Tip

Pay close attention to the position of the carbocation formed during cyclization
reactions. The location of the positive charge determines the final structure of
the cyclic product. Visualizing the ring formation process can help avoid mis-
takes.

Question 72: Structures of BeCl2 in solid state, vapour phase and at very high
temperature respectively are:
(1) Polymeric, Dimeric, Monomeric
(2) Dimeric, Polymeric, Monomeric
(3) Monomeric, Dimeric, Polymeric
(4) Polymeric, Monomeric, Dimeric

Correct Answer: (1) Polymeric, Dimeric, Monomeric

Solution:
BeCl2 exhibits different structures depending on the phase and temperature:
Solid state: In the solid state, BeCl2 exists as a polymeric structure. Beryllium has
a tendency to form coordinate covalent bonds due to its small size and relatively high
charge density. In the polymeric structure, each beryllium atom is bonded to four chlorine
atoms, and each chlorine atom bridges between two beryllium atoms, forming a chain-like
structure.

Vapour phase: In the vapour phase, below 1200 K, BeCl2 primarily exists as a dimer
(Be2Cl4). The dimeric structure is formed through chloro-bridging, where two chlorine
atoms bridge between two beryllium atoms. This satisfies the beryllium’s desire for a
coordination number of four.

Very high temperature (above 1200 K): At very high temperatures (above 1200
K), the thermal energy is sufficient to break the chloro bridges in the dimer, leading to
the formation of monomeric BeCl2 units. The monomeric form has a linear structure
with beryllium having a coordination number of two.

Therefore, the structures of BeCl2 are polymeric in the solid state, dimeric in the vapour
phase, and monomeric at very high temperatures.
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� Quick Tip

Remember that BeCl2 changes its structure depending on the phase and tem-
perature due to beryllium’s tendency to achieve a coordination number of four
whenever possible. The higher the temperature, the greater the tendency for the
simpler monomeric structure to prevail.

Question 73: Consider the following reaction that goes from A to B in three
steps as shown below:

Choose the correct option
Number of Intermediates Number of Activated complex Rate determining step
(1) 2 3 II
(2) 3 2 II
(3) 2 3 III
(4) 2 3 I

Correct Answer: (1) 2 & 3 & II

Solution:

• Intermediates: Intermediates are species formed during a reaction that are subse-
quently consumed. They are represented by the valleys in the energy diagram. In
the given diagram, there are two valleys, corresponding to two intermediates.

• Activated Complexes: Activated complexes are high-energy transition state species
that exist at the peak of each energy barrier. There are three peaks in the diagram,
representing three activated complexes.

• Rate-Determining Step: The rate-determining step (RDS) is the slowest step
in a multi-step reaction. It is represented by the highest energy barrier. In the
given diagram, step II has the highest activation energy and therefore is the rate-
determining step.

Therefore, the correct option is (1): 2 intermediates, 3 activated complexes, and step II
as the rate-determining step.
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� Quick Tip

In a reaction energy diagram, valleys represent intermediates, peaks represent
activated complexes, and the highest peak corresponds to the rate-determining
step.

Question 74: The product, which is not obtained during the electrolysis of
brine solution is
(1) HCl
(2) NaOH
(3) Cl2
(4) H2

Correct Answer: (1) HCl

Solution:
Brine is a concentrated aqueous solution of NaCl. During electrolysis of brine, the fol-
lowing reactions occur:

At the cathode (reduction): Water molecules are preferentially reduced over sodium
ions because the reduction potential of water is higher than that of sodium ions.

2H2O(l) + 2e− → H2(g) + 2OH−(aq)

At the anode (oxidation): Chloride ions are oxidized to chlorine gas.

2Cl−(aq) → Cl2(g) + 2e−

Overall Reaction: Combining the cathode and anode reactions:

2NaCl(aq) + 2H2O(l) → H2(g) + Cl2(g) + 2NaOH(aq)

The products obtained during the electrolysis of brine are hydrogen gas (H2), chlorine
gas (Cl2), and sodium hydroxide (NaOH). HCl is not formed.
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� Quick Tip

During the electrolysis of brine, water is reduced at the cathode, chloride ions are
oxidized at the anode, and NaOH is formed in the solution. Remember that HCl
is not a product of this electrolysis.

Question 75: Which one of the following elements will remain as liquid inside
pure boiling water?
(1) Li
(2) Ga
(3) Cs
(4) Br

Correct Answer: (2) Ga

Solution:
Boiling water has a temperature of 100◦C. We need to find an element that has a melting
point below 100◦C and a boiling point above 100◦C to remain liquid at this temperature.

Li and Cs: Alkali metals (Li and Cs) react vigorously with water.

Br2: Bromine (Br2) has a boiling point of 58.8◦C, so it would be a gas at 100◦C.

Ga: Gallium (Ga) has a melting point of 29.8◦C and a boiling point of 2400◦C. Thus,
gallium will remain liquid inside boiling water.

� Quick Tip

To remain liquid at a specific temperature, an element must have a melting point
below that temperature and a boiling point above that temperature.

Question 76: Given below are two statements: one is labelled as “Assertion
A” and the other is labelled as “Reason R”
Assertion A: In the complex Ni(CO)4 and Fe(CO)5, the metals have zero oxidation
state.
Reason R: Low oxidation states are found when a complex has ligands capable of π-
donor character in addition to the σ-bonding.
In the light of the above statement, choose the most appropriate answer from the options
given below
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(1) A is not correct but R is correct.
(2) A is correct but R is not correct
(3) Both A and R are correct and R is the correct explanation of A
(4) Both A and R are correct but R is NOT the correct explanation of A

Correct Answer: (2) A is correct but R is not correct

Solution:
Let’s analyze both Assertion A and Reason R:
Assertion A: In Ni(CO)4 and Fe(CO)5, the carbonyl ligand (CO) is neutral. Thus, the
oxidation state of Ni and Fe in these complexes is indeed zero. So, Assertion A is correct.

Reason R: Low oxidation states of metals are stabilized by synergistic bonding, also
known as backbonding. This involves σ-donation from the ligand to the metal and π-
backdonation from the metal to the ligand. Crucially, the ligand must have empty π
orbitals to accept electrons from the metal. CO is a π-acceptor ligand, not a π-donor
ligand. So, Reason R is incorrect.

The correct answer is (2): A is correct, but R is not correct.

� Quick Tip

Remember that synergistic bonding involves σ-donation and π-backdonation.
Ligands like CO stabilize low oxidation states of metals by acting as π-acceptors,
not π-donors.

Question 77: Given below are two statements:
Statement I: Morphine is a narcotic analgesic. It helps in relieving pain without pro-
ducing sleep.
Statement II: Morphine and its derivatives are obtained from opium poppy.
In the light of the above statements, choose the correct answer from the options given
below (1) Statement I is true but statement II is false
(2) Both statement I and statement II are true
(3) Statement I is false but statement II is true
(4) Both Statement I and Statement II are false

Correct Answer: (3) Statement I is false but statement II is true

Solution:
Let’s analyze both statements:
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Statement I: Morphine is a narcotic analgesic. However, it is known to induce sleep
and drowsiness. So, Statement I is false.
Statement II: Morphine and its derivatives are indeed obtained from opium poppy. So,
Statement II is true.
Therefore, the correct option is (3): Statement I is false, but Statement II is true.

� Quick Tip

Morphine, while an effective analgesic, also acts as a narcotic, inducing sleep. It
is derived from the opium poppy.

Question 78: Find out the major product from the following reaction.

(1)

(2)

(3)

(4)
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Correct Answer: (3)

Solution:
The reaction proceeds in two steps:
1. 1,4-addition of the organocuprate: The organocuprate reagent (MeMgBr/CuI)
adds to the α, β-unsaturated ketone in a 1,4-conjugate addition manner. This results in
the formation of a ketone with a methyl group at the β position.

2. Alkylation of the ketone: The resulting ketone reacts with n-propyl iodide (nPrI)
in an alkylation reaction. The enolate of the ketone attacks the alkyl halide, adding the
n-propyl group to the α-carbon.

Therefore, the major product is option (3).

� Quick Tip

Organocuprates perform 1,4-addition on α, β-unsaturated ketones. Subsequent
alkylation occurs at the α-position of the resulting ketone.

Question 79: During the reaction of permanganate with thiosulphate, the
change in oxidation of manganese occurs by value of 3. Identify which of the
below medium will favour the reaction
(1) aqueous neutral
(2) aqueous acidic
(3) both aqueous acidic and neutral
(4) both aqueous acidic and faintly alkaline

Correct Answer: (1) aqueous neutral
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Solution:
The reaction of permanganate (MnO−

4 ) with thiosulphate (S2O
2−
3 ) depends on the pH of

the medium. Permanganate can be reduced to different manganese species depending on
the conditions.

In a neutral or weakly alkaline medium, permanganate is reduced to manganese(IV) oxide
(MnO2):

MnO−
4 (aq) + 2H2O(l) + 3e− → MnO2(s) + 4OH−(aq)

In this reaction, the oxidation state of manganese changes from +7 in MnO−
4 to +4 in

MnO2, a change of 3 units.

In an acidic medium, permanganate is reduced to manganese(II) ions (Mn2+):

MnO−
4 (aq) + 8H+(aq) + 5e− → Mn2+(aq) + 4H2O(l)

Here, the oxidation state of manganese changes from +7 to +2, a change of 5 units.

Since the question specifies a change in oxidation state of 3, the reaction must be occurring
in a neutral or weakly alkaline medium.

� Quick Tip

The reduction products of permanganate differ in acidic and neutral/alkaline me-
dia. In neutral or weakly alkaline solutions, permanganate is reduced to MnO2

(Mn oxidation state +4), while in acidic solutions, it is reduced to Mn2+ (Mn ox-
idation state +2).

Question 80: Element not present in Nessler’s reagent is
(1) K
(2) N
(3) I
(4) Hg

Correct Answer: (2) N

Solution:
Nessler’s reagent is an alkaline solution of potassium tetraiodomercurate(II), K2[HgI4].
It is prepared by dissolving mercuric iodide (HgI2) in an aqueous solution of potassium
iodide (KI) and then adding potassium hydroxide (KOH).
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The elements present in Nessler’s reagent are potassium (K), mercury (Hg), iodine (I).
Nitrogen (N) is not part of the chemical formula of Nessler’s reagent.

� Quick Tip

Nessler’s reagent (K2[HgI4]) is used to detect the presence of ammonia (NH3),
producing a brown precipitate or yellow coloration. Remember its chemical for-
mula to identify the constituent elements.

Section B

Question 81: The standard reduction potentials at 298 K for the following
half cells are given below:
NO−

3 + 4H+ + 3e− → NO(g) + 2H2O E0 = 0.97V
V 2+(aq) + 2e− → V E0 = −1.19V
Fe3+(aq) + 3e− → Fe E0 = −0.04V
Ag+(aq) + e− → Ag(s) E0 = 0.80V
Au3+(aq) + 3e− → Au(s) E0 = 1.40V

The number of metal(s) which will be oxidized by NO−
3 in aqueous solution

is

Correct Answer: 3

Solution:

For NO−
3 to oxidize a metal, NO−

3 must itself be reduced. The given reduction half-
reaction is:

NO−
3 + 4H+ + 3e− → NO+ 2H2O E0 = 0.97V

For a metal to be oxidized by NO−
3 , the overall cell potential (E

0
cell) for the redox reaction

must be positive. The cell potential is calculated as:

E0
cell = E0

reduction − E0
oxidation

In our case, E0
reduction is 0.97 V (for the NO−

3 reduction). For the cell potential to be
positive, E0

oxidation must be less than 0.97 V.
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Since we are given standard reduction potentials, we need to reverse the sign to obtain
the oxidation potentials for each metal:

V: E0
oxidation = 1.19V

Fe: E0
oxidation = 0.04V

Ag: E0
oxidation = −0.80V

Au: E0
oxidation = −1.40V

Comparing these values to 0.97 V, we find that Fe, Ag, and Au have oxidation potentials
less than 0.97 V. Therefore, these three metals can be oxidized by NO−

3 in aqueous
solution. Vanadium (V) has an oxidation potential greater than 0.97 V, so it will not be
oxidized by NO−

3 .

� Quick Tip

For a spontaneous redox reaction, the overall cell potential must be positive.
When comparing reduction potentials, a stronger oxidizing agent will have a
higher reduction potential.

Question 82: Number of crystal system from the following where body cen-
tred unit cell can be found, is
Cubic, tetragonal, orthorhombic, hexagonal, rhombohedral, monoclinic, triclinic

Correct Answer: 3

Solution:
A body-centered cubic (BCC) unit cell is a type of unit cell where an atom is located
at each corner of the cube and one atom is located at the center of the cube. BCC
arrangements are found in the following crystal systems:

Cubic: This is the classic body-centered cubic structure. Tetragonal: A body-centered
tetragonal structure exists where the cell is elongated along one axis.

Orthorhombic: A body-centered orthorhombic structure exists where the cell has un-
equal sides but all angles are 90 degrees.

Body-centered unit cells are not found in the hexagonal, rhombohedral, monoclinic, or
triclinic crystal systems. Therefore, the number of crystal systems where BCC unit cells
can be found is 3.
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� Quick Tip

BCC arrangements are possible in the cubic, tetragonal, and orthorhombic crys-
tal systems. Visualizing the unit cell structures within these systems helps in un-
derstanding the arrangement of atoms.

Question 83: Among the following the number of compounds which will give
positive iodoform reaction is
(a) 1-Phenylbutan-2-one
(b) 2-Methylbutan-2-ol
(c) 3-Methylbutan-2-ol
(d) 1-Phenylethanol
(e) 3,3-dimethylbutan-2-one
(f) 1-Phenylpropan-2-ol

Correct Answer: 4

Solution:
The iodoform test is a qualitative test for the presence of methyl ketones (R-CO-CH3)
and certain secondary alcohols (R-CH(OH)-CH3). A positive iodoform test results in the
formation of a yellow precipitate of iodoform (CHI3).

The necessary structural feature for a positive iodoform test is the presence of a methyl
ketone group (CH3C=O) or a methyl carbinol group (CH3CH(OH)-).

Let’s examine each compound:
(a) 1-Phenylbutan-2-one: This is a methyl ketone (Ph-CH2-CO-CH3) and will give a
positive iodoform test.

(b) 2-Methylbutan-2-ol: This is a tertiary alcohol and will not give a positive iodoform
test.

(c) 3-Methylbutan-2-ol: This is a secondary alcohol with the required CH3CH(OH)-
group, so it will give a positive iodoform test.

(d) 1-Phenylethanol: This is a secondary alcohol with the required CH3CH(OH)-
group (Ph-CH(OH)-CH3), so it will give a positive iodoform test.

(e) 3,3-dimethylbutan-2-one: This is a methyl ketone (CH3-CO-C(CH3)3), so it will
give a positive iodoform test.
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(f) 1-Phenylpropan-2-ol: This is a secondary alcohol with the required CH3CH(OH)-
group (Ph-CH2-CH(OH)-CH3) and will give a positive iodoform test.

Therefore, four compounds (a, c, d, and f) will give a positive iodoform reaction.

� Quick Tip

The iodoform test is positive for methyl ketones (R-CO-CH3) and secondary al-
cohols of the type R-CH(OH)-CH3. Look for these specific structural motifs.

Question 84: Number of isomeric aromatic amines with molecular formula
C8H11N, which can be synthesized by Gabriel Phthalimide synthesis is

Correct Answer: 6

Solution:
The Gabriel phthalimide synthesis is used to prepare primary amines (R-NH2). Since the
question asks for aromatic amines with the formula C8H11N, we need to consider isomeric
primary aromatic amines.

The degree of unsaturation (DU) for C8H11N is:

DU = C + 1− H− N

2
= 8 + 1− 11− 1

2
= 9− 5 = 4

A DU of 4 suggests the presence of a benzene ring (DU = 4). This leaves us with C2H5

to account for. Since the Gabriel synthesis produces primary amines, the nitrogen must
be attached to one of these carbons.

The possible isomers are:

Other dimethylanilines (like 3,4-dimethylaniline) are identical to the ones listed above.
2,6-dimethylaniline is the same as 2,3-dimethylaniline. Therefore, there are 6 possible
isomeric aromatic amines that can be synthesized by Gabriel phthalimide synthesis.
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� Quick Tip

The Gabriel phthalimide synthesis yields primary amines. When determining
possible isomers, remember to consider different positions of substituents on the
aromatic ring to avoid duplicates.

Question 85: Consider the following pairs of solution which will be isotonic
at the same temperature. The number of pairs of solutions is/are
A. 1 M aq. NaCl and 2 M aq. Urea
B. 1 M aq. CaCl2 and 1.5 M aq. KCl
C. 1.5 M aq. AlCl3 and 2 M aq. Na2SO4

D. 2.5 M aq. KCl and 1 M aq. Al2(SO4)3

Correct Answer: 4

Solution:
Isotonic solutions have the same osmotic pressure. Osmotic pressure is directly propor-
tional to the concentration of solute particles. Therefore, isotonic solutions have the same
concentration of solute particles. We need to determine the concentration of particles in
each solution, considering dissociation of ionic compounds.

A. NaCl dissociates into 2 ions (Na+ and Cl-). So, 1 M NaCl gives 1 M × 2 = 2 M ions.
Urea does not dissociate, so 2 M urea remains 2 M particles. These solutions are isotonic.

B. CaCl2 dissociates into 3 ions (Ca2+ and 2 Cl-). So, 1 M CaCl2 gives 1 M × 3 = 3 M
ions. KCl dissociates into 2 ions (K+ and Cl-). So, 1.5 M KCl gives 1.5 M × 2 = 3 M
ions. These solutions are isotonic.

C. AlCl3 dissociates into 4 ions (Al3+ and 3 Cl-). So, 1.5 M AlCl3 gives 1.5 M × 4 = 6
M ions. Na2SO4 dissociates into 3 ions (2 Na+ and SO4

2-). So, 2 M Na2SO4 gives 2 M
× 3 = 6 M ions. These solutions are isotonic.

D. KCl dissociates into 2 ions (K+ and Cl-). So, 2.5 M KCl gives 2.5 M × 2 = 5 M ions.
Al2(SO4)3 dissociates into 5 ions (2 Al3+ and 3 SO4

2-). So, 1 M Al2(SO4)3 gives 1 M ×
5 = 5 M ions. These solutions are isotonic.

All four pairs are isotonic. Therefore, the number of isotonic pairs is 4.
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� Quick Tip

Remember to account for the dissociation of ionic compounds when determining
the concentration of particles in solution for isotonicity calculations.

Question 86: The number of colloidal systems from the following, which will
have ’liquid’ as the dispersion medium, is
Gem stones, paints, smoke, cheese, milk, hair cream, insecticide sprays, froth, soap lather

Correct Answer: 5

Solution:
A colloid is a mixture where one substance is dispersed evenly throughout another. The
substance being dispersed is the dispersed phase, and the substance it is dispersed in is
the dispersion medium. We are looking for colloidal systems where the dispersion medium
is a liquid.

Paints: Pigment particles are dispersed in a liquid medium (oil or water-based).

Milk: Fat globules and protein particles are dispersed in water.

Hair cream: Various ingredients are dispersed in a liquid base.

Froth: A gas is dispersed in liquid.

Soap lather: A gas is dispersed in a liquid (soap solution).

The following are not liquid-based colloids:

Gem stones: These are solid solutions, not colloids.
Smoke: Solid particles dispersed in a gas (air).
Cheese: A complex mixture with a solid matrix.
Insecticide sprays: Liquid dispersed in gas.

Therefore, the colloidal systems with a liquid dispersion medium are paints, milk, hair
cream, froth, and soap lather. There are 5 such systems.
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� Quick Tip

Carefully analyze the dispersed phase and the dispersion medium in each system
to correctly identify the type of colloid.

Question 87: In an ice crystal, each water molecule is hydrogen bonded to
neighbouring molecules.

Correct Answer: 4

Solution:
In an ice crystal, each water molecule forms four hydrogen bonds with its neighboring
water molecules.

A water molecule (H2O) has two hydrogen atoms and one oxygen atom. The oxygen
atom is more electronegative than hydrogen, creating a polar molecule with a partial
negative charge on the oxygen and partial positive charges on the hydrogens.

Each water molecule can act as a hydrogen bond donor through its two hydrogen atoms.
The slightly positive hydrogen atoms can interact with the slightly negative oxygen atoms
of neighboring water molecules, forming two hydrogen bonds.

Additionally, each water molecule can act as a hydrogen bond acceptor through its two
lone pairs of electrons on the oxygen atom. These lone pairs can interact with the slightly
positive hydrogen atoms of two other neighboring water molecules, forming two more hy-
drogen bonds.

Thus, each water molecule in ice participates in a total of four hydrogen bonds: two as a
donor and two as an acceptor, creating a tetrahedral network structure.

� Quick Tip

Remember that a water molecule can donate two hydrogen bonds and accept two
hydrogen bonds. This leads to the characteristic tetrahedral arrangement in ice.

Question 88: Consider the following data
Heat of combustion of H2(g) = −241.8 kJ mol−1

Heat of combustion of C(s) = −393.5 kJ mol−1

Heat of combustion of C2H5OH(l) = −1234.7 kJ mol−1

The heat of formation of C2H5OH(l) is (-) kJ mol−1 (Nearest integer).
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Correct Answer: 278

Solution:
Given Reactions and Enthalpy Changes:

2C(s) +O2 → 2CO2 ∆H = −393.5× 2 = −787 kJ · · · (1)

3H2 +
3

2
O2 → 3H2O ∆H = −241.5× 3 = −725.4 kJ · · · (2)

C2H5OH + 3O2 → 2CO2 + 3H2O ∆H = −1234.7 kJ · · · (3)

3H2O + 2CO2 → C2H5OH + 3O2 ∆H = +1234.7 kJ · · · (4)

Target Reaction:

2C(s) + 3H2(g) +
1

2
O2 → C2H5OH · · · (5)

Calculation:
Equation (5) is derived as:

(5) = (1) + (2) + (4)

= (−787) + (−725.4) + (1234.7)

∆H = −277.7 kJ ⇒ ∆H ≈ −278 kJ.

� Quick Tip

Hess’s Law allows you to calculate enthalpy changes for reactions that are diffi-
cult to measure directly by combining enthalpy changes of other reactions. Re-
member that reversing a reaction changes the sign of ∆H.

Question 89: The equilibrium composition for the reaction PCl3 + Cl2 ⇀↽ PCl5
at 298 K is given below:

PCl3]eq = 0.2 mol L−1, [Cl2]eq = 0.1 mol L−1, [PCl5]eq = 0.40 mol L−1

If 0.2 mol of Cl2 is added at the same temperature, the equilibrium concen-
trations of PCl5 is × 10−2 mol L−1

Given: Kc for the reaction at 298 K is 20
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Correct Answer: 49

Solution:
Given:

Kc =
[PCl5]

[PCl3][Cl2]
=

0.4

0.2× 0.1
= 20

Reaction:
PCl3 + Cl2 ⇀↽ PCl5

Initial Concentrations:

[PCl3] = 0.2M, [Cl2] = 0.1M, [PCl5] = 0.4M

At Equilibrium:

[PCl3] = 0.2− x, [Cl2] = 0.1 + 0.2− x, [PCl5] = 0.4 + x

Equilibrium Constant Expression:

Kc =
0.4 + x

(0.2− x)(0.3− x)

Given:
Kc = 20

Substituting values into the equation:

20 =
0.4 + x

(0.2− x)(0.3− x)

Solving for x using the quadratic equation:

x = 0.086

Concentration of PCl5:

[PCl5] = 0.4 + x = 0.4 + 0.086 = 0.486

[PCl5] = 48.6× 10−2M

[PCl5] ≈ 49× 10−2M

Final Answer:
Ans. 49
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� Quick Tip

When the concentration of a reactant is increased, the equilibrium shifts to con-
sume that reactant and produce more product, according to Le Chatelier’s princi-
ple.

Question 90: The number of species having a square planar shape from the
following is
XeF4, SF4, SiF4, BrF

−
4 , [Cu(NH3)4]

2+, [FeCl4]
2−, [PtCl4]

2−

Correct Answer: 4

Solution:
To determine the shapes of these species, we need to consider their electron domain ge-
ometry and the effect of lone pairs. Square planar geometry arises from an octahedral
electron domain geometry with two lone pairs occupying axial positions. It can also arise
from dsp2 hybridisation when the central atom has a d8 configuration in a complex ion.
Let’s analyze each species:

XeF4: Xe has 8 valence electrons, and 4 are used for bonding with F. This leaves 4 elec-
trons (2 lone pairs). XeF4 has 6 electron domains (4 bonding, 2 lone pairs) adopting an
octahedral electron domain geometry. The lone pairs occupy axial positions, resulting
in a square planar molecular geometry.

SF4: S has 6 valence electrons, 4 used for bonding. This leaves 2 electrons (1 lone pair).
SF4 has 5 electron domains (4 bonding and 1 lone pair) with a trigonal bipyramidal elec-
tron domain geometry. The lone pair occupies an equatorial position leading to a see-saw
shape.

SiF4: Si has 4 valence electrons, all used for bonding. SiF4 has 4 electron domains (4
bonding, 0 lone pairs) and is tetrahedral.

BrF−
4 : Br has 7 valence electrons + 1 (from the negative charge) = 8 electrons. 4 are

used for bonding. This leaves 4 electrons (2 lone pairs). BrF−
4 has 6 electron domains (4

bonding, 2 non-bonding), adopting an octahedral electron geometry. The two lone pairs
are in the axial positions, leading to a square planar molecular geometry.

[Cu(NH3)4]
2+: Cu2+ is a d9 system. Due to Jahn Teller distortion, this complex prefers

to be a distorted square planar structure rather than a perfect square planar shape. For
this type of question, it’s usually counted as a square planar complex.
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[FeCl4]
2−: Fe2+ is a d6 system, which is generally tetrahedral when dealing with weak

field ligands.

[PtCl4]
2−: Pt2+ is a d8 system. These often form square planar complexes due to

dsp2 hybridization.

Therefore, XeF4, BrF
−
4 , [Cu(NH3)4]

2+, and [PtCl4]
2− are square planar. The answer is 4.

� Quick Tip

For transition metal complexes, consider the d-electron configuration and lig-
and field strength to predict the geometry. For main group elements, consider
VSEPR theory to predict the geometry.
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