
JEE Main 2019 Apr 9 Shift 1 Question Paper with Solutions

Time Allowed :3 Hour Maximum Marks :360 Total Questions :90

General Instructions

Read the following instructions very carefully and strictly follow them:

1. The test is of 3 hours duration.

2. The question paper consists of 90 questions. The maximum marks is 360.

3. There are three parts in the question paper consisting of Physics, Chemistry and
Mathematics, having 30 questions in each part of equal weightage.

4. Each part (subject) has two sections.
(i) Section-A: This section contains 20 multiple choice questions which have only
one correct answer. Each question carries 4 marks for correct answer and –1 mark
for wrong answer.
(ii) Section-B: This section contains 10 questions. The answer to each of the
questions is a numerical value. Each question carries 4 marks for correct answer
and –1 mark for wrong answer. For Section-B, the answer should be rounded off to
the nearest integer.

Physics

1. In the density measurement of a cube, the mass and edge length are measured as
(10.00 ± 0.10) kg and (0.10 ± 0.01) m, respectively. The error in the measurement
of density is :

(A) 0.10 kg/m3

(B) 0.07 kg/m3

(C) 0.31 kg/m3

(D) 0.01 kg/m3

Correct Answer: (C) 0.31 kg/m3

Solution:

Step 1: Understanding the Question:
We are given the mass (m) and edge length (L) of a cube with their respective errors (∆m and
∆L). We need to find the error in the calculated density (ρ).

Step 2: Key Formula or Approach:
The formula for the density of a cube is:

1



ρ =
mass

volume
=

m

L3

For error propagation in a formula involving division and powers, we use the relative error
formula:

∆ρ

ρ
=

∆m

m
+ 3

∆L

L

Step 3: Detailed Explanation:
Given values are:
Mass, m = 10.00 kg with error, ∆m = 0.10 kg.
Edge length, L = 0.10 m with error, ∆L = 0.01 m.

First, calculate the relative error in mass:

∆m

m
=

0.10

10.00
= 0.01

Next, calculate the relative error in length:

∆L

L
=

0.01

0.10
= 0.1

Now, substitute these values into the relative error formula for density:

∆ρ

ρ
= (0.01) + 3× (0.1) = 0.01 + 0.3 = 0.31

This is the relative error in density, which is a dimensionless quantity.
However, the options are given in units of kg/m3. Let’s calculate the absolute error, ∆ρ.
First, calculate the density ρ:

ρ =
m

L3
=

10.00

(0.10)3
=

10.00

0.001
= 10000 kg/m3

Now, calculate the absolute error ∆ρ:

∆ρ = ρ×
(
∆ρ

ρ

)
= 10000× 0.31 = 3100 kg/m3

This calculated absolute error (3100 kg/m3) does not match any of the options. There appears
to be a discrepancy in the question or options. The numerical value of the correct option (0.31)
matches the calculated relative error. It is highly probable that the question intended to ask
for the relative error, and the units in the options were printed by mistake. Based on the given
key, we choose the option with the numerical value 0.31.

Step 4: Final Answer:
The numerical value of the relative error is 0.31. Option (C) is 0.31 kg/m3. We select this
answer assuming a typo in the question’s units.
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� Quick Tip

In error analysis problems, first calculate the relative error. If the options have units
and your calculated absolute error doesn’t match, check if the numerical value matches
the relative error. Exam questions can sometimes have typos.

2. The stream of a river is flowing with a speed of 2 km/h. A swimmer can swim
at a speed of 4 km/h. What should be the direction of the swimmer with respect
to the flow of the river to cross the river straight?

(A) 150◦

(B) 60◦

(C) 90◦

(D) 120◦

Correct Answer: (D) 120◦

Solution:

Step 1: Understanding the Question:
The swimmer wants to cross the river straight. This means their resultant velocity with respect
to the ground must be perpendicular to the river flow. We need to find the angle at which the
swimmer should swim relative to the river flow.

Step 2: Key Formula or Approach:
We use the concept of relative velocity. The velocity of the swimmer with respect to the ground
(v⃗sg) is the vector sum of the velocity of the swimmer with respect to the river (v⃗sr) and the
velocity of the river with respect to the ground (v⃗rg).

v⃗sg = v⃗sr + v⃗rg

Step 3: Detailed Explanation:
Let the river flow be along the positive x-axis. So, v⃗rg = 2̂i km/h.
Let the swimmer swim at an angle θ with respect to the river flow (the x-axis). The speed of
the swimmer with respect to the river is 4 km/h. So, v⃗sr = (4 cos θ)̂i+ (4 sin θ)ĵ.
The resultant velocity of the swimmer with respect to the ground is:

v⃗sg = (2̂i) + ((4 cos θ)̂i+ (4 sin θ)ĵ)

v⃗sg = (2 + 4 cos θ)̂i+ (4 sin θ)ĵ

For the swimmer to cross the river straight, the resultant velocity must have no component
along the river flow (the x-component must be zero).

2 + 4 cos θ = 0

4 cos θ = −2
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cos θ = −2

4
= −1

2

The angle θ for which cos θ = −1/2 is θ = 120◦.

Step 4: Final Answer:
The swimmer should swim at an angle of 120◦ with respect to the flow of the river.

� Quick Tip

For ”shortest path” or ”crossing straight” problems, the component of the swimmer’s
velocity opposite to the river flow must cancel the river’s velocity. A simple vector di-
agram can help visualize this: the resultant velocity vector should be perpendicular to
the river flow vector.

3. A ball is thrown vertically up (taken as +z-axis) from the ground. The correct
momentum-height (p-h) diagram is:

(A)

(B)

(C)
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(D)

Correct Answer: (C)

Solution:

Step 1: Understanding the Question:
We need to determine the relationship between the momentum (p) and height (h) of a ball
thrown vertically upwards under constant gravity, and then identify the correct graphical rep-
resentation.

Step 2: Key Formula or Approach:
We use the third equation of motion and the definition of momentum.
1. Equation of motion: v2 = u2 + 2as. For upward motion under gravity, this becomes
v2 = u2 − 2gh.
2. Momentum: p = mv.

Step 3: Detailed Explanation:
From the definition of momentum, v = p/m. Substituting this into the equation of motion:(

p

m

)2
= u2 − 2gh

p2

m2
= u2 − 2gh

p2 = m2(u2 − 2gh) = m2u2 − 2m2gh

Rearranging for h:

h =
m2u2 − p2

2m2g
=

u2

2g
− p2

2m2g
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This equation shows that h is a quadratic function of p (specifically, h ∝ −p2), which represents
a downward-opening parabola if h is on the y-axis and p on the x-axis. Since the graph is p vs
h, we have p2 as a linear function of h, which is a parabola opening sideways. The negative sign
with h means the parabola opens towards the left (negative h direction, but since h is always
positive, it means as h increases, p decreases).

Let’s analyze the motion:
1. At the start (h=0): The ball is thrown up with initial velocity u, so the initial momentum
is p0 = +mu. This is the maximum positive momentum.
2. During upward motion (h increases): The velocity decreases due to gravity, so momen-
tum decreases.
3. At maximum height (h = hmax): The velocity becomes zero, so the momentum is p = 0.
4. During downward motion (h decreases): The velocity becomes negative and its mag-
nitude increases. The momentum becomes negative and its magnitude increases.
5. Just before hitting the ground (h=0): The velocity is −u, so the final momentum is
pf = −mu.

The graph must be a parabola that:
- Starts at a positive p value when h=0.
- Curves to the left, reaching p=0 at the maximum height.
- Continues curving downwards (negative p) as h decreases back to 0.
- Reaches a negative p value (equal in magnitude to the initial p) when h=0 again.

Graph (3) correctly depicts this parabolic relationship. It is a parabola opening to the left,
with the vertex at (hmax, 0).

Step 4: Final Answer:
The relationship p2 = C1−C2h represents a parabola opening to the left on a p-h graph. Graph
(3) is the only one that matches this shape and the physical conditions of the motion.

� Quick Tip

For graphical questions in kinematics, derive the mathematical relation between the
two variables. For y2 ∝ x, the graph is a parabola opening sideways. Then, check the
initial and final conditions to determine the exact shape and orientation of the curve.

4. A body of mass 2 kg makes an elastic collision with a second body at rest and
continues to move in the original direction but with one fourth of its original speed.
What is the mass of the second body?

(A) 1.5 kg
(B) 1.2 kg
(C) 1.0 kg
(D) 1.8 kg
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Correct Answer: (B) 1.2 kg

Solution:

Step 1: Understanding the Question:
This is a one-dimensional elastic collision problem. We are given the masses and velocities of
one body before and after the collision, and the initial state of the second body. We need to
find the mass of the second body.

Step 2: Key Formula or Approach:
For any collision, linear momentum is conserved. For an elastic collision, kinetic energy is also
conserved.
1. Conservation of Momentum: m1u1 +m2u2 = m1v1 +m2v2
2. For elastic collision (e=1): The velocity of separation equals the velocity of approach.
v2 − v1 = u1 − u2

Step 3: Detailed Explanation:
Let the given values be:
Mass of the first body, m1 = 2 kg.
Initial velocity of the first body, u1 = u.
Mass of the second body, m2 =?.
Initial velocity of the second body, u2 = 0 (at rest).
Final velocity of the first body, v1 = u/4.
Final velocity of the second body, v2 =?.

First, apply the formula for elastic collision (coefficient of restitution e=1):

v2 − v1 = u1 − u2

v2 −
u

4
= u− 0

v2 = u+
u

4
=

5u

4

Now, apply the conservation of linear momentum:

m1u1 +m2u2 = m1v1 +m2v2

(2)(u) + (m2)(0) = (2)
(
u

4

)
+ (m2)

(
5u

4

)
2u =

2u

4
+

5m2u

4

The term ’u’ can be cancelled from all terms (as u ̸= 0):

2 =
2

4
+

5m2

4

2 =
1

2
+

5m2

4
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2− 1

2
=

5m2

4
3

2
=

5m2

4

Solving for m2:

m2 =
3

2
× 4

5
=

12

10
= 1.2 kg

Step 4: Final Answer:
The mass of the second body is 1.2 kg.

� Quick Tip

In 1D elastic collision problems, it’s often faster to use the coefficient of restitution for-
mula (v2 − v1 = u1 − u2) along with the momentum conservation equation, rather than
using the full kinetic energy conservation equation, which is quadratic.

5. A uniform cable of mass ’M’ and length ’L’ is placed on a horizontal surface such
that its (1/n)th part is hanging below the edge of the surface. To lift the hanging
part of the cable onto the surface, the work done should be:

(A) MgL / n2

(B) 2MgL / n2

(C) MgL / 2n2

(D) nMgL

Correct Answer: (C) MgL / 2n2

Solution:

Step 1: Understanding the Question:
We need to calculate the work done to lift the hanging part of a uniform cable onto a horizontal
surface. The work done will be equal to the change in the potential energy of the hanging part.

Step 2: Key Formula or Approach:
Work Done = Change in Gravitational Potential Energy (∆PE).
The potential energy of an extended object is calculated using the position of its center of mass.
PE = mobj · g · hCM .

Step 3: Detailed Explanation:
Let’s analyze the hanging part of the cable.
Length of the hanging part: L′ = L/n.
Mass per unit length of the cable: λ = M/L.
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Mass of the hanging part: M ′ = λ× L′ = (M/L)× (L/n) = M/n.

The hanging part is uniform, so its center of mass (CM) is at its geometric center. Taking the
tabletop surface as the reference level (h=0), the CM of the hanging part is at a depth of L′/2
below the surface.
Initial height of the CM of the hanging part: hi,CM = −L′

2 = − L
2n .

Initial Potential Energy of the hanging part:

PEi = M ′ · g · hi,CM =

(
M

n

)
· g ·

(
− L

2n

)
= −MgL

2n2

When the hanging part is lifted onto the surface, its entire mass is at the reference level h=0.
Final height of the CM of this part: hf,CM = 0.
Final Potential Energy: PEf = 0.

The work done (W) by the external agent is the change in potential energy:

W = ∆PE = PEf − PEi = 0−
(
−MgL

2n2

)
=

MgL

2n2

Step 4: Final Answer:
The work done to lift the hanging part of the cable is MgL

2n2 .

� Quick Tip

For problems involving lifting or moving a flexible object like a chain or cable, always
focus on the displacement of its center of mass. The work done against gravity is sim-
ply the mass of the moved part times ’g’ times the vertical displacement of its center of
mass.

6. The following bodies are made to roll up (without slipping) the same inclined
plane from a horizontal plane : (i) a ring of radius R, (ii) a solid cylinder of radius
R/2 and (iii) a solid sphere of radius R/4. If, in each case, the speed of the center
of mass at the bottom of the incline is the same, the ratio of the maximum heights
they climb is:

(A) 4 : 3 : 2
(B) 14 : 15 : 20
(C) 10 : 15 : 7
(D) 2 : 3 : 4

Correct Answer: (C) 10 : 15 : 7

Solution:
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Step 1: Understanding the Question:
Three different objects roll up an inclined plane with the same initial translational speed. We
need to find the ratio of the maximum heights they reach. This problem involves the conser-
vation of mechanical energy for rolling bodies.

Step 2: Key Formula or Approach:
The total initial kinetic energy of a rolling body is converted into gravitational potential energy
at the maximum height.
Total Initial Kinetic Energy K = Ktranslational +Krotational =

1
2mv2 + 1

2Iω
2.

For rolling without slipping, the condition is v = rω, where v is the speed of the center of mass
and r is the radius.
The moment of inertia can be written as I = kmr2, where k is a constant that depends on the
shape of the body.
Potential Energy at maximum height h is U = mgh.
By conservation of energy: Kinitial = Ufinal.

Step 3: Detailed Explanation:
First, express the total initial kinetic energy in terms of m, v, and k.

K =
1

2
mv2 +

1

2
(kmr2)

(
v

r

)2
=

1

2
mv2 +

1

2
kmv2 =

1

2
mv2(1 + k)

At the maximum height h, this kinetic energy is fully converted to potential energy, U = mgh.
Equating initial kinetic energy and final potential energy:

1

2
mv2(1 + k) = mgh

Solving for the height h:

h =
v2(1 + k)

2g

Since the initial speed v and g are the same for all three bodies, the maximum height h is
directly proportional to the factor (1+ k). Note that the radius of the body does not affect the
final height.

h ∝ (1 + k)

Now, we find the factor (1 + k) for each body:
(i) Ring: Moment of inertia I = mR2, so k = 1.
The factor for the ring is 1 + k = 1 + 1 = 2.
(ii) Solid Cylinder: Moment of inertia I = 1

2mR2
cyl, so k = 1/2.

The factor for the cylinder is 1 + k = 1 + 1
2 = 3

2 .
(iii) Solid Sphere: Moment of inertia I = 2

5mR2
sph, so k = 2/5.

The factor for the sphere is 1 + k = 1 + 2
5 = 7

5 .

Now we find the ratio of the heights:

hring : hcylinder : hsphere = 2 :
3

2
:
7

5
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To express this as a ratio of integers, we multiply by the least common multiple of the denom-
inators (2 and 5), which is 10.

Ratio = (2× 10) :
(
3

2
× 10

)
:
(
7

5
× 10

)
Ratio = 20 : 15 : 14

The correctly derived physical ratio is 20:15:14. This does not match any of the given options.
However, option (C) is 10:15:7. It appears there is a printing error in the question’s options,
where the first and third terms might be halved. Given that this is a multiple-choice question,
and such errors can occur, selecting the option that most closely resembles the derived result
is a common strategy. In this case, option (C) is the most likely intended answer despite the
apparent error.

Step 4: Final Answer:
The physically correct ratio of heights is 20:15:14. Due to a likely error in the options, we select
the provided answer (C) 10:15:7, which has some terms proportional to the correct result.

� Quick Tip

For rolling motion on an incline, the final height reached depends only on the initial ve-
locity and the body’s shape factor ’k’ (I = kmr2). A smaller ’k’ means less energy is
stored in rotation, allowing for more of the initial energy to be converted into potential
energy, thus reaching a greater height. The order of heights reached (for the same ini-
tial v) is: Sphere ¿ Cylinder ¿ Ring.

7. A stationary horizontal disc is free to rotate about its axis. When a torque is
applied on it, its kinetic energy as a function of θ, where θ is the angle by which it
has rotated, is given as kθ2. If its moment of inertia is I, then the angular acceler-
ation of the disc is:

(A) kθ/I
(B) 2kθ/I
(C) kθ/2I
(D) kθ/4I

Correct Answer: (B) 2kθ/I

Solution:

Step 1: Understanding the Question:
The rotational kinetic energy (KE) of a disc is provided as a function of its angular displace-
ment, θ. We are asked to find the angular acceleration, α, in terms of θ, the constant k, and
the moment of inertia I.
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Step 2: Key Formula or Approach:
We can use two primary methods:
1. Kinematic Relations: Use the standard formula for rotational kinetic energy, KE = 1

2Iω
2,

to find ω as a function of θ. Then use the chain rule relation for angular acceleration: α = ω dω
dθ .

2. Work-Energy Theorem: The work done by the net torque equals the change in kinetic

energy. In differential form, dW = d(KE). Since dW = τdθ and τ = Iα, we have τ =
d(KE)

dθ .

Step 3: Detailed Explanation:
Method 1: Using Kinematics
The given kinetic energy is KE = kθ2.
The standard formula for rotational kinetic energy is KE = 1

2Iω
2.

Equating the two expressions for KE:

1

2
Iω2 = kθ2

Solving for ω2 and then ω:

ω2 =
2kθ2

I
=⇒ ω = θ

√
2k

I

Now, differentiate ω with respect to θ:

dω

dθ
=

d

dθ

(
θ

√
2k

I

)
=

√
2k

I

Using the relation α = ω dω
dθ :

α =

(
θ

√
2k

I

)(√
2k

I

)
= θ

(
2k

I

)
=

2kθ

I

Method 2: Using Work-Energy Theorem
The work-energy theorem states that dW = d(KE). The work done by a torque τ over an
angle dθ is dW = τdθ.

τdθ = d(KE)

τ =
d(KE)

dθ

Given KE = kθ2, we can differentiate it with respect to θ:

τ =
d

dθ
(kθ2) = 2kθ

We also know that torque is related to angular acceleration by τ = Iα.

Iα = 2kθ

Solving for α:

α =
2kθ

I
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Both methods yield the same result.

Step 4: Final Answer:
The angular acceleration of the disc is α = 2kθ

I .

� Quick Tip

When a quantity like kinetic energy is given as a function of position (or angle) rather
than time, the work-energy theorem in its differential form (τ = d(KE)/dθ) is often
the most direct way to find the force (or torque). This avoids intermediate steps like
finding velocity and then differentiating.

8. A solid sphere of mass ’M’ and radius ’a’ is surrounded by a uniform concentric
spherical shell of thickness 2a and mass 2M. The gravitational field at distance ’3a’
from the centre will be:

(A) GM / 9a2

(B) 2GM / 9a2

(C) GM / 3a2

(D) 2GM / 3a2

Correct Answer: (C) GM / 3a2

Solution:

Step 1: Understanding the Question:
We are given a composite system of a central solid sphere and a surrounding concentric spher-
ical shell. We need to find the gravitational field at a point located on the outer surface of the
shell.

Step 2: Key Formula or Approach:
The key principle is Newton’s Shell Theorem. It states that for a point outside a spherically
symmetric mass distribution, the gravitational field is the same as if the entire mass were con-
centrated at its center.
The formula for the gravitational field (g) at a distance r from a point mass M is:

g =
GMenclosed

r2

Step 3: Detailed Explanation:
The system consists of two parts:
1. A solid sphere with mass M1 = M and radius R1 = a.
2. A concentric spherical shell with mass M2 = 2M . Its inner radius is ’a’ and its thickness is
’2a’, which means its outer radius is R2 = a+ 2a = 3a.
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We need to find the gravitational field at a distance r = 3a from the center. This point is
located on the outer surface of the shell.
According to the Shell Theorem, to calculate the field at this point, we need to consider the
total mass enclosed within a sphere of radius r = 3a.
The mass of the solid sphere is enclosed.
The mass of the spherical shell is also fully enclosed, as the point is on its outer boundary.
The total enclosed mass is:

Menclosed = M1 +M2 = M + 2M = 3M

Now, we can use the formula for the gravitational field, treating the total enclosed mass (3M)
as a point mass at the origin, and calculate the field at the distance r = 3a.

g =
GMenclosed

r2
=

G(3M)

(3a)2

g =
3GM

9a2
=

GM

3a2

Step 4: Final Answer:
The gravitational field at a distance ’3a’ from the centre is GM

3a2 .

� Quick Tip

Remember the two parts of the Shell Theorem: (1) For an external point, a spherical
mass acts like a point mass at its center. (2) For an internal point, the gravitational
field due to a hollow spherical shell is zero. These rules are essential for problems with
spherical mass distributions.

9. For a given gas at 1 atm pressure, rms speed of the molecules is 200 m/s at 127
◦C. At 2 atm pressure and at 227 ◦C, the rms speed of the molecules will be:

(A) 100
√
5 m/s

(B) 80
√
5 m/s

(C) 100 m/s
(D) 80 m/s

Correct Answer: (A) 100
√
5 m/s

Solution:

Step 1: Understanding the Question:
We are given the root-mean-square (rms) speed of gas molecules under initial conditions of
temperature and pressure. We need to find the new rms speed after the temperature and pres-
sure have changed.
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Step 2: Key Formula or Approach:
The formula for the rms speed of molecules in an ideal gas is given by the kinetic theory of gases:

vrms =

√
3RT

M

where R is the universal gas constant, T is the absolute temperature (in Kelvin), and M is the
molar mass of the gas.
This formula shows that the rms speed depends only on the absolute temperature, not on the
pressure. Specifically, vrms ∝

√
T .

Step 3: Detailed Explanation:
Let’s list the initial (state 1) and final (state 2) conditions.
State 1:
Pressure P1 = 1 atm.
RMS speed v1 = 200 m/s.
Temperature t1 = 127◦C. It’s crucial to convert this to Kelvin:
T1 = 127 + 273.15 ≈ 127 + 273 = 400 K.

State 2:
Pressure P2 = 2 atm. (This information is a distractor and does not affect the rms speed).
Temperature t2 = 227◦C. Converting to Kelvin:
T2 = 227 + 273 = 500 K.
We need to find the new rms speed, v2.

Using the proportionality vrms ∝
√
T , we can set up a ratio:

v2
v1

=

√
T2
T1

Substitute the known values:

v2
200

=

√
500 K

400 K
=

√
5

4
=

√
5

2

Now, solve for v2:

v2 = 200×
√
5

2
= 100

√
5 m/s

Step 4: Final Answer:
The rms speed of the molecules at the new temperature and pressure will be 100

√
5 m/s.

� Quick Tip

In kinetic theory problems, always work with absolute temperature (Kelvin). Remem-
ber the key result that for an ideal gas, the average kinetic energy and the rms speed of
molecules are functions of temperature only. Pressure and volume changes that do not
alter temperature will not change the rms speed.
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10. A simple pendulum oscillating in air has period T. The bob of the pendulum is
completely immersed in a non-viscous liquid. The density of the liquid is (1/16)th
of the material of the bob. If the bob is inside liquid all the time, its period of
oscillation will be:

(A) 2T /
√
10

(B) 4T /
√
15

(C) 4T /
√
14

(D) 2T /
√
14

Correct Answer: (B) 4T /
√
15

Solution:

Step 1: Understanding the Question:
A simple pendulum’s period is T in air. We need to find its new period, T’, when its bob is
submerged in a liquid. The presence of the liquid introduces a buoyant force, which alters the
effective gravitational acceleration acting on the bob.

Step 2: Key Formula or Approach:

The period of a simple pendulum is given by T = 2π
√

L
geff

, where geff is the effective accelera-

tion due to gravity.
In air, we approximate geff ≈ g.
When the bob is immersed in a liquid, the buoyant force acts upwards, reducing the net down-
ward force. The effective weight becomes Weff = Wactual − Fbuoyant.

This leads to an effective acceleration geff = g
(
1− ρliquid

ρbob

)
.

Step 3: Detailed Explanation:

The period of the pendulum in air is T = 2π
√

L
g .

When the bob is immersed in the liquid, let’s find the effective acceleration, geff.
Let V be the volume of the bob, ρb be the density of the bob’s material, and ρl be the density
of the liquid.
The weight of the bob is W = mg = (V ρb)g.
The buoyant force exerted by the liquid is FB = V ρlg.
The effective weight is the net downward force: Weff = W −FB = V ρbg− V ρlg = V (ρb − ρl)g.
The effective acceleration is the effective weight divided by the mass of the bob:

geff =
Weff

m
=

V (ρb − ρl)g

V ρb
= g

(
ρb − ρl

ρb

)
= g

(
1− ρl

ρb

)
We are given that ρl =

1
16ρb, which means the ratio ρl

ρb
= 1

16 .
Substituting this value:

geff = g
(
1− 1

16

)
= g
(
15

16

)
16



The new period, T’, is calculated using this effective g:

T ′ = 2π

√
L

geff
= 2π

√
L

g(15/16)
=

(
2π

√
L

g

)√
16

15

Recognizing that T = 2π
√

L
g , we can write:

T ′ = T ×
√

16

15
= T

4√
15

Step 4: Final Answer:
The new period of oscillation will be 4T√

15
.

� Quick Tip

When a pendulum oscillates in a fluid, the buoyant force always opposes gravity, reduc-
ing the effective gravitational pull. This reduction in effective ’g’ leads to an increase in
the period of oscillation (T ∝ 1/

√
geff). The pendulum will swing more slowly.

11. Following figure shows two processes A and B for a gas. If ∆QA and ∆QB are
the amount of heat absorbed by the system in two cases, and ∆UA and ∆UB are
changes in internal energies, respectively, then:

(A) ∆QA = ∆QB; ∆UA = ∆UB

(B) ∆QA > ∆QB; ∆UA > ∆UB

(C) ∆QA > ∆QB; ∆UA = ∆UB

(D) ∆QA < ∆QB; ∆UA < ∆UB

Correct Answer: (C) ∆QA > ∆QB; ∆UA = ∆UB

Solution:
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Step 1: Understanding the Question:
A P-V diagram shows two different thermodynamic paths, A and B, that connect the same
initial state (i) and final state (f). We are asked to compare the change in internal energy (∆U)
and the heat absorbed (∆Q) for these two processes.

Step 2: Key Formula or Approach:
1. Internal Energy (∆U): Internal energy is a state function. This means its change depends
only on the initial and final thermodynamic states (like pressure, volume, temperature) and is
independent of the path taken to get from one state to another.
2. Work Done (∆W): Work done by a gas in a quasi-static process is given by

´
P dV .

Geometrically, this is the area under the curve on a P-V diagram. Work is a path function.
3. First Law of Thermodynamics: This law relates heat, internal energy, and work:
∆Q = ∆U +∆W . Heat (∆Q) is also a path function.

Step 3: Detailed Explanation:
Comparison of Change in Internal Energy (∆U):
Both process A and process B start at the same initial state ’i’ and end at the same final state
’f’. Since internal energy (U) is a state function, its change (∆U = Uf - Ui) depends only on
the endpoints. Therefore, the change in internal energy is the same for both paths.

∆UA = ∆UB

Comparison of Work Done (∆W):
The work done by the system, ∆W , is represented by the area under the P-V curve. By visually
inspecting the graph, the curve for process A is consistently above the curve for process B. This
means that the area under curve A is greater than the area under curve B.

Area(A) > Area(B) =⇒ ∆WA > ∆WB

Comparison of Heat Absorbed (∆Q):
We apply the First Law of Thermodynamics to both processes:
For path A: ∆QA = ∆UA +∆WA

For path B: ∆QB = ∆UB +∆WB

We have already established that ∆UA = ∆UB and ∆WA > ∆WB. Let’s substitute these
findings.
Since the change in internal energy is the same for both, and the work done in process A is
greater than in process B, the system must have absorbed more heat in process A to account
for the extra work done.
Mathematically, since ∆UA = ∆UB and ∆WA > ∆WB, it follows directly that:

∆QA > ∆QB

Step 4: Final Answer:
Combining our findings, we have ∆UA = ∆UB and ∆QA > ∆QB. This matches option (C).
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� Quick Tip

Remember the key distinction in thermodynamics:
- State Functions: Depend only on the current state of the system (e.g., Pressure,
Volume, Temperature, Internal Energy, Entropy). Their change between two points is
path-independent.
- Path Functions: Depend on the process or path taken between states (e.g., Work,
Heat).
This concept is fundamental to solving problems involving P-V diagrams.

12. An HCl molecule has rotational, translational and vibrational motions. If the
rms velocity of HCl molecules in its gaseous phase is v̄, m is its mass and kB is
Boltzmann constant, then its temperature will be:

(A) m v̄2 / 7kB
(B) m v̄2 / 5kB
(C) m v̄2 / 3kB
(D) m v̄2 / 6kB

Correct Answer: (C) m v̄2 / 3kB

Solution:

Step 1: Understanding the Question:
The question asks for the temperature (T) of a gas (HCl) in terms of the root-mean-square
(rms) velocity (v̄) of its molecules, the mass of a molecule (m), and the Boltzmann constant
(kB). The mention of rotational and vibrational motions is potentially extra information.

Step 2: Key Formula or Approach:
The definition of rms velocity is derived from the average translational kinetic energy of the
gas molecules. According to the equipartition of energy theorem, the average kinetic energy
associated with the translational motion in three dimensions (x, y, and z) is:

⟨KEtrans⟩ =
1

2
m⟨v2⟩ = 1

2
mv̄2

And this average translational kinetic energy is related to the absolute temperature T by:

⟨KEtrans⟩ =
3

2
kBT

The number ’3’ comes from the three translational degrees of freedom.

Step 3: Detailed Explanation:
By the definition and the equipartition theorem, we can equate the two expressions for the
average translational kinetic energy:

1

2
mv̄2 =

3

2
kBT
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The information that the HCl molecule also has rotational and vibrational motions is true, and
these motions contribute to the total internal energy of the gas. However, the rms velocity v̄ is
specifically defined by and related to only the translational part of the kinetic energy.
Now, we solve the equation for the temperature T:

mv̄2 = 3kBT

T =
mv̄2

3kB

This result is the standard, fundamental relationship between rms velocity and temperature
for any ideal gas, regardless of its molecular structure (monatomic, diatomic, etc.).

Note on other options: The other options might arise from incorrectly associating the total
internal energy (including rotational and vibrational modes) with the rms velocity, which is
physically incorrect. The rms velocity is a measure of the speed of the center of mass motion
only.

Step 4: Final Answer:
The temperature of the gas is T = mv̄2

3kB
.

� Quick Tip

Be very precise with definitions in kinetic theory. The rms velocity (vrms or v̄) is a
measure of the translational motion of molecules. Its relationship with temperature,
1
2mv̄2 = 3

2kBT , is universal for all ideal gases. The molecular structure (and thus rota-
tional/vibrational modes) affects the total internal energy and specific heats (CV , CP ),
but not this fundamental definition.

13. A string is clamped at both the ends and it is vibrating in its 4th harmonic.
The equation of the stationary wave is Y = 0.3 sin(0.157x) cos(200πt). The length
of the string is : (All quantities are in SI units.)

(A) 80 m
(B) 60 m
(C) 40 m
(D) 20 m

Correct Answer: (A) 80 m

Solution:

Step 1: Understanding the Question:
We are given the mathematical equation for a standing wave on a string that is fixed at both
ends. We know it’s vibrating in its 4th harmonic. Our goal is to determine the length of the
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string.

Step 2: Key Formula or Approach:
1. The general equation for a stationary (standing) wave is Y (x, t) = (2A sin(kx)) cos(ωt),
where k is the wave number and ω is the angular frequency.
2. The wave number k is related to the wavelength λ by the formula k = 2π

λ .
3. For a string of length L clamped at both ends, the possible wavelengths for standing waves
are given by the condition L = nλn

2 , where n is an integer (n = 1, 2, 3, ...) representing the
harmonic number.

Step 3: Detailed Explanation:
The given equation for the stationary wave is:

Y = 0.3 sin(0.157x) cos(200πt)

By comparing this with the standard form Y (x, t) = (Amplitude) sin(kx) cos(ωt), we can iden-
tify the wave number k:

k = 0.157 m−1

It’s helpful to recognize that the value 0.157 is a common approximation for π/20.
π/20 ≈ 3.14159/20 ≈ 0.15708. So, we can confidently take k = π

20 rad/m.

Next, we calculate the wavelength λ from the wave number k:

λ =
2π

k
=

2π

π/20
= 2π × 20

π
= 40 m

The problem states that the string is vibrating in its 4th harmonic, which means n = 4.
Now, we use the condition for standing waves on a string fixed at both ends to find the length L:

L = n
λ

2

Substitute the values n = 4 and λ = 40 m:

L = 4× 40 m

2
= 2× 40 m = 80 m

Step 4: Final Answer:
The length of the string is 80 m.

� Quick Tip

For a string fixed at both ends, the nth harmonic corresponds to a standing wave pat-
tern with ’n’ antinodes (loops). The length of the string contains n/2 wavelengths,
i.e., L = n(λ/2). Memorizing this relationship is key for solving problems on stand-
ing waves quickly.
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14. The pressure wave, P = 0.01 sin[1000t - 3x] Nm−2, corresponds to the sound
produced by a vibrating blade on a day when atmospheric temperature is 0◦C. On
some other day when temperature is T, the speed of sound produced by the same
blade and at the same frequency is found to be 336 ms−1. Approximate value of T is:

(A) 12◦C
(B) 11◦C
(C) 15◦C
(D) 4◦C

Correct Answer: (D) 4◦C

Solution:

Step 1: Understanding the Question:
We are given the equation of a sound wave at a specific temperature (0◦C). From this, we can
find the speed of sound at that temperature. We are then given the speed of sound at a new,
unknown temperature T. We need to find T.

Step 2: Key Formula or Approach:
1. For a traveling wave described by an equation of the form y(x, t) = A sin(ωt− kx), the wave
speed (v) is given by the ratio of the angular frequency (ω) to the wave number (k): v = ω/k.
2. The speed of sound (v) in an ideal gas is proportional to the square root of the absolute

temperature (T, in Kelvin). This gives the relation: v1
v2

=
√

T1

T2
.

Step 3: Detailed Explanation:
Analyze the initial conditions (Day 1):
The atmospheric temperature is t1 = 0◦C. In Kelvin, this is T1 = 0 + 273 = 273 K.
The pressure wave equation is P = 0.01 sin(1000t− 3x).
Comparing this with the general form P = P0 sin(ωt− kx), we identify:
Angular frequency, ω = 1000 rad/s.
Wave number, k = 3 rad/m.
The speed of sound on this day, v1, is:

v1 =
ω

k
=

1000

3
m/s ≈ 333.33 m/s

Analyze the final conditions (Day 2):
The speed of sound is given as v2 = 336 m/s.
The temperature is T, which corresponds to an absolute temperature of T2 = (T + 273) K.

Relate the two conditions:
Using the formula relating speed and absolute temperature:

v2
v1

=

√
T2
T1
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We can rearrange to solve for T2:

T2 = T1

(
v2
v1

)2

Substitute the known values:

T2 = 273×
(

336

1000/3

)2

= 273×
(
336× 3

1000

)2
T2 = 273×

(
1008

1000

)2
= 273× (1.008)2

Now, calculate the value:

(1.008)2 = 1.016064

T2 = 273× 1.016064 ≈ 277.37 K

This is the temperature in Kelvin. To find the temperature T in degrees Celsius, we subtract
273:

T (◦C) = T2 − 273 = 277.37− 273 = 4.37◦C

Step 4: Final Answer:
The approximate value of T is 4.37◦C, which is closest to 4◦C.

� Quick Tip

For small changes in temperature, a useful linear approximation for the speed of sound
in air is v ≈ (331.5 + 0.6TC) m/s, where TC is the temperature in Celsius. In this
problem, v1 ≈ 333.3 m/s and v2 = 336 m/s. The change is 336− 333.3 = 2.7 m/s. The
temperature change would be approximately 2.7/0.6 = 4.5◦C. This confirms the answer
is around 4◦C.

15. A capacitor with capacitance 5 µF is charged to 5 µC. If the plates are pulled
apart to reduce the capacitance to 2 µF, how much work is done?

(A) 6.25 × 10−6 J
(B) 2.16 × 10−6 J
(C) 2.55 × 10−6 J
(D) 3.75 × 10−6 J

Correct Answer: (D) 3.75 × 10−6 J

Solution:
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Step 1: Understanding the Question:
A capacitor is first charged and then its plates are moved. The phrase ”charged to 5 µC” and
then modified implies that the capacitor is disconnected from the charging source after being
charged. Therefore, it is an isolated capacitor. For an isolated capacitor, the charge Q on its
plates remains constant. The work done by an external agent to pull the plates apart is equal
to the change in the electrostatic potential energy stored in the capacitor.

Step 2: Key Formula or Approach:
The energy (U) stored in a capacitor can be expressed in three ways: U = 1

2CV 2, U = 1
2QV ,

and U = Q2

2C .
Since the charge Q is constant for an isolated capacitor, the most convenient formula to use is:

U =
Q2

2C
The work done by the external force is the change in potential energy:

W = ∆U = Ufinal − Uinitial

Step 3: Detailed Explanation:
Let’s define the initial and final states of the capacitor.
Initial State:
Initial capacitance, Ci = 5 µF = 5× 10−6 F.
Charge on the capacitor, Q = 5 µC = 5× 10−6 C.
The initial energy stored in the capacitor is:

Ui =
Q2

2Ci
=

(5× 10−6 C)2

2× (5× 10−6 F)
=

25× 10−12

10× 10−6
= 2.5× 10−6 J

Final State:
The plates are pulled apart, which reduces the capacitance.
Final capacitance, Cf = 2 µF = 2× 10−6 F.
Since the capacitor is isolated, the charge Q remains unchanged: Q = 5× 10−6 C.
The final energy stored in the capacitor is:

Uf =
Q2

2Cf
=

(5× 10−6 C)2

2× (2× 10−6 F)
=

25× 10−12

4× 10−6
= 6.25× 10−6 J

Work Done:
The work done by the external agent is the change in the stored energy.

W = Uf − Ui = (6.25× 10−6 J)− (2.5× 10−6 J)

W = 3.75× 10−6 J

The work done is positive, which makes physical sense. The oppositely charged plates attract
each other, so an external agent must do positive work (apply an outward force) to pull them
apart.

Step 4: Final Answer:
The work done is 3.75 × 10−6 J.
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� Quick Tip

When a capacitor’s parameters are changed, first determine if it’s connected to a bat-
tery (constant V) or isolated (constant Q). This is the most crucial step.
- If isolated (Q constant), energy increases when plates are pulled apart (C de-
creases), and work is done by the external agent. Use U = Q2/2C.
- If connected to a battery (V constant), energy decreases when plates are pulled
apart (C decreases), and work is done by the capacitor against the external agent (and
the battery does work). Use U = (1/2)CV 2.

16. A system of three charges are placed as shown in the figure:

If D >> d, the potential energy of the system is best given by:

(A) 1
4πϵ0

[
+q2

d + qQD
D2

]
(B) 1

4πϵ0

[
−q2

d − qQD
2D2

]
(C) 1

4πϵ0

[
−q2

d + 2qQD
D2

]
(D) 1

4πϵ0

[
−q2

d − qQD
D2

]
Correct Answer: (D) 1

4πϵ0

[
−q2

d − qQD
D2

]
Solution:

Step 1: Understanding the Question:
The system consists of three charges: +q, -q, and Q. The charges +q and -q form an electric
dipole. We need to find the total electrostatic potential energy of this three-charge system,
using the approximation that the distance D is much larger than the dipole separation d.

Step 2: Key Formula or Approach:
The total potential energy of a system of charges is the sum of the potential energies of all
unique pairs of charges. For three charges q1, q2, and q3, the total potential energy U is:

U = U12 + U13 + U23 =
1

4πϵ0

(
q1q2
r12

+
q1q3
r13

+
q2q3
r23

)
We will also use the binomial approximation for D ¿¿ d: (1 + x)n ≈ 1 + nx for small x.

Step 3: Detailed Explanation:
Let’s denote the charges as q1 = +q, q2 = -q, and q3 = Q.

25



Based on the figure:
The distance between +q and -q is r12 = d.
The distance between -q and Q is r23 = D.
The distance between +q and Q is r13 = D + d.

Now, we calculate the potential energy for each pair:

U12 =
1

4πϵ0
(+q)(−q)

d = − 1
4πϵ0

q2

d

U23 =
1

4πϵ0
(−q)(Q)

D = − 1
4πϵ0

qQ
D

U13 =
1

4πϵ0
(+q)(Q)
D+d

The total potential energy is the sum:

Utotal = U12 + U23 + U13 =
1

4πϵ0

[
−q2

d
− qQ

D
+

qQ

D + d

]
Let’s simplify the terms involving Q:

−qQ

D
+

qQ

D + d
= qQ

[
1

D + d
− 1

D

]
= qQ

[
D − (D + d)

D(D + d)

]
= qQ

[
−d

D(D + d)

]
So, the exact expression for total energy is:

Utotal =
1

4πϵ0

[
−q2

d
− qQd

D(D + d)

]
Now, we apply the approximation D >> d, which means D + d ≈ D.

Utotal ≈
1

4πϵ0

[
−q2

d
− qQd

D(D)

]
=

1

4πϵ0

[
−q2

d
− qQd

D2

]
This result represents the self-energy of the dipole plus the interaction energy of the charge Q
with the dipole.

Comparing this with the given options, we see that option (D) is 1
4πϵ0

[
−q2

d − qQD
D2

]
. There

appears to be a typo in the option, where the term ‘d‘ in the numerator of the second term is
written as ‘D‘. Assuming this is a typo and that it should be ‘d‘, option (D) is the correct choice.

Step 4: Final Answer:
Assuming a typo in the option (D should be d in the numerator of the second term), the po-
tential energy of the system is best given by option (D).

� Quick Tip

The potential energy of a system of charges consists of two parts: the ”self-energy” re-
quired to assemble the charges (like forming the dipole) and the ”interaction energy”
of placing them in each other’s fields. For a charge Q far from a dipole, the interaction
energy is U = Q× Vdipole, where Vdipole at an axial point is approximately kp/r2.
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17. A wire of resistance R is bent to form a square ABCD as shown in the figure.
The effective resistance between E and C is : (E is mid-point of arm CD)

(A) 3
4R

(B) 1
16R

(C) 7
64R

(D) R

Correct Answer: (C) 7
64R

Solution:

Step 1: Understanding the Question:
A uniform wire with total resistance R is shaped into a square. We need to find the equivalent
resistance between one corner (C) and the midpoint of the opposite side (E).

Step 2: Key Formula or Approach:
First, determine the resistance of each segment of the square. Then, identify the parallel paths
between the two points (E and C). Finally, use the formula for equivalent resistance of parallel
resistors: 1

Req
= 1

R1
+ 1

R2
or Req =

R1R2

R1+R2
.

Step 3: Detailed Explanation:
The total resistance of the wire is R. When bent into a square ABCD, the resistance of each of
the four sides (AB, BC, CD, DA) will be equal.
Resistance of each side = R

4 .
Point E is the midpoint of the side CD. Therefore, it divides the resistance of arm CD into two
equal halves.
Resistance of segment CE = RCE = 1

2RCD = 1
2

(
R
4

)
= R

8 .

Resistance of segment ED = RED = 1
2RCD = R

8 .

Now, we find the equivalent resistance between points E and C. There are two parallel paths
for the current to flow from E to C.
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Path 1: The direct path from E to C along the segment CE.
Resistance of Path 1, R1 = RCE = R

8 .

Path 2: The longer path from E, going through D, A, B, and finally to C. The total resistance
of this path is the sum of the resistances of the segments ED, DA, AB, and BC.
R2 = RED +RDA +RAB +RBC

R2 =
R
8 + R

4 + R
4 + R

4

R2 =
R
8 + 3R

4 = R+6R
8 = 7R

8 .

These two paths are in parallel. The effective resistance REC is:

REC =
R1 ×R2

R1 +R2
=

(R8 )× (7R8 )

(R8 ) + (7R8 )

REC =
7R2

64
8R
8

=
7R2

64

R
=

7R

64

Step 4: Final Answer:
The effective resistance between E and C is 7R

64 .

� Quick Tip

When calculating equivalent resistance, always start by identifying the terminals.
Then, trace all possible current paths between these terminals. Segments along the
same path are in series, while different paths between the same two nodes are in par-
allel. Redrawing the circuit can often clarify the connections.

18. Determine the charge on the capacitor in the following circuit:

(A) 2 µC
(B) 200 µC
(C) 60 µC
(D) 10 µC

Correct Answer: (B) 200 µC

Solution:
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Step 1: Understanding the Question:
We need to find the charge stored on the capacitor in the given DC circuit. The key is to
analyze the circuit at a steady state.

Step 2: Key Formula or Approach:
1. At steady state in a DC circuit (after a long time), a capacitor acts as an open circuit,
meaning no current flows through the branch containing the capacitor.
2. The voltage across the capacitor will be equal to the potential difference between the two
points it is connected across.
3. The charge on the capacitor is given by Q = CV , where C is the capacitance and V is the
voltage across it.

Step 3: Detailed Explanation:
The circuit diagram can be interpreted as a 4Ω resistor in series with a parallel combination of
a 6Ω resistor and a 2Ω resistor. The capacitor and the 10Ω resistor are placed in parallel with
the 2Ω resistor. This interpretation seems complex and doesn’t lead to the options.
A more plausible interpretation that leads to one of the options is as follows: The circuit
consists of a 4Ω resistor in series with a parallel combination of a 6Ω resistor and a 2Ω resistor.
The capacitor (with the 10Ω resistor) is connected in parallel to the entire (6Ω —— 2Ω) block.
Let’s analyze this interpretation:
At steady state, the branch with the capacitor and the 10Ω resistor draws no current. So, we
can ignore it for the purpose of calculating the voltages in the rest of the circuit. The circuit
simplifies to the 4Ω resistor in series with the parallel combination of the 6Ω and 2Ω resistors.
The equivalent resistance of the parallel part is:

Rp =
6× 2

6 + 2
=

12

8
= 1.5Ω

The total equivalent resistance of the circuit is:

Req = R4Ω +Rp = 4Ω + 1.5Ω = 5.5Ω

The total current flowing from the 72V source is:

Itotal =
V

Req
=

72

5.5
=

720

55
=

144

11
A

The capacitor is connected across the parallel combination of the 6Ω and 2Ω resistors. There-
fore, the voltage across the capacitor, VC , is the voltage across this parallel block.

VC = Itotal ×Rp =
144

11
× 1.5 =

144

11
× 3

2
=

72× 3

11
=

216

11
V

VC ≈ 19.64V

Now, we can calculate the charge on the capacitor:

Q = C × VC = (10µF)×
(
216

11
V
)
=

2160

11
µC ≈ 196.36µC

This value is very close to 200 µC. Given the options, it is highly likely that this interpretation
of the ambiguous circuit diagram is the intended one.
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Step 4: Final Answer:
The charge on the capacitor is approximately 196.36 µC, which corresponds to the option 200
µC.

� Quick Tip

In steady-state DC analysis, always remember that capacitors block DC current. This
simplifies the circuit analysis, as you can treat the capacitor’s branch as an open circuit
to find the potential differences. The voltage across the capacitor is then determined
by the voltages at its connection points in the simplified resistive circuit.

19. A rectangular coil (Dimension 5 cm × 2.5 cm) with 100 turns, carrying a cur-
rent of 3 A in the clock-wise direction, is kept centered at the origin and in the
X-Z plane. A magnetic field of 1 T is applied along X-axis. If the coil is tilted
through 45◦ about Z-axis, then the torque on the coil is:

(A) 0.27 Nm
(B) 0.55 Nm
(C) 0.38 Nm
(D) 0.42 Nm

Correct Answer: (A) 0.27 Nm

Solution:

Step 1: Understanding the Question:
We have a current-carrying rectangular coil placed in a uniform magnetic field. We need to
calculate the magnitude of the torque on the coil after it is rotated by a specific angle about
the z-axis.

Step 2: Key Formula or Approach:
The torque τ⃗ on a magnetic dipole in a magnetic field B⃗ is given by τ⃗ = µ⃗× B⃗.
The magnetic dipole moment is µ⃗ = NIAn̂, where N is the number of turns, I is the current,
A is the area of the coil, and n̂ is the unit vector normal to the plane of the coil.
The magnitude of the torque is |τ | = µB sinϕ, where ϕ is the angle between µ⃗ and B⃗.

Step 3: Detailed Explanation:
First, let’s calculate the magnitude of the magnetic dipole moment µ.
Area of the coil, A = 5 cm× 2.5 cm = 12.5 cm2 = 12.5× 10−4 m2.
Number of turns, N = 100.
Current, I = 3 A.

µ = NIA = (100)(3)(12.5× 10−4) = 300× 12.5× 10−4 = 0.375A m2
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Initially, the coil is in the X-Z plane. By the right-hand rule for a clockwise current (as viewed
from the positive y-axis), the normal vector n̂ points along the -y axis. So, initially µ⃗ = −0.375ĵ.
The magnetic field is B⃗ = 1̂i T.

The coil is tilted by 45◦ about the Z-axis. This rotation also rotates the normal vector n̂ (and
thus µ⃗) by 45◦ about the Z-axis.
The initial normal vector is n̂initial = −ĵ. Let’s find the new vector after rotation. A vector
(vx, vy, vz) rotated by θ about the z-axis becomes (vx cos θ − vy sin θ, vx sin θ + vy cos θ, vz).
Here, v⃗ = (0,−1, 0) and θ = 45◦.
New vector n̂final = (0 · cos 45− (−1) sin 45, 0 · sin 45 + (−1) cos 45, 0)

n̂final = (sin 45,− cos 45, 0) =
(

1√
2
,− 1√

2
, 0
)
.

So, the new magnetic moment is µ⃗final = 0.375
(

1√
2
î− 1√

2
ĵ
)
.

Now we calculate the torque τ⃗ = µ⃗final × B⃗.

τ⃗ =

[
0.375

(
1√
2
î− 1√

2
ĵ

)]
× [1̂i]

τ⃗ =
0.375√

2
(̂i× î)− 0.375√

2
(ĵ × î)

Since î× î = 0 and ĵ × î = −k̂:

τ⃗ = 0− 0.375√
2

(−k̂) =
0.375√

2
k̂

The magnitude of the torque is:

|τ | = 0.375√
2

≈ 0.375

1.414
≈ 0.265Nm

This value is closest to 0.27 Nm.

Step 4: Final Answer:
The torque on the coil is approximately 0.27 Nm.

� Quick Tip

When dealing with rotations of vectors, it’s often easier to find the angle ϕ between the
final magnetic moment vector µ⃗ and the magnetic field vector B⃗ and use the magni-
tude formula |τ | = µB sinϕ. In this case, the angle between µ⃗final and B⃗ (along x-axis)
is 45◦, so |τ | = 0.375 × 1 × sin(45◦) = 0.375/

√
2. Wait, the angle between n̂final and î

is not 45. cosϕ = n̂final · î = 1/
√
2, so ϕ = 45◦. Yes, it is 45 degrees. The direct vector

cross-product is a more robust method to avoid angle errors.

20. A rigid square loop of side ’a’ and carrying current I2 is lying on a horizontal
surface near a long current I1 carrying wire in the same plane as shown in figure.
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The net force on the loop due to the wire will be:

(A) Zero
(B) Attractive and equal to µ0I1I2

3π

(C) Repulsive and equal to µ0I1I2
4π

(D) Repulsive and equal to µ0I1I2
2π

Correct Answer: (C) Repulsive and equal to µ0I1I2
4π

Solution:

Step 1: Understanding the Question:
We need to calculate the net magnetic force exerted by a long, straight wire carrying current
I1 on a nearby square loop carrying current I2.

Step 2: Key Formula or Approach:
1. The magnetic field produced by a long straight wire at a distance ’r’ is B = µ0I1

2πr .
2. The force on a straight wire of length L carrying current I placed in a uniform magnetic
field B is given by F = ILB sin θ. For a wire perpendicular to the field, F = ILB.
3. Parallel currents attract, and anti-parallel currents repel.

Step 3: Detailed Explanation:
Let’s analyze the forces on each of the four sides of the square loop. Let’s label the sides as
left, right, top, and bottom. The current I2 is shown to be clockwise.

Force on the left side:
This side is at a distance ’a’ from the wire I1. The current I2 flows upwards, parallel to I1.
Parallel currents attract.
The magnetic field at this side is Bleft =

µ0I1
2πa .

The force is attractive (towards the wire I1). Its magnitude is:

Fleft = I2 · a ·Bleft = I2 · a ·
(
µ0I1
2πa

)
=

µ0I1I2
2π

Force on the right side:
This side is at a distance ’a+a = 2a’ from the wire I1. The current I2 flows downwards, anti-
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parallel to I1. Anti-parallel currents repel.
The magnetic field at this side is Bright =

µ0I1
2π(2a)

= µ0I1
4πa .

The force is repulsive (away from the wire I1). Its magnitude is:

Fright = I2 · a ·Bright = I2 · a ·
(
µ0I1
4πa

)
=

µ0I1I2
4π

Forces on the top and bottom sides:
The magnetic field from wire I1 is perpendicular to the current in the top and bottom sides
of the loop. However, the field is not uniform along their length. For any small element on
the top wire, there is a corresponding element on the bottom wire where the force is equal in
magnitude but opposite in direction. Thus, the net force on the top and bottom sides cancels
out.

Net Force:
The net force is the vector sum of the forces on the left and right sides. Since the attractive
force Fleft is larger than the repulsive force Fright (because the left side is closer to the wire),
the net force will be attractive.

Fnet = Fleft − Fright =
µ0I1I2
2π

− µ0I1I2
4π

=
2µ0I1I2 − µ0I1I2

4π
=

µ0I1I2
4π

The direction is attractive (towards the long wire).

Note on the Provided Options:
Our calculation yields an attractive force of magnitude µ0I1I2

4π . None of the options perfectly
match this result. Option (C) has the correct magnitude but incorrectly states the force is
repulsive. This suggests a possible error in the question’s diagram (the direction of I2) or in
the options. If the current I2 were counter-clockwise, the net force would be repulsive with the
same magnitude. Given the available choices, and the fact that such errors are common, we
select the option with the correct magnitude. Assuming the intended question might have had
a counter-clockwise current, the force would be repulsive.

Step 4: Final Answer:
The magnitude of the net force is µ0I1I2

4π . Assuming the intended answer corresponds to this
magnitude, we choose option (C), while noting the discrepancy in the nature of the force as
per the provided diagram.

� Quick Tip

To find the net force on a current loop, calculate the force on each segment individually
and then sum them vectorially. For a loop near a long straight wire, the forces on the
sides parallel to the wire will not cancel as the magnetic field strength is different at
their locations. The forces on the perpendicular sides often cancel due to symmetry.

33



21. The total number of turns and cross-section area in a solenoid is fixed. How-
ever, its length L is varied by adjusting the separation between windings. The
inductance of solenoid will be proportional to:

(A) L
(B) L2

(C) 1/L2

(D) 1/L

Correct Answer: (D) 1/L

Solution:

Step 1: Understanding the Question:
We are analyzing how the self-inductance of a solenoid changes when its length is altered, while
keeping the total number of turns and the cross-sectional area constant.

Step 2: Key Formula or Approach:
The formula for the self-inductance (Lind) of a long solenoid is given by:

Lind =
µ0N

2A

l

where:
µ0 is the permeability of free space (a constant).
N is the total number of turns in the solenoid.
A is the cross-sectional area of the solenoid.
l is the length of the solenoid.

Step 3: Detailed Explanation:
In this problem, we are given that:
- The total number of turns, N, is fixed.
- The cross-section area, A, is fixed.
- The length, l (denoted as L in the question), is varied.
Looking at the inductance formula, we can see that µ0, N, and A are all constants for this
particular situation. The inductance Lind is the only variable that depends on the length l.
The relationship is:

Lind ∝ 1

l

This means that the inductance of the solenoid is inversely proportional to its length. If the
length is increased by stretching the windings, the inductance decreases, and vice-versa.

Step 4: Final Answer:
The inductance of the solenoid will be proportional to 1/L.
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� Quick Tip

It’s important to distinguish between the total number of turns (N) and the number
of turns per unit length (n). The inductance formula can also be written as Lind =
µ0n

2Al, where n = N/l. If ’n’ were fixed, the inductance would be proportional to ’l’.
However, in this question, N is fixed, so as ’l’ changes, ’n’ also changes, making the first
formula Lind = µ0N

2A/l the correct one to use. Always read the problem carefully to
see which quantities are held constant.

22. The magnetic field of a plane electromagnetic wave is given by: B⃗ = B0î cos(kz−
ωt) + B1ĵ cos(kz + ωt) where B0 = 3×10−5 T and B1 = 2×10−6 T. The rms value of
the force experienced by a stationary charge Q = 10−4 C at z=0 is closest to:

(A) 0.6 N
(B) 3×10−2 N
(C) 0.9 N
(D) 0.1 N

Correct Answer: (A) 0.6 N

Solution:

Step 1: Understanding the Question:
A stationary charge is placed in an electromagnetic field. We are given the magnetic field
component B⃗ of the wave and need to find the rms force on the charge. The force on a charge
in an EM field is given by the Lorentz force law.

Step 2: Key Formula or Approach:
1. The Lorentz force is given by F⃗ = Q(E⃗ + v⃗× B⃗). Since the charge is stationary, its velocity
v⃗ = 0, and the force simplifies to the electric force F⃗ = QE⃗.
2. For a plane EM wave, the electric field E⃗ is related to the magnetic field B⃗. For a wave
traveling in the direction k̂dir, the relation is E⃗ = c(B⃗ × k̂dir).
3. The rms value of a sinusoidal quantity A cos(ωt) is Arms = A/

√
2.

Step 3: Detailed Explanation:
The given magnetic field is a superposition of two waves:
- B⃗part1 = B0î cos(kz − ωt), traveling in the +z direction.

- B⃗part2 = B1ĵ cos(kz + ωt), traveling in the -z direction.

We must find the corresponding electric fields:
For the first part (+z direction):
E⃗1 = c(B⃗part1 × k̂) = c(B0 cos(kz − ωt)̂i× k̂) = cB0 cos(kz − ωt)(−ĵ)

For the second part (-z direction, so k̂dir = −k̂):
E⃗2 = c(B⃗part2 × (−k̂)) = −c(B1 cos(kz + ωt)ĵ × k̂) = −cB1 cos(kz + ωt)(̂i)
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The total electric field is E⃗ = E⃗1 + E⃗2 = −cB1 cos(kz + ωt)̂i− cB0 cos(kz − ωt)ĵ.
The charge is at z = 0. Substituting z = 0:
E⃗(z = 0, t) = −cB1 cos(ωt)̂i− cB0 cos(−ωt)ĵ
Since cos(−x) = cos(x):
E⃗(t) = −c cos(ωt)[B1î+B0ĵ]

The force on the stationary charge Q is F⃗ = QE⃗:
F⃗ (t) = −Qc cos(ωt)[B1î+B0ĵ]
This is a force vector that oscillates in direction and magnitude. The magnitude of the force
is:
|F⃗ (t)| = Qc

√
B2
1 +B2

0 | cos(ωt)|.
The amplitude (maximum value) of the force is Fmax = Qc

√
B2
1 +B2

0 .

The rms value of a vector oscillating sinusoidally is its amplitude divided by
√
2.

Frms =
Fmax√

2
=

Qc
√

B2
1 +B2

0√
2

Given values: Q = 10−4 C, c = 3× 108 m/s, B0 = 3× 10−5 T, B1 = 2× 10−6 T.
Since B0 ≫ B1, we can approximate

√
B2
1 +B2

0 ≈ B0.

Frms ≈
QcB0√

2
=

(10−4)(3× 108)(3× 10−5)√
2

=
9× 10−1

√
2

=
0.9

1.414
≈ 0.636 N

Step 4: Final Answer:
The calculated rms force is approximately 0.636 N, which is closest to 0.6 N.

� Quick Tip

A stationary charge experiences no force from a purely magnetic field. In an electro-
magnetic wave, the force on a stationary charge is solely due to the electric field com-
ponent. Remember the relation E = cB for the magnitudes and use the vector cross
product to find the direction of E⃗.

23. A concave mirror for face viewing has focal length of 0.4 m. The distance at
which you hold the mirror from your face in order to see your image upright with
a magnification of 5 is:

(A) 0.16 m
(B) 1.60 m
(C) 0.32 m
(D) 0.24 m

Correct Answer: (C) 0.32 m

Solution:
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Step 1: Understanding the Question:
We need to find the object distance (u) for a concave mirror given its focal length (f) and the
desired magnification (m) for an upright image.

Step 2: Key Formula or Approach:
1. Sign Convention: We use the Cartesian sign convention. The pole of the mirror is the
origin. The direction of incident light is taken as positive. For a concave mirror, the focal
length (f) is negative. The object distance (u) is negative for a real object placed in front of
the mirror.
2. Magnification (m): For a mirror, m = − v

u . An upright image is virtual, so its magnifica-
tion is positive.
3. Mirror Formula: 1

f = 1
v + 1

u .

Step 3: Detailed Explanation:
Given values with sign convention:
Focal length, f = −0.4 m (concave mirror).
The image is upright, so the magnification is positive. m = +5.

Using the magnification formula:

m = −v

u

+5 = −v

u
=⇒ v = −5u

The negative sign for v relative to u indicates that if the object is real (u ¡ 0), the image is
virtual (v ¿ 0), which is consistent with an upright image in a concave mirror.

Now, substitute this relation into the mirror formula:

1

f
=

1

v
+

1

u

1

−0.4
=

1

−5u
+

1

u

− 1

0.4
=

−1 + 5

5u

−2.5 =
4

5u

Rearranging to solve for u:

5u =
4

−2.5
=

4

−5/2
= −8

5
= −1.6

u = −1.6

5
= −0.32 m

The negative sign indicates that the object (face) must be placed 0.32 m in front of the mirror.
The question asks for the distance, which is the magnitude of u.
Distance = |u| = 0.32 m.
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Step 4: Final Answer:
The mirror should be held at a distance of 0.32 m from the face.

� Quick Tip

For a concave mirror to produce a virtual, upright, and magnified image, the object
must be placed between the pole and the focal point (i.e., |u| < |f |). Our result |u| =
0.32 m is indeed less than |f | = 0.4 m, which serves as a good consistency check.

24. The figure shows a Young’s double slit experimental setup. It is observed that
when a thin transparent sheet of thickness t and refractive index µ is put in front
of one of the slits, the central maximum gets shifted by a distance equal to n fringe
widths. If the wavelength of light used is λ, t will be:

(A) Dλ
a(µ−1)

(B) nDλ
a(µ−1)

(C) 2Dλ
a(µ−1)

(D) 2nDλ
a(µ−1)

Correct Answer: The correct expression is t = nλ
µ−1 , which is not among the options.

Solution:

Step 1: Understanding the Question:
In a Young’s double-slit experiment (YDSE), introducing a transparent sheet in the path of
one of the beams introduces an extra optical path length. This causes the entire interference
pattern, including the central maximum, to shift. We are given the shift in terms of fringe
widths and need to find the thickness ’t’ of the sheet.

38



Step 2: Key Formula or Approach:
1. The optical path length through a medium of refractive index µ and thickness t is µt. The
extra path length introduced compared to traveling the same thickness t in a vacuum (or air,
µ ≈ 1) is ∆p = µt− t = (µ− 1)t.
2. This additional path difference causes a shift in the position of the fringes on the screen.
The shift of the central maximum, yshift, is given by yshift =

D
a × (extra path difference), where

D is the screen distance and ’a’ is the slit separation.
3. The fringe width, β, is given by β = λD

a .

Step 3: Detailed Explanation:
The introduction of the transparent sheet creates an additional optical path difference of (µ−1)t.
This causes the entire fringe pattern to shift. The position of the new central maximum (where
the total path difference is zero) is shifted by an amount yc.
The shift yc is calculated by equating the geometric path difference (ayc/D) to the optical path
difference introduced by the sheet:

ayc
D

= (µ− 1)t

yc =
D

a
(µ− 1)t

We are given that this shift is equal to ’n’ fringe widths:

yc = nβ

The formula for fringe width is β = λD
a . So,

yc = n
λD

a

Now, we equate the two expressions for the shift yc:

D

a
(µ− 1)t = n

λD

a

We can cancel the term D/a from both sides of the equation:

(µ− 1)t = nλ

Finally, we solve for the thickness t:

t =
nλ

µ− 1

Step 4: Final Answer:
The correct expression for the thickness t is t = nλ

µ−1 . Upon reviewing the given options, none
of them match this standard and correct result. This indicates a significant error in the options
provided in the question paper. Such questions are typically awarded bonus marks in the actual
examination.

39



� Quick Tip

The core concept here is that introducing a transparent plate of thickness ’t’ and re-
fractive index ’µ’ in one path of a YDSE setup is equivalent to increasing the geomet-
ric path length of that beam by (µ − 1)t. This causes a shift of the entire pattern by
y = D

a (µ− 1)t.

25. Taking the wavelength of first Balmer line in hydrogen spectrum (n=3 to n=2)
as 660 nm, the wavelength of the 2nd Balmer line (n=4 to n=2) will be:

(A) 488.9 nm
(B) 889.2 nm
(C) 388.9 nm
(D) 642.7 nm

Correct Answer: (A) 488.9 nm

Solution:

Step 1: Understanding the Question:
We are given the wavelength of a specific spectral line in the hydrogen atom (the first Balmer
line) and asked to calculate the wavelength of another line in the same series (the second Balmer
line).

Step 2: Key Formula or Approach:
The wavelengths of spectral lines in the hydrogen atom are given by the Rydberg formula:

1

λ
= RH

(
1

n2f
− 1

n2i

)
where RH is the Rydberg constant, nf is the principal quantum number of the final energy
level, and ni is the principal quantum number of the initial energy level.
For the Balmer series, the final state is always nf = 2.

Step 3: Detailed Explanation:
For the 1st Balmer line (λ1):
The transition is from ni = 3 to nf = 2. We are given λ1 = 660 nm.
Using the Rydberg formula:

1

λ1
=

1

660
= RH

(
1

22
− 1

32

)
= RH

(
1

4
− 1

9

)
= RH

(
9− 4

36

)
=

5RH

36
(Equation 1)

For the 2nd Balmer line (λ2):
The transition is from ni = 4 to nf = 2. We need to find λ2.
Using the Rydberg formula:
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1

λ2
= RH

(
1

22
− 1

42

)
= RH

(
1

4
− 1

16

)
= RH

(
4− 1

16

)
=

3RH

16
(Equation 2)

Finding λ2:
To find λ2, we can take the ratio of Equation 2 to Equation 1. This eliminates the Rydberg
constant RH .

1/λ2
1/λ1

=
λ1
λ2

=
3RH/16

5RH/36

λ1
λ2

=
3

16
× 36

5
=

3× 9

4× 5
=

27

20

Now, solve for λ2:

λ2 = λ1 ×
20

27

Substitute the given value of λ1 = 660 nm:

λ2 = 660 nm× 20

27
=

13200

27
nm ≈ 488.88... nm

Step 4: Final Answer:
The calculated wavelength of the 2nd Balmer line is approximately 488.9 nm.

� Quick Tip

When asked to find the wavelength of one transition given another, it’s almost always
easiest to set up a ratio of the Rydberg formulas for the two transitions. This way, the
Rydberg constant cancels out, and you don’t need to know its value.

26. The electric field of light wave is given as E = 10−3 cos
(

2πx
5×10−7 − 2π × 6× 1014t

)
N
C .

This light falls on a metal plate of work function 2eV. The stopping potential of
the photo-electrons is: Given, E (in eV) = 12375

λ(in Å)

(A) 0.72 V
(B) 0.48 V
(C) 2.48 V
(D) 2.0 V

Correct Answer: (B) 0.48 V

Solution:

Step 1: Understanding the Question:
We are given the equation for the electric field of a light wave. This light causes the photoelec-
tric effect on a metal with a known work function. We need to calculate the stopping potential
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for the emitted electrons.

Step 2: Key Formula or Approach:
1. Extract the wavelength (λ) or frequency (ν) of the light from its electric field equation. The
general form is E = E0 cos(kx− ωt).
2. Calculate the energy of the incident photons using E = hν = hc/λ. The question provides
a convenient formula for this: E(in eV) = 12375

λ(in Å)
.

3. Use Einstein’s photoelectric equation: Kmax = Ephoton − ϕ, where Kmax is the maximum
kinetic energy of the photoelectrons and ϕ is the work function.
4. The stopping potential (Vs) is related to Kmax by Kmax = eVs. Therefore, Vs = (Ephoton −
ϕ)/e, where if energies are in eV, the numerical value of Vs in Volts is just Ephoton − ϕ.

Step 3: Detailed Explanation:
The given electric field equation is:

E = 10−3 cos
(

2πx

5× 10−7
− 2π × 6× 1014t

)
Comparing this to the standard form E = E0 cos(kx− ωt), we can identify the wave number,
k:

k =
2π

5× 10−7

Since k = 2π/λ, we can directly find the wavelength λ:

λ = 5× 10−7 m

To use the given energy formula, we need to convert the wavelength to Angstroms (Å). Since
1 Å = 10−10 m:

λ = (5× 10−7 m)× 1 Å

10−10 m
= 5× 103 Å = 5000 Å

Now, calculate the energy of one photon in eV using the provided formula:

Ephoton =
12375

λ(in Å)
=

12375

5000
eV = 2.475 eV

The work function of the metal is given as ϕ = 2 eV.
Using the photoelectric equation to find the maximum kinetic energy of the photoelectrons:

Kmax = Ephoton − ϕ = 2.475 eV− 2.0 eV = 0.475 eV

The stopping potential Vs is the potential required to stop the most energetic electrons. By
definition, eVs = Kmax.

eVs = 0.475 eV

Dividing by the elementary charge ’e’, we get the potential in Volts:

Vs = 0.475 V
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Step 4: Final Answer:
The stopping potential is 0.475 V. This is approximately 0.48 V.

� Quick Tip

The expression for the energy of a photon in eV, E(eV ) ≈ 12400

λ(Å)
or E(eV ) ≈ 1240

λ(nm)
,

is a very useful shortcut in modern physics problems. It saves you from having to use
Planck’s constant and the speed of light in SI units and then converting from Joules to
eV.

27. An NPN transistor is used in common emitter configuration as an amplifier
with 1 kΩ load resistance. Signal voltage of 10 mV is applied across the base-
emitter. This produces a 3 mA change in the collector current and 15 µA change
in the base current of the amplifier. The input resistance and voltage gain are:

(A) 0.33 kΩ, 300
(B) 0.33 kΩ, 1.5
(C) 0.67 kΩ, 300
(D) 0.67 kΩ, 200

Correct Answer: (C) 0.67 kΩ, 300

Solution:

Step 1: Understanding the Question:
We are given the operating parameters for an NPN transistor in a common-emitter (CE) am-
plifier circuit. We need to calculate two key characteristics: the input resistance (Rin) and the
voltage gain (AV ).

Step 2: Key Formula or Approach:
1. Input Resistance (Rin): This is the ratio of the change in input voltage (base-emitter
voltage, VBE) to the corresponding change in input current (base current, IB).

Rin =
∆VBE

∆IB
2. Voltage Gain (AV ): This is the ratio of the change in output voltage (collector voltage,
VCE) to the change in input voltage (VBE).

AV =
∆Vout
∆Vin

=
∆VCE

∆VBE

The change in output voltage is determined by the change in collector current (IC) flowing
through the load resistor (RL): ∆Vout = −∆IC × RL. We are interested in the magnitude of
the gain.
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Step 3: Detailed Explanation:
Given values:
Load Resistance, RL = 1 kΩ = 1000Ω.
Input Signal Voltage, ∆Vin = ∆VBE = 10 mV = 10× 10−3 V.
Change in Collector Current, ∆IC = 3 mA = 3× 10−3 A.
Change in Base Current, ∆IB = 15 µA = 15× 10−6 A.

Calculate Input Resistance (Rin):

Rin =
∆VBE

∆IB
=

10× 10−3 V

15× 10−6 A
=

10

15
× 103Ω =

2

3
× 1000Ω

Rin ≈ 666.67Ω ≈ 0.67 kΩ

Calculate Voltage Gain (AV ):
First, find the change in output voltage. The magnitude is:

|∆Vout| = |∆IC ×RL| = (3× 10−3 A)× (1× 103Ω) = 3 V

Now, calculate the magnitude of the voltage gain:

|AV | =
|∆Vout|
|∆Vin|

=
3 V

10× 10−3 V
=

3

0.01
= 300

The calculated values are an input resistance of approximately 0.67 kΩ and a voltage gain of 300.

Step 4: Final Answer:
The input resistance is 0.67 kΩ and the voltage gain is 300. This corresponds to option (C).

� Quick Tip

An alternative way to calculate voltage gain is using the formula AV = β RL

Rin
, where β

is the current gain (β = ∆IC/∆IB). First calculating β = (3 mA)/(15 µA) = 200,
and then AV = 200 × (1 kΩ)/(0.67 kΩ) ≈ 300. This provides a good check for your
calculations.

28. A signal Acos(ωt) is transmitted using v0 sin(ω0t) as carrier wave. The correct
amplitude modulated (AM) signal is:

(A) v0 sin(ω0t) + A cos(ωt)
(B) (v0 + A) cos(ωt) sin(ω0t)
(C) v0 sin(ω0t) +

A
2 sin(ω0 − ω)t+ A

2 sin(ω0 + ω)t
(D) v0 sin[ω0(1 + 0.01A sin(ωt))t]

Correct Answer: (C) v0 sin(ω0t) +
A
2 sin(ω0 − ω)t+ A

2 sin(ω0 + ω)t
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Solution:

Step 1: Understanding the Question:
We are asked to identify the correct mathematical representation of an Amplitude Mod-
ulated (AM) wave, formed by a modulating signal m(t) = A cos(ωt) and a carrier wave
c(t) = v0 sin(ω0t).

Step 2: Key Formula or Approach:
In amplitude modulation, the amplitude of the high-frequency carrier wave is varied in accor-
dance with the instantaneous amplitude of the low-frequency modulating signal. The standard
expression for an AM wave s(t) is:

s(t) = [Ac +m(t)] cos(ωct) or s(t) = [Ac +m(t)] sin(ωct)

where Ac and ωc are the amplitude and angular frequency of the carrier, and m(t) is the modu-
lating signal. The resulting expression can be expanded using trigonometric identities to show
its frequency components: the carrier and two sidebands.

Step 3: Detailed Explanation:
Let’s construct the AM wave using the given signals.
Carrier amplitude: Ac = v0.
Carrier wave: v0 sin(ω0t).
Modulating signal: m(t) = A cos(ωt).

The instantaneous amplitude of the AM wave will be Ainst(t) = v0 + A cos(ωt).
The complete AM signal is this amplitude multiplied by the carrier signal:

s(t) = [v0 + A cos(ωt)] sin(ω0t)

Now, let’s expand this expression:

s(t) = v0 sin(ω0t) + A cos(ωt) sin(ω0t)

The first term, v0 sin(ω0t), is the original carrier wave component.
To expand the second term, we use the trigonometric product-to-sum identity:
cos(X) sin(Y ) = 1

2 [sin(X + Y )− sin(X − Y )]. Let X = ωt and Y = ω0t.

A cos(ωt) sin(ω0t) =
A
2 [sin(ωt+ ω0t)− sin(ωt− ω0t)]

Using the property sin(−z) = − sin(z), we have sin(ωt− ω0t) = − sin(ω0t− ωt).

A cos(ωt) sin(ω0t) =
A

2
[sin((ω0 + ω)t) + sin((ω0 − ω)t)]

So, the full expression for the AM wave is:

s(t) = v0 sin(ω0t) +
A

2
sin((ω0 + ω)t) +

A

2
sin((ω0 − ω)t)

This expression shows the three frequency components of the AM wave: - The carrier at fre-
quency ω0. - The upper sideband (USB) at frequency ω0 + ω. - The lower sideband (LSB) at
frequency ω0 − ω. This expanded form matches option (C) exactly (the order of sidebands is
just switched).
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Step 4: Final Answer:
The correct representation of the AM signal in terms of its frequency components is given in
option (C).

� Quick Tip

An AM signal in the time domain is represented as s(t) = [Ac + m(t)] cos(ωct). In the
frequency domain, it consists of three components: the carrier frequency (ωc) and two
sideband frequencies (ωc ± ωm), where ωm is the modulating frequency. Being able to
switch between these two representations is key in communication systems problems.

29. If ’M’ is the mass of water that rises in a capillary tube of radius ’r’, then mass
of water which will rise in a capillary tube of radius ’2r’ is:

(A) 4 M
(B) 2 M
(C) M
(D) M/2

Correct Answer: (B) 2 M

Solution:

Step 1: Understanding the Question:
This question deals with the phenomenon of capillary action. We need to find how the mass of
the liquid that rises in a capillary tube depends on the radius of the tube.

Step 2: Key Formula or Approach:
1. The height (h) to which a liquid rises in a capillary tube is given by Jurin’s Law:

h =
2S cos θ

rρg

where S is the surface tension of the liquid, θ is the contact angle, r is the radius of the tube,
ρ is the density of the liquid, and g is the acceleration due to gravity.
2. The mass (M) of the liquid that rises is its volume multiplied by its density. Assuming the
capillary column is a cylinder of height h and radius r:

M = Volume×Density = (πr2h)× ρ

Step 3: Detailed Explanation:
From Jurin’s Law, for a given liquid (S, ρ, θ are constant) and location (g is constant), the
height of ascent is inversely proportional to the radius of the tube:

h ∝ 1

r

46



Now let’s express the mass M in terms of the radius r.

M = πr2hρ

Since h is proportional to 1/r, we can substitute this proportionality into the mass equation:

M ∝ r2 ×
(
1

r

)
M ∝ r

This shows that the mass of the liquid that rises in a capillary tube is directly proportional to
the radius of the tube.

Now we can set up a ratio for the two different radii:
Let M1 be the mass for radius r1 = r. We are given M1 = M .
Let M2 be the mass for radius r2 = 2r. We need to find M2.
Using the proportionality M ∝ r:

M2

M1
=

r2
r1

M2

M
=

2r

r
= 2

M2 = 2M

Step 4: Final Answer:
The mass of water that will rise in a capillary tube of radius ’2r’ is 2M.

� Quick Tip

While the height ’h’ of capillary rise decreases with radius (h ∝ 1/r), the volume of the
column (V = πr2h) and thus the mass (M = ρV ) are proportional to r2 × (1/r) = r.
So, a wider tube supports a shorter but heavier column of liquid.

30. A moving coil galvanometer has resistance 50 Ω and it indicates full deflection
at 4 mA current. A voltmeter is made using this galvanometer and a 5 kΩ resis-
tance. The maximum voltage, that can be measured using this voltmeter, will be
close to:

(A) 10 V
(B) 15 V
(C) 20 V
(D) 40 V

Correct Answer: (C) 20 V
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Solution:

Step 1: Understanding the Question:
We are asked to find the maximum voltage (the range) of a voltmeter that is constructed by
connecting a high resistance in series with a given moving coil galvanometer.

Step 2: Key Formula or Approach:
1. To convert a galvanometer into a voltmeter, a high resistance, known as a series resistor
(Rs), is connected in series with the galvanometer coil.
2. The maximum voltage (Vmax) the voltmeter can measure is the voltage across the entire
series combination when the maximum permissible current (Ig, the full-scale deflection current)
flows through it.
3. According to Ohm’s law, this maximum voltage is given by:

Vmax = Ig ×Rtotal = Ig × (Rg +Rs)

where Rg is the galvanometer resistance.

Step 3: Detailed Explanation:
We are given the following values:
Galvanometer resistance, Rg = 50Ω.
Full-scale deflection current, Ig = 4 mA = 4× 10−3 A.
Series resistance, Rs = 5 kΩ = 5× 103Ω = 5000Ω.

First, calculate the total resistance of the voltmeter:

Rtotal = Rg +Rs = 50Ω + 5000Ω = 5050Ω

Now, calculate the maximum voltage that can be measured, which occurs when the current is Ig:

Vmax = Ig ×Rtotal

Vmax = (4× 10−3 A)× (5050Ω)

Vmax = 0.004× 5050 = 20.2 V

Step 4: Final Answer:
The calculated maximum voltage is 20.2 V. The question asks for the value ”close to” this.
Among the options, 20 V is the closest value.

� Quick Tip

To convert a galvanometer to a voltmeter, connect a high resistance in series. The
range of the voltmeter is V = Ig(Rg + Rs). To convert a galvanometer to an am-
meter, connect a low resistance (shunt) in parallel. The range of the ammeter is
I = Ig(1 +Rg/Rsh). Remembering these two conversion principles is essential.
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Chemistry

31. The major product of the following reaction is: CH3CH = CHCO2CH3
LiAlH4−−−−→ ?

(A) CH3CH2CH2CO2CH3

(B) CH3CH = CHCH2OH

(C) CH3CH2CH2CH2OH
(D) CH3CH2CH2CHO

Correct Answer: (C) CH3CH2CH2CH2OH

Solution:

Step 1: Understanding the Question:
The question asks for the major product when an α, β-unsaturated ester (methyl but-2-enoate)
is treated with lithium aluminium hydride (LiAlH4).

Step 2: Key Formula or Approach:
Lithium aluminium hydride (LiAlH4) is a very strong, non-selective reducing agent. It reacts
with a wide variety of carbonyl compounds and other functional groups.
- It reduces esters (−COOR) to primary alcohols (−CH2OH).
- It also typically reduces carbon-carbon double bonds (C = C) that are in conjugation with a
carbonyl group.

Step 3: Detailed Explanation:
The starting material is CH3CH = CHCO2CH3. It contains two reducible functional groups
for LiAlH4:
1. An ester group (−CO2CH3).
2. A carbon-carbon double bond (CH = CH) which is in conjugation with the ester’s carbonyl
group.

The powerful hydride reagent LiAlH4 will attack and reduce both of these functional groups.
- **Reduction of the ester:** The ester group −CO2CH3 is reduced completely to a primary
alcohol group, −CH2OH.
- **Reduction of the double bond:** The conjugated C=C double bond is also reduced by
LiAlH4 to a C-C single bond.

Combining these two transformations:

CH3 − CH = CH − CO2CH3
methyl but-2-enoate

LiAlH4−−−−→ CH3 − CH2 − CH2 − CH2OH
butan-1-ol

The final product is the saturated primary alcohol, butan-1-ol.

Let’s evaluate the given options:
- (A) CH3CH2CH2CO2CH3: Incorrect. The ester group is not reduced.
- (B) CH3CH = CHCH2OH: Incorrect. This would be the product if only the ester were
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reduced, leaving the double bond intact. This can sometimes be achieved with milder reagents
or under specific conditions, but not typically with excess LiAlH4.
- (C) CH3CH2CH2CH2OH: Correct. Both the ester and the conjugated double bond are
reduced.
- (D) CH3CH2CH2CHO: Incorrect. An aldehyde is an intermediate in the reduction of an
ester but is immediately reduced further to an alcohol by LiAlH4.

Step 4: Final Answer:
The major product of the reaction is butan-1-ol, CH3CH2CH2CH2OH.

� Quick Tip

Remember the reactivity of common reducing agents. LiAlH4 is a brute-force reagent
that reduces almost all polar multiple bonds, including esters to alcohols, and conju-
gated C=C bonds. In contrast, NaBH4 is milder and typically reduces aldehydes and
ketones but not esters or isolated C=C bonds. For selective reduction of the ester to an
alcohol while preserving the double bond, DIBAL-H at low temperatures is often used.

32. The increasing order of reactivity of the following compounds towards aromatic
electrophilic substitution reaction is:

A: Chlorobenzene, B: Anisole, C: Toluene, D: Benzonitrile

(A) A < B < C < D
(B) D < A < C < B
(C) D < B < A < C
(D) B < C < A < D

Correct Answer: (B) D < A < C < B

Solution:

Step 1: Understanding the Question:
We need to arrange four substituted benzene compounds in order of their increasing reactiv-
ity towards electrophilic aromatic substitution (EAS). Reactivity in EAS is determined by the
electron density of the benzene ring, which is influenced by the attached substituent.

Step 2: Key Formula or Approach:
- **Activating Groups:** Electron-donating groups (EDGs) increase the electron density on
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the ring, making it more nucleophilic and thus more reactive towards electrophiles. They are
called activating groups. Examples include −OH,−OR,−NH2,−R (alkyl).
- **Deactivating Groups:** Electron-withdrawing groups (EWGs) decrease the electron density
on the ring, making it less reactive. They are called deactivating groups. Examples include
−NO2,−CN,−SO3H,−CHO,−COOH,−X (halogens).
- The reactivity order is determined by the strength of the activating or deactivating effect.

Step 3: Detailed Explanation:
Let’s analyze the substituent in each compound:
- A: Chlorobenzene (−Cl): The chloro group is an electron-withdrawing group due to its
strong inductive effect (-I). It has a weak electron-donating resonance effect (+R), but the -I
effect dominates, making it a deactivating group overall.
- B: Anisole (−OCH3): The methoxy group is a strong electron-donating group. Its reso-
nance effect (+R) is very strong and greatly outweighs its inductive effect (-I). It is a strong
activating group.
- C: Toluene (−CH3): The methyl group is an electron-donating group due to its inductive
effect (+I) and hyperconjugation. It is a weak activating group.
- D: Benzonitrile (−CN): The cyano group is a strong electron-withdrawing group due to
both a strong inductive effect (-I) and a strong resonance effect (-R). It is a strong deactivating
group.

Now, let’s rank them by reactivity:
- The strongest activating group is −OCH3 (B), so it’s the most reactive.
- The next is the weak activating group −CH3 (C).
- Benzene (unsubstituted) would be the baseline.
- The weak deactivating group is −Cl (A).
- The strongest deactivating group is −CN (D), so it’s the least reactive.

The order of decreasing reactivity is: Anisole (B) > Toluene (C) > Chlorobenzene (A) > Ben-
zonitrile (D).
The question asks for the increasing order of reactivity. So we reverse the sequence:
Benzonitrile (D) < Chlorobenzene (A) < Toluene (C) < Anisole (B).
This corresponds to the order D < A < C < B.

Step 4: Final Answer:
The correct increasing order of reactivity is D < A < C < B.

� Quick Tip

To quickly determine reactivity for EAS, classify substituents. Strong activators
(−O−,−NH2,−OH,−OR) > Moderate activators (−NHCOR,−OR) > Weak ac-
tivators (Alkyl groups) > Halogens (weak deactivators) > Moderate deactivators
(−CHO,−COR,−COOR) > Strong deactivators (−CN,−SO3H,−NO2,−NR+

3 ).
Halogens are unique as they are deactivating but ortho-, para-directing.
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33. The major product of the following reaction is:

CH3C ≡ CH
(i) DCl (1 equiv.) (ii) DI−−−−−−−−−−−−−−−−−→?

(A) CH3CD2CH(Cl)(I)
(B) CH3CD(I)CHD(Cl)
(C) CH3CD(Cl)CHD(I)
(D) CH3C(I)(Cl)CHD2

Correct Answer: (D) CH3C(I)(Cl)CHD2

Solution:

Step 1: Understanding the Question:
This is a two-step reaction sequence involving the addition of hydrogen halides (with deuterium
isotopes) to an unsymmetrical alkyne (propyne). We need to predict the final major product,
which involves understanding the regioselectivity of these electrophilic additions.

Step 2: Key Formula or Approach:
The addition of hydrogen halides (HX, DX) to unsymmetrical alkynes and alkenes follows
Markovnikov’s rule. This rule states that in the addition of a protic acid HX to an alkene
or alkyne, the hydrogen atom (or deuterium) becomes bonded to the carbon atom that has
the greater number of hydrogen atoms already bonded to it. The halide (X−) bonds to the
more substituted carbon. This rule is a consequence of forming the more stable carbocation
intermediate.

Step 3: Detailed Explanation:
Step (i): Addition of DCl to propyne (CH3C ≡ CH)
Propyne is an unsymmetrical alkyne. According to Markovnikov’s rule, the electrophile D+

will add to the terminal carbon (C1), which has one hydrogen, while the nucleophile Cl− will
add to the internal carbon (C2), which has no hydrogens.

CH3 − C ≡ C −H +DCl → CH3 − C(Cl) = CH(D)

The intermediate product is (Z/E)-2-chloro-1-deuteriopropene.

Step (ii): Addition of DI to the alkene (CH3C(Cl) = CHD)
Now, we add DI to this unsymmetrical alkene. Again, this is an electrophilic addition that
follows Markovnikov’s rule. The electrophile D+ will add to the double-bonded carbon that
leads to the more stable carbocation.
- Path A: If D+ adds to C1 (the CHD carbon), the carbocation formed is CH3 − C+(Cl) −
CHD2. This is a secondary carbocation, and it is significantly stabilized by resonance from
the lone pairs on the adjacent chlorine atom.
- Path B: If D+ adds to C2 (the C(Cl) carbon), the carbocation formed is CH3 − C(Cl)D −
CH+D. This is a primary carbocation, which is much less stable than the one in Path A.

Therefore, the reaction proceeds via Path A. The more stable carbocation CH3 − C+(Cl) −
CHD2 is formed. The nucleophile I− will then attack this carbocation at C2.
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CH3 − C+(Cl)− CHD2 + I− → CH3 − C(Cl)(I)− CHD2

The final product has both the chlorine and iodine atoms on the C2 carbon, one deuterium
from the first step on C1, and a second deuterium from the second step also on C1.
The final product is 1,1-dideuterio-2-chloro-2-iodopropane.

Step 4: Final Answer:
The structure of the major product is CH3C(I)(Cl)CHD2. This matches option (D).

� Quick Tip

Markovnikov’s rule is all about forming the most stable carbocation intermediate.
When evaluating carbocation stability, remember the order: tertiary ¿ secondary ¿ pri-
mary. Also, look for resonance stabilization, especially from adjacent lone pairs (like on
O, N, or halogens), which can be a very powerful stabilizing effect.

34. Which of the following statements is not true about sucrose?

(A) On hydrolysis, it produces glucose and fructose.
(B) It is a non reducing sugar.
(C) The glycosidic linkage is present between C1 of α-glucose and C1 of β-fructose.
(D) It is also named as invert sugar.

Correct Answer: (C) The glycosidic linkage is present between C1 of α-glucose and C1 of
β-fructose.

Solution:

Step 1: Understanding the Question:
We need to identify the incorrect statement about the structure and properties of sucrose from
the given four options.

Step 2: Key Formula or Approach:
We need to recall the key structural features and chemical properties of sucrose.
- Sucrose is a disaccharide.
- Its composition and the nature of the glycosidic bond.
- Its behavior as a reducing or non-reducing sugar.
- Its properties related to optical activity.

Step 3: Detailed Explanation:
Let’s analyze each statement:
- (A) On hydrolysis, it produces glucose and fructose. This statement is true. Su-
crose is composed of two monosaccharide units, α-D-glucose and β-D-fructose, joined together.
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Acid-catalyzed hydrolysis or enzymatic (using invertase) hydrolysis breaks this bond, yielding
one molecule of glucose and one molecule of fructose.
- (B) It is a non reducing sugar. This statement is true. A sugar is reducing if it has a
free hemiacetal or hemiketal group, which can open up to form a free aldehyde or ketone group.
In sucrose, the glycosidic linkage involves the anomeric carbon of glucose (C1, the hemiacetal
carbon) and the anomeric carbon of fructose (C2, the hemiketal carbon). Since both anomeric
carbons are locked in the bond, there are no free hemiacetal/hemiketal groups, and the ring
cannot open. Thus, sucrose does not reduce Tollens’ or Fehling’s reagents.
- (C) The glycosidic linkage is present between C1 of α-glucose and C1 of β-fructose.
This statement is false. The glycosidic bond in sucrose connects the C1 anomeric carbon of
α-D-glucose to the C2 anomeric carbon of β-D-fructose. The anomeric carbon of a ketose like
fructose is C2, not C1. The linkage is specifically an α(1 → 2)β glycosidic bond.
- (D) It is also named as invert sugar. This statement is true. The term ’invert sugar’
refers to the mixture of glucose and fructose produced by the hydrolysis of sucrose. Sucrose
itself is dextrorotatory (rotates plane-polarized light to the right, [α] = +66.5°). However, its
hydrolysis product is a mixture of dextrorotatory glucose ([α] = +52.7°) and strongly levoro-
tatory fructose ([α] = -92.4°). The net rotation of the mixture is levorotatory. Because the
direction of rotation ’inverts’ from positive to negative upon hydrolysis, the product mixture
is called invert sugar, and the process is called inversion.

Step 4: Final Answer:
The statement that is not true is (C).

� Quick Tip

For disaccharides, remembering which anomeric carbons are involved in the glyco-
sidic linkage is key to determining if they are reducing or non-reducing. If at least one
anomeric carbon (C1 for aldoses, C2 for ketoses) is NOT involved in the bond and
forms a hemiacetal/hemiketal, the sugar is reducing (e.g., lactose, maltose). If ALL
anomeric carbons are involved, it’s non-reducing (e.g., sucrose).

35. The major product of the following reaction is:
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(A)

(B)

(C)

(D)

Correct Answer: (B)

Solution:

Step 1: Understanding the Question:
This is a two-step organic synthesis. First, an alcohol is converted to a bromide, and then an
elimination reaction is carried out. We need to determine the final major product, considering
potential rearrangements or isomerizations.
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Step 2: Key Formula or Approach:
1. Reaction with PBr3: Phosphorus tribromide (PBr3) is a standard reagent for converting
primary and secondary alcohols into the corresponding alkyl bromides via an SN2 mechanism.
It does not react with ketones.
2. Reaction with alcoholic KOH: A strong, non-bulky base like potassium hydroxide in an
alcohol solvent is a classic reagent for promoting dehydrohalogenation via an E2 elimination
mechanism.
3. Product Stability: If multiple elimination products are possible, or if the initial product
can isomerize, the major product will be the most thermodynamically stable one. Conjugated
systems (C = C − C = O) are more stable than non-conjugated systems.

Step 3: Detailed Explanation:
Step 1: Bromination
The starting material is 4-hydroxycyclohexan-1-one. The PBr3 reacts with the secondary alco-
hol group at C4, replacing the -OH with a -Br. The ketone group remains unaffected.

4-hydroxycyclohexan-1-one
PBr3−−−→ 4-bromocyclohexan-1-one

Step 2: Elimination
The intermediate, 4-bromocyclohexan-1-one, is treated with alcoholic KOH. This will cause an
E2 elimination of HBr. The base (OH−) will abstract a proton from a carbon atom adjacent
(β) to the carbon bearing the bromine. The β-carbons are C3 and C5, which are equivalent by
symmetry.
Abstraction of a proton from C3 (or C5) and loss of Br− from C4 results in the formation of a
double bond between C3 and C4.

4-bromocyclohexan-1-one
KOH(alc.)−−−−−−−→ cyclohex-3-en-1-one

This is the kinetic product of the elimination.

Isomerization to the Thermodynamic Product:
The reaction is carried out in a strong base (KOH). This base can also abstract a proton from
the α-carbon of the ketone (C2 or C6). This forms an enolate ion.
The kinetic product, cyclohex-3-en-1-one, is in equilibrium with its enolate, which can then be
protonated to form a more stable isomer.

cyclohex-3-en-1-one
non-conjugated (kinetic product)

OH−

⇌ enolate
H2O
⇌ cyclohex-2-en-1-one

conjugated (thermodynamic product)

The product cyclohex-2-en-1-one has its C=C double bond in conjugation with the C=O dou-
ble bond of the ketone. This α, β-unsaturated ketone system is significantly more stable than
the non-conjugated system in cyclohex-3-en-1-one. Since the reaction conditions (strong base,
likely heat) allow for this equilibrium to be established, the major final product isolated will
be the more stable thermodynamic product.

Step 4: Final Answer:
The major product is the thermodynamically stable conjugated ketone, cyclohex-2-en-1-one.
This corresponds to option (B).
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� Quick Tip

In elimination reactions that produce ketones, always check for the possibility of form-
ing an α, β-unsaturated system. If the reaction conditions (especially basic conditions)
allow for isomerization, the conjugated product will almost always be the major ther-
modynamic product due to its enhanced stability.

36. The major product of the following reaction is:

(A)

(B)
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(C)

(D)

Correct Answer: (A)

Solution:

Step 1: Understanding the Question:
This is a two-step reaction sequence. The first step is an elimination reaction to form a
monomer. The second step is the polymerization of that monomer. We need to identify
the final polymer structure. Based on the drawing, the starting material is 1-chloro-4-(2-
chloroethyl)benzene.
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Step 2: Key Formula or Approach:
1. Elimination Reaction: Alcoholic KOH is a strong base used for dehydrohalogenation
(elimination of HX). Aryl halides (halogen directly attached to the benzene ring) are generally
unreactive towards elimination. Alkyl halides undergo elimination readily.
2. Free Radical Polymerization: This process links monomer units together via a radical
mechanism, typically initiated by a radical initiator. It occurs at C=C double bonds.

Step 3: Detailed Explanation:
Step 1: Formation of the Monomer
The starting material is 1-chloro-4-(2-chloroethyl)benzene: p-Cl-C6H4 − CH2 − CH2 − Cl.
It has two chlorine atoms: - One aryl chlorine, directly attached to the benzene ring. This C-Cl
bond is strong and resistant to elimination/substitution. - One alkyl chlorine, on the ethyl side
chain. This is a primary alkyl halide. When treated with alcoholic KOH, an E2 elimination
reaction will occur on the side chain. The base (OH−) abstracts a β-hydrogen, and the chloride
ion leaves.

p-Cl-C6H4 − C
β
H2 − C

α
H2 − Cl

KOH(alc.),∆−−−−−−−−→ p-Cl-C6H4 − CH = CH2 +KCl +H2O

The β-hydrogen is on the carbon attached to the ring (the benzylic carbon). The elimination
of HCl from the side chain results in the formation of a double bond. The monomer formed is
4-chlorostyrene (or p-chlorostyrene).

Step 2: Polymerization
The monomer, p-chlorostyrene, undergoes free-radical polymerization. The double bond of
each monomer unit opens up to form a long polymer chain.

n(p-Cl-C6H4 − CH = CH2)
Free radical polymerisation−−−−−−−−−−−−−−−−→ −[CH(C6H4Cl)− CH2]n−

The resulting polymer is poly(p-chlorostyrene). The structure consists of a long carbon back-
bone with p-chlorophenyl groups attached to alternate carbon atoms.

Step 4: Final Answer:
The final product is poly(p-chlorostyrene). Looking at the options, Polymer 1 shows exactly
this repeating unit.

� Quick Tip

When a molecule has multiple halide groups, consider their relative reactivity. Aryl
halides are much less reactive in elimination than alkyl halides. In the alkyl chain,
the E2 elimination follows the rule of abstracting a β-proton. Identifying the correct
monomer formed in the first step is crucial for determining the final polymer structure.

37. The major product of the following reaction is:

Ethylbenzene
(i) alkaline KMnO4(ii)H3O

+

−−−−−−−−−−−−−−−−−−−→?
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(A)

(B)

(C)

(D)

Correct Answer: (B)

Solution:

Step 1: Understanding the Question:
We need to predict the product of the vigorous oxidation of ethylbenzene using alkaline potas-
sium permanganate, followed by acidification.

Step 2: Key Formula or Approach:
A strong oxidizing agent like hot, alkaline potassium permanganate (KMnO4) will oxidize any
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alkyl side chain on a benzene ring to a carboxylic acid group (−COOH), as long as the benzylic
carbon (the carbon atom attached directly to the ring) has at least one hydrogen atom. The
entire side chain, regardless of its length, is cleaved off, leaving only the carboxyl group.

Step 3: Detailed Explanation:
The starting material is ethylbenzene, which has the structure C6H5 − CH2CH3.
The benzylic carbon is the CH2 group, which has two hydrogen atoms. This condition is met
for the oxidation to occur.

Step (i): Oxidation with alkaline KMnO4

When ethylbenzene is heated with alkaline KMnO4, the entire ethyl group is oxidized. The
intermediate product formed in the basic medium is the salt of the carboxylic acid, which is
potassium benzoate.

C6H5 − CH2CH3
KMnO4,OH−,∆−−−−−−−−−−→ C6H5 − COO−K+

Step (ii): Acidification
The second step is the addition of an acid (H3O

+). This step protonates the benzoate salt to
yield the final product, benzoic acid.

C6H5 − COO−K+ H3O
+

−−−−→ C6H5 − COOH

The final product is benzoic acid.

Let’s look at the options:
- (A) Acetophenone (C6H5COCH3): Incorrect. This is a ketone, a product of milder oxidation.
- (B) Benzoic acid (C6H5COOH): Correct.
- (C) Phenylacetaldehyde (C6H5CH2CHO): Incorrect. This is an aldehyde, a product of milder
oxidation.
- (D) Phenylacetic acid (C6H5CH2COOH): Incorrect. This would imply oxidation of only the
terminal methyl group, which is not how this reaction works.

Step 4: Final Answer:
The major product of the reaction is benzoic acid.

� Quick Tip

Remember the rule for benzylic oxidation: any alkyl chain on a benzene ring is oxi-
dized to −COOH by hot KMnO4 or K2Cr2O7/H

+, provided the benzylic carbon has
at least one H. For example, toluene, ethylbenzene, and isopropylbenzene all give ben-
zoic acid. However, t-butylbenzene does not react because its benzylic carbon has no
hydrogens.

38. The organic compound that gives following qualitative analysis is:
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(A)

(B)

(C)

(D)

Correct Answer: (C)

Solution:

Step 1: Understanding the Question:
We are given the results of three chemical tests on an unknown organic compound. We must
identify the compound from the given options that matches all the test results.
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Step 2: Key Formula or Approach:
We need to analyze what each test indicates about the functional group present in the com-
pound.
- Solubility in Dil. HCl: Indicates the presence of a basic functional group, typically an
amine, which forms a soluble ammonium salt. Insolubility means the compound is not basic.
- Solubility in NaOH solution: Indicates the presence of a sufficiently acidic functional
group, such as a carboxylic acid or a phenol, which reacts with the strong base to form a solu-
ble salt.
- Decolourization of Br2/water: Indicates the presence of a C=C or C≡C bond (via addi-
tion reaction) or a highly activated aromatic ring like in phenols or anilines (via electrophilic
substitution).

Step 3: Detailed Explanation:
Let’s evaluate each option against the test results:
- (a) Insoluble in Dil. HCl: The compound is not a base. This rules out amines. - Aniline
(B) and Cyclohexylamine (D) are amines and are basic. They would react with HCl to form
soluble salts. So, (B) and (D) are incorrect.
- We are left with Cyclohexanol (A) and Phenol (C). Both are neutral or acidic, so they are
insoluble in acid.

- (b) Soluble in NaOH solution: The compound is acidic. - Cyclohexanol (A) is a simple
alcohol. Alcohols are very weakly acidic (pKa ≈ 16-18) and are not acidic enough to react with
NaOH. So, Cyclohexanol is insoluble in NaOH solution. This rules out (A).
- Phenol (C) is significantly more acidic than alcohols (pKa ≈ 10) due to the resonance stabi-
lization of its conjugate base, the phenoxide ion. It readily reacts with strong bases like NaOH
to form the water-soluble salt, sodium phenoxide. So, Phenol matches this test.

- (c) Decolourization of Br2/water: The compound reacts with bromine water. - Phenol
(C) has a hydroxyl (-OH) group, which is a powerful activating group. It activates the benzene
ring so strongly that it reacts instantly with bromine water, undergoing electrophilic substitu-
tion at all available ortho and para positions to form a white precipitate of 2,4,6-tribromophenol.
This reaction consumes the bromine, thus decolourizing the solution.

Phenol is the only compound that satisfies all three test results: insoluble in acid, soluble in
base, and decolourizes bromine water.

Step 4: Final Answer:
The organic compound is phenol.
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� Quick Tip

Solubility tests are a powerful tool for functional group analysis. Remember the simple
rule: ”like dissolves like” for neutral compounds, and ”acid-base reactions lead to salt
formation and increased water solubility”. A compound is soluble in aq. NaOH if it’s
a strong enough acid (pKa ¡ 15, e.g., carboxylic acids, phenols). A compound is soluble
in aq. HCl if it’s a base (e.g., amines).

39. The correct IUPAC name of the following compound is:

(A) 5-chloro-4-methyl-1-nitrobenzene
(B) 2-chloro-1-methyl-4-nitrobenzene
(C) 2-methyl-5-nitro-1-chlorobenzene
(D) 3-chloro-4-methyl-1-nitrobenzene

Correct Answer: (B) 2-chloro-1-methyl-4-nitrobenzene

Solution:

Step 1: Understanding the Question:
We need to determine the correct IUPAC name for a trisubstituted benzene derivative.

Step 2: Key Formula or Approach:
IUPAC nomenclature for substituted benzenes follows a set of priority rules to determine the
principal functional group (which gives the parent name) and the numbering of the ring.

1. Priority of Functional Groups: Carboxylic acids > Esters > Aldehydes > Ketones
> Alcohols > Amines > Alkenes/Alkynes > Alkyls/Ethers > Halides > Nitro. In this case,
there is no high-priority functional group that gives a special parent name like phenol or ben-
zoic acid. The parent name will be based on one of the substituents, and others will be prefixes.
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2. Numbering Rule: If no principal functional group is present, numbering is done to give
the lowest possible set of locants to the substituents. If there is a tie, alphabetical order is used
to decide the starting point.
In this case, toluene (methylbenzene) is a common parent name. So let’s start numbering from
the methyl group.

Step 3: Detailed Explanation:
The substituents are −CH3 (methyl), −Cl (chloro), and −NO2 (nitro).
Let’s consider the possible parent names and numberings:

Method 1: Using Toluene as the Parent
If we take methylbenzene (Toluene) as the parent, the methyl group is at C1.
- Numbering clockwise: Substituents are at C1 (methyl), C2 (chloro), and C4 (nitro). The
name is 2-chloro-4-nitrotoluene.
- Numbering counter-clockwise: Substituents are at C1 (methyl), C6 (chloro), and C4 (nitro).
The locants are 1, 4, 6.
Comparing (1, 2, 4) and (1, 4, 6), the set (1, 2, 4) is lower. So, the name is 2-chloro-4-
nitrotoluene. This is a valid IUPAC name.

Method 2: Using Lowest Locant Rule
Let’s find the set of locants without giving priority to any group.
- Start numbering from the methyl group (C1): Locants are 1, 2, 4.
- Start numbering from the chloro group (C1): Locants are 1, 2, 5.
- Start numbering from the nitro group (C1): Locants are 1, 4, 5.
The set (1, 2, 4) is the lowest set of locants. Now, when multiple groups could be at C1 for the
lowest set, we use alphabetical order for the groups at those positions to decide. The groups
are chloro (C) and methyl (M). C comes before M.
However, the common practice and the options suggest treating the compound as a substituted
benzene where alphabetical order dictates the naming after the lowest locant set is found.
The lowest locant set is 1, 2, 4. The substituents at these positions are chloro, methyl, and
nitro. We list them alphabetically.
The name should be 2-Chloro-1-methyl-4-nitrobenzene. This exactly matches option (B).

Let’s check the other options:
(A) 5-chloro-4-methyl-1-nitrobenzene: Locants 1, 4, 5. Not the lowest set.
(C) 2-methyl-5-nitro-1-chlorobenzene: Locants 1, 2, 5. Not the lowest set.
(D) 3-chloro-4-methyl-1-nitrobenzene: Locants 1, 3, 4. Not the lowest set.

Thus, the name based on the lowest locant rule is 2-chloro-1-methyl-4-nitrobenzene.

Step 4: Final Answer:
The correct IUPAC name is 2-chloro-1-methyl-4-nitrobenzene.
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� Quick Tip

For polysubstituted benzenes, the ”lowest set of locants” rule is paramount. Write
down the locant sets starting from each substituent and choose the one that is smallest
at the first point of difference. Once the set is fixed, list the substituents alphabetically
with their corresponding numbers.

40. Aniline dissolved in dilute HCl is reacted with sodium nitrite at 0◦C. This
solution was added dropwise to a solution containing equimolar mixture of aniline
and phenol in dil. HCl. The structure of the major product is:

(A)

(B)

(C)

(D)

Correct Answer: (D)

Solution:

Step 1: Understanding the Question:
This question describes a two-part reaction. First, a diazonium salt is prepared. Second, this
diazonium salt is used in a coupling reaction with a mixture of two potential coupling partners
(aniline and phenol). We need to determine the major product, which depends on the relative
reactivity and the reaction conditions (pH).
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Step 2: Key Formula or Approach:
1. Diazotization: Primary aromatic amines (like aniline) react with nitrous acid (HNO2,
formed in-situ from NaNO2 and HCl) at low temperatures (0-5°C) to form a stable benzenedi-
azonium salt.

C6H5NH2 +NaNO2 + 2HCl
0−5◦C−−−−→ C6H5N

+
2 Cl− +NaCl + 2H2O

2. Azo Coupling: The diazonium ion (C6H5N
+
2 ) is a weak electrophile. It undergoes elec-

trophilic aromatic substitution with strongly activated aromatic rings, such as those in phenols
and anilines. - Coupling with phenols occurs under weakly basic or neutral conditions (pH ≈
9-10). The phenoxide ion is the reactive species. - Coupling with anilines occurs under weakly
acidic conditions (pH ≈ 4-5). The free amine is the reactive species.

Step 3: Detailed Explanation:
Part 1: Diazotization
Aniline is dissolved in dilute HCl and treated with NaNO2 at 0°C. This forms benzenediazo-
nium chloride.

C6H5NH2
NaNO2,HCl,0◦C−−−−−−−−−−−→ C6H5N

+
2 Cl−

Part 2: Azo Coupling
The resulting solution of benzenediazonium chloride is added to a solution containing an
equimolar mixture of aniline and phenol in dilute HCl. The key here is the reaction medium:
dilute HCl. This means the solution is acidic.
Let’s consider the state of the coupling partners in this acidic medium:
- Phenol: Phenol is a very weak acid and remains largely as C6H5OH in an acidic solution.
The hydroxyl group is a very strong activating group.
- Aniline: Aniline is a base. In the acidic HCl solution, it will be protonated to form the
anilinium ion, C6H5NH+

3 . The anilinium group, −NH+
3 , is a very strong deactivating group

due to its positive charge. It deactivates the ring towards electrophilic substitution.

Now, the electrophile C6H5N
+
2 has to choose between reacting with phenol or the anilinium

ion.
- The phenol ring is strongly activated by the -OH group.
- The aniline ring (as anilinium ion) is strongly deactivated by the −NH+

3 group.

Therefore, the electrophilic substitution (coupling) will occur almost exclusively on the highly
activated phenol ring, even though the optimal pH for phenol coupling is slightly basic. The
reaction will not occur with the deactivated anilinium ion. The coupling with phenol occurs
predominantly at the para-position due to less steric hindrance.

C6H5N
+
2 Cl− + C6H5OH

acidic medium−−−−−−−−−→ C6H5 −N = N − C6H4 −OH (para isomer) +HCl

The product is p-hydroxyazobenzene.

Step 4: Final Answer:
The major product is p-hydroxyazobenzene, which corresponds to the structure in option (D).
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� Quick Tip

The pH of the medium is critical for azo coupling reactions. In acidic solution, anilines
are protonated and deactivated, so phenols are the preferred coupling partner. In basic
solution, phenols are deprotonated to highly reactive phenoxides, but diazonium salts
can decompose. The choice of pH is a balance, but in a competition under acidic con-
ditions, phenol will always win over aniline.

41. The element having greatest difference between its first and second ionization
energies, is:

(A) K
(B) Ca
(C) Ba
(D) Sc

Correct Answer: (A) K

Solution:

Step 1: Understanding the Question:
We are asked to identify which of the given elements has the largest jump between its first
ionization energy (IE1) and its second ionization energy (IE2).

Step 2: Key Formula or Approach:
Ionization energy is the energy required to remove an electron from a gaseous atom or ion. A
large jump in successive ionization energies occurs when an electron is removed from a stable,
filled or half-filled electron shell or subshell, particularly a noble gas configuration. We need to
look at the electron configurations of the elements and their +1 ions.

Step 3: Detailed Explanation:
Let’s write the electron configurations for each element and its +1 ion:
- (A) K (Potassium): Atomic number 19.
- Configuration of K: [Ar] 4s1.
- The first ionization (IE1) involves removing the single 4s electron: K → K+ + e−. This is
relatively easy as it leads to a stable configuration.
- Configuration of K+: [Ar]. This is a stable noble gas configuration (a full octet in the outer
shell).
- The second ionization (IE2) involves removing an electron from the stable [Ar] core (a 3p
electron): K+ → K2+ + e−. This requires a very large amount of energy because it disrupts
the stable noble gas configuration.
- Therefore, there will be a very large difference between IE1 and IE2 for potassium.

- (B) Ca (Calcium): Atomic number 20.
- Configuration of Ca: [Ar] 4s2.

68



- IE1 removes one 4s electron: Ca → Ca+ + e−.
- Configuration of Ca+: [Ar] 4s1.
- IE2 removes the second 4s electron: Ca+ → Ca2+ + e−. This electron is also from the valence
shell. While IE2 is greater than IE1 (due to increased effective nuclear charge), the jump is not
exceptionally large because it does not break into a noble gas core.

- (C) Ba (Barium): Atomic number 56.
- Configuration of Ba: [Xe] 6s2.
- Similar to calcium, Ba is an alkaline earth metal. Both IE1 and IE2 involve removing the two
6s valence electrons. The jump between IE1 and IE2 will not be as dramatic as for K. The huge
jump for Ba would be between IE2 and IE3.

- (D) Sc (Scandium): Atomic number 21.
- Configuration of Sc: [Ar] 3d1 4s2.
- IE1 removes one 4s electron.
- IE2 removes the second 4s electron.
- IE3 removes the 3d electron.
- The first two ionizations involve removing valence electrons from the same shell. The jump
between IE1 and IE2 will not be exceptionally large.

Conclusion:
Potassium (K) is the only element in the list that achieves a stable noble gas configuration
after losing its first electron. The subsequent removal of a second electron requires breaking
this stable core, leading to a massive increase in ionization energy. Therefore, K will have the
greatest difference between its first and second ionization energies.

Step 4: Final Answer:
The element with the greatest difference between its first and second ionization energies is K.

� Quick Tip

Look for a large jump in ionization energies when the electron to be removed is from
a new, inner, and completely filled shell (especially a noble gas core). This is a hall-
mark of alkali metals (Group 1) when comparing IE1 and IE2, and alkaline earth met-
als (Group 2) when comparing IE2 and IE3.

42. The ore that contains the metal in the form of fluoride is:

(A) sphalerite
(B) cryolite
(C) magnetite
(D) malachite
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Correct Answer: (B) cryolite

Solution:

Step 1: Understanding the Question:
We are asked to identify which of the given mineral ores is a fluoride ore, meaning the metal is
chemically bonded to fluorine.

Step 2: Key Formula or Approach:
This is a knowledge-based question that requires knowing the chemical formulas or composi-
tions of common mineral ores.

Step 3: Detailed Explanation:
Let’s examine the chemical composition of each ore listed:
- (A) Sphalerite: This is a primary ore of zinc. Its chemical formula is ZnS (zinc sulfide). It
is a sulfide ore.
- (B) Cryolite: This is an ore of aluminum. Its chemical formula is Na3AlF6 (sodium hex-
afluoroaluminate). It is a mixed fluoride of sodium and aluminum. This ore contains fluoride.
- (C) Magnetite: This is a primary ore of iron. Its chemical formula is Fe3O4 (iron(II,III)
oxide). It is an oxide ore.
- (D) Malachite: This is a secondary ore of copper. Its chemical formula is Cu2CO3(OH)2
(basic copper carbonate). It is a mixed carbonate-hydroxide ore.

Based on the formulas, cryolite is the only ore in the list that contains a metal (aluminum) in
the form of a fluoride.

Step 4: Final Answer:
The ore that contains the metal in the form of fluoride is cryolite.

� Quick Tip

Memorizing the names and chemical formulas of the most common ores for important
metals (like Fe, Al, Cu, Zn, Pb) is essential for metallurgy topics. Ores are typically
classified by the anion present, such as oxides, sulfides, carbonates, halides (like fluo-
rides), and sulfates.

43. The number of water molecule(s) not coordinated to copper ion directly in
CuSO4·5H2O, is:

(A) 1
(B) 2
(C) 3
(D) 4
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Correct Answer: (A) 1

Solution:

Step 1: Understanding the Question:
We need to determine the structure of hydrated copper(II) sulfate (CuSO4·5H2O) and find
out how many of the five water molecules are not directly bonded (coordinated) to the central
copper(II) ion.

Step 2: Key Formula or Approach:
This question requires knowledge of the crystal structure of common coordination compounds.
Copper(II) sulfate pentahydrate is a classic example. The structure involves water molecules
acting as ligands to the metal ion and also participating in hydrogen bonding within the crystal
lattice.

Step 3: Detailed Explanation:
The structure of solid copper(II) sulfate pentahydrate, CuSO4·5H2O, has been determined by X-
ray crystallography. The correct representation of its coordination sphere is [Cu(H2O)4]SO4·H2O.
Let’s break down this formula:
- [Cu(H2O)4]

2+: This is the complex cation. The central Cu2+ ion is directly coordinated to
four water molecules, which act as ligands. These four water molecules lie in a plane around
the copper ion. (The coordination geometry is actually a distorted octahedron, with two oxy-
gen atoms from sulfate ions coordinating at longer distances above and below the plane).
- SO2−

4 : This is the sulfate anion.
- ·H2O: This represents the fifth water molecule. This water molecule is not directly bonded to
the copper ion. Instead, it is held in the crystal lattice by hydrogen bonds. It forms hydrogen
bonds with two of the coordinated water molecules and with the oxygen atoms of the sulfate
anion.

Therefore, out of the five water molecules of hydration:
- 4 are coordinated water molecules (ligands).
- 1 is a water of crystallization held by hydrogen bonds.

The question asks for the number of water molecules not coordinated to the copper ion di-
rectly.

Step 4: Final Answer:
There is 1 water molecule that is not directly coordinated to the copper ion.

� Quick Tip

The structures of common hydrated salts like CuSO4·5H2O (blue vitriol), FeSO4·7H2O
(green vitriol), and MgSO4·7H2O (Epsom salt) are frequent topics. It’s useful to re-
member that not all water molecules in the formula are necessarily bonded to the
metal ion; some can be involved in hydrogen bonding to form the crystal lattice.
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44. Magnesium powder burns in air to give:

(A) MgO only
(B) Mg(NO3)2 and Mg3N2

(C) MgO and Mg3N2

(D) MgO and Mg(NO3)2

Correct Answer: (C) MgO and Mg3N2

Solution:

Step 1: Understanding the Question:
We need to identify the products formed when magnesium metal is burned in air.

Step 2: Key Formula or Approach:
Air is primarily a mixture of oxygen (O2, about 21%) and nitrogen (N2, about 78%). When a
reactive metal like magnesium is burned, it can react with both of these components.
1. Reaction with oxygen (combustion) to form an oxide.
2. Reaction with nitrogen to form a nitride.

Step 3: Detailed Explanation:
Magnesium is a highly reactive alkaline earth metal. When heated strongly in air, it undergoes
two main reactions:

1. Reaction with Oxygen: Magnesium burns with a characteristic bright white flame in the
presence of oxygen to form magnesium oxide.

2Mg(s) +O2(g) → 2MgO(s)

This is the major reaction, as combustion in oxygen is highly exothermic. The product is a
white solid powder, magnesium oxide.

2. Reaction with Nitrogen: Unlike many other metals, magnesium is reactive enough to
also react directly with the nitrogen gas in the air, especially at the high temperatures of com-
bustion. This reaction forms magnesium nitride.

3Mg(s) +N2(g) → Mg3N2(s)

The product, magnesium nitride, is also a solid.

Therefore, the ash produced when magnesium powder burns in air is a mixture of magnesium
oxide (the major component) and magnesium nitride (a minor component).
The other options are incorrect:
- Mg(NO3)2 is magnesium nitrate. Nitrates are not typically formed by direct combustion in air.
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Step 4: Final Answer:
Magnesium powder burns in air to give a mixture of MgO and Mg3N2.

� Quick Tip

Remember that most metals react with oxygen to form oxides when burned in air.
However, very reactive metals, particularly from Group 1 (like Li) and Group 2 (like
Mg, Ca), are also capable of reacting with the abundant nitrogen in the air to form ni-
trides. This is a distinguishing chemical property of these elements.

45. The correct order of the oxidation states of nitrogen in NO, N2O, NO2 and
N2O3 is:

(A) NO2 < NO < N2O3 < N2O
(B) NO2 < N2O3 < NO < N2O
(C) N2O < NO < N2O3 < NO2

(D) N2O < N2O3 < NO < NO2

Correct Answer: (C) N2O < NO < N2O3 < NO2

Solution:

Step 1: Understanding the Question:
We are asked to arrange four different oxides of nitrogen in the order of the increasing oxidation
state of the nitrogen atom.

Step 2: Key Formula or Approach:
To find the oxidation state (or oxidation number) of an element in a compound, we use a set
of rules. The key rules here are:
- The oxidation state of oxygen in most of its compounds is -2.
- The sum of the oxidation states of all atoms in a neutral compound is zero.
Let the oxidation state of nitrogen be ’x’.

Step 3: Detailed Explanation:
Let’s calculate the oxidation state of nitrogen in each compound:
- NO (Nitric oxide):
x+ (−2) = 0 =⇒ x = +2

- N2O (Dinitrogen monoxide or Nitrous oxide):
2x+ (−2) = 0 =⇒ 2x = 2 =⇒ x = +1

- NO2 (Nitrogen dioxide):
x+ 2(−2) = 0 =⇒ x− 4 = 0 =⇒ x = +4
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- N2O3 (Dinitrogen trioxide):
2x+ 3(−2) = 0 =⇒ 2x− 6 = 0 =⇒ 2x = 6 =⇒ x = +3

Now we have the oxidation states for each compound:
- N2O: +1
- NO: +2
- N2O3: +3
- NO2: +4

The correct order of increasing oxidation state is:
N2O < NO < N2O3 < NO2

(+1) < (+2) < (+3) < (+4)

Step 4: Final Answer:
The correct order is N2O < NO < N2O3 < NO2, which corresponds to option (C).

� Quick Tip

Nitrogen exhibits a wide range of oxidation states in its compounds, from -3 (in NH3)
to +5 (in N2O5 or HNO3). Being able to quickly calculate the oxidation state in its
various oxides is a fundamental skill for redox chemistry and the p-block elements
chapter.

46. C60 an allotrope of carbon contains:

(A) 20 hexagons and 12 pentagons.
(B) 12 hexagons and 20 pentagons.
(C) 16 hexagons and 16 pentagons.
(D) 18 hexagons and 14 pentagons.

Correct Answer: (A) 20 hexagons and 12 pentagons.

Solution:

Step 1: Understanding the Question:
We are asked to identify the number of hexagonal and pentagonal faces in the structure of
Buckminsterfullerene, C60.

Step 2: Key Formula or Approach:
This is a fact-based question about the structure of fullerenes, a class of carbon allotropes. The
structure of C60 is a truncated icosahedron, which resembles a soccer ball. The rules for forming
a closed cage structure (a fullerene) from hexagons and pentagons require exactly 12 pentagons.
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Step 3: Detailed Explanation:
The structure of C60 is a highly symmetric, cage-like molecule.
- It consists of 60 carbon atoms, each located at a vertex.
- Each carbon atom is sp2 hybridized and is bonded to three other carbon atoms.
- The structure is formed from interlocking hexagonal and pentagonal rings.
- The shape is a truncated icosahedron. This shape is familiar as the pattern on a classic soccer
ball.
- A key property of any simple closed fullerene is that it must contain exactly 12 pentagons.
The pentagons are necessary to provide the curvature needed to close the cage structure. A
sheet of pure hexagons is flat (like graphite).
- The rest of the faces are hexagons. The number of hexagons can vary for different fullerenes
(e.g., C70, C84), but for C60, the number of hexagons is 20.
In the C60 structure, each pentagon is surrounded by five hexagons, and no two pentagons
share an edge, which contributes to the stability of the molecule.

Step 4: Final Answer:
C60 contains 20 hexagons and 12 pentagons.

� Quick Tip

A useful way to remember the structure of C60 is to think of a soccer ball. Euler’s the-
orem for polyhedra (V − E + F = 2) can be used to prove that any closed cage made
only of pentagons and hexagons must have exactly 12 pentagons. This is a constant for
all simple fullerenes, not just C60.

47. Match the catalysts (Column I) with products (Column II).

(A) (A)-(ii); (B)-(iii); (C)-(i); (D)-(iv)
(B) (A)-(iv); (B)-(iii); (C)-(ii); (D)-(i)
(C) (A)-(iii); (B)-(i); (C)-(ii); (D)-(iv)
(D) (A)-(iii); (B)-(iv); (C)-(i); (D)-(ii)

Correct Answer: (C) (A)-(iii); (B)-(i); (C)-(ii); (D)-(iv)
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Solution:

Step 1: Understanding the Question:
We need to match each catalyst from Column I with the industrial process it is used in, iden-
tified by the product in Column II. This requires knowledge of important industrial catalytic
processes.

Step 2: Key Formula or Approach:
Recall the catalysts used in major industrial syntheses.
- Contact Process for Sulfuric Acid.
- Ziegler-Natta Polymerization.
- Wacker Process for Aldehydes.
- Haber-Bosch Process for Ammonia.

Step 3: Detailed Explanation:
Let’s analyze each catalyst:
- (A) V2O5 (Vanadium pentoxide): This is the catalyst used in the Contact Process for
the large-scale production of sulfuric acid. Specifically, it catalyzes the key step of oxidizing
SO2 to SO3. The SO3 is then absorbed to produce H2SO4. Thus, V2O5 is associated with the
product H2SO4 (iii).
Match: (A) → (iii)

- (B) TiCl4/Al(Me)3 (Titanium tetrachloride and Trimethylaluminium): This com-
bination is a classic example of a Ziegler-Natta catalyst. These catalysts are used for the
polymerization of alkenes, such as the production of high-density polyethylene (HDPE) from
ethene. Thus, this catalyst is associated with the product Polyethylene (i).
Match: (B) → (i)

- (C) PdCl2 (Palladium(II) chloride): This is the key catalyst in the Wacker Process,
which is used for the oxidation of alkenes to aldehydes or ketones. For example, ethene is
oxidized to ethanal (acetaldehyde). Thus, PdCl2 is associated with the product ethanal (ii).
Match: (C) → (ii)

- (D) Iron Oxide: Finely divided iron, promoted with oxides like K2O and Al2O3, is the
catalyst used in the Haber-Bosch Process for the synthesis of ammonia from nitrogen and
hydrogen. Iron oxide is often the precursor or a component of the catalyst. Thus, Iron Oxide
is associated with the product NH3 (iv).
Match: (D) → (iv)

Combining the matches: (A)-(iii), (B)-(i), (C)-(ii), (D)-(iv).

Step 4: Final Answer:
The correct set of matches is (A)-(iii); (B)-(i); (C)-(ii); (D)-(iv), which corresponds to option
(C).
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� Quick Tip

The four processes mentioned here (Contact, Ziegler-Natta, Wacker, Haber-Bosch) are
among the most important industrial catalytic processes. Memorizing the catalyst, re-
actants, and products for each is very high-yield for competitive exams.

48. The one that will show optical activity is:

(A)

(B)

(C)

(D)
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Correct Answer: (C)

Solution:

Step 1: Understanding the Question:
We are asked to identify which of the four given geometric isomers of a coordination complex
is chiral and will therefore exhibit optical activity.

Step 2: Key Formula or Approach:
A molecule or ion is chiral (and thus optically active) if it is non-superimposable on its mirror
image. In coordination chemistry, a common way to check for chirality is to look for elements
of symmetry. If the complex has a plane of symmetry (σ) or a center of inversion (i), it will be
achiral and optically inactive.

Step 3: Detailed Explanation:
Let’s analyze the symmetry of each complex shown in the options. The complexes are octahe-
dral. ’en’ (ethane-1,2-diamine) is a bidentate ligand. A and B are monodentate ligands.

- Structure 1: This isomer has the two A ligands cis, and the two B ligands are also cis. One
A and one B are trans to each other. The plane containing the metal M and the ’en’ ligand is
a plane of symmetry. This complex is achiral.

- Structure 2: This isomer has the two A ligands trans to each other and the two B ligands
trans to each other. This complex has multiple planes of symmetry and a center of inversion.
It is highly symmetrical and achiral.

- Structure 3: This structure shows a cis-[M(en)2A2] type isomer, where the two ’en’ ligands
are cis to each other and the two ’A’ ligands are also cis. (It seems there’s a typo in the ques-
tion and it should be [M(en)2A2] not [M A2 B2 en], as ’en’ appears twice). The cis-isomer of
a [M(AA)2X2] complex lacks both a plane of symmetry and a center of inversion. Its mirror
image is non-superimposable. Therefore, this complex is chiral and will be optically active.

- Structure 4: This isomer has the two A ligands trans to each other and the two B ligands
also trans to each other. A plane of symmetry passes through the metal M and the two B
ligands, bisecting the A-M-A axis. This complex is achiral. (This is similar to structure 2 but
with different ligand labels).

Based on the analysis, only the structure depicted in option (C), which represents a cis-
octahedral complex with bidentate ligands, is chiral.

78



Step 4: Final Answer:
The complex shown in Structure 3 is the only one that is chiral (lacks a plane of symmetry and
a center of inversion) and will therefore show optical activity.

� Quick Tip

In octahedral complexes, look for cis/trans isomerism. For complexes of the type
[M(AA)2X2] or [M(AA)2XY] (where AA is a bidentate ligand), the cis isomer is always
chiral (optically active), while the trans isomer is achiral (optically inactive) because it
has a plane of symmetry. Structure 3 is analogous to a cis isomer.

49. The degenerate orbitals of [Cr(H2O)6]
3+ are:

(A) dz2 and dxy
(B) dxz and dyz
(C) dz2 and dxz
(D) dyz and dz2

Correct Answer: (B) dxz and dyz

Solution:

Step 1: Understanding the Question:
We are asked to identify the degenerate d-orbitals in the octahedral complex [Cr(H2O)6]

3+.
This question relates to Crystal Field Theory (CFT).

Step 2: Key Formula or Approach:
1. Crystal Field Theory (CFT): In an octahedral complex, the ligands approach the cen-
tral metal ion along the x, y, and z axes. This approach removes the degeneracy of the five
d-orbitals.
2. Splitting of d-orbitals: The d-orbitals split into two sets of different energy levels: - The
eg set: This set consists of the dx2−y2 and dz2 orbitals. Their lobes point directly along the
axes, so they experience strong repulsion from the ligands and are raised in energy. These two
orbitals are degenerate with each other. - The t2g set: This set consists of the dxy, dyz, and dxz
orbitals. Their lobes point between the axes, so they experience less repulsion and are lowered
in energy relative to the average energy (barycenter). These three orbitals are degenerate with
each other.
3. Jahn-Teller Distortion: This theorem states that any non-linear molecule in an electron-
ically degenerate ground state will undergo a distortion to remove this degeneracy and lower
its overall energy. This would make orbitals within a set non-degenerate. However, this is
significant only for asymmetrically filled orbitals (e.g., t12g, t

2
2g, t

4
2g, t

5
2g, e

1
g, e

3
g).

Step 3: Detailed Explanation:
Let’s analyze the complex [Cr(H2O)6]

3+:
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- The central metal is Chromium (Cr), and its oxidation state is +3.
- The electronic configuration of Cr3+ is [Ar] 3d3.
- The complex is octahedral. The d-orbitals split into the lower energy t2g set (dxy, dyz, dxz)
and the higher energy eg set (dx2−y2 , dz2).
- The three d-electrons fill the lower t2g set according to Hund’s rule, resulting in the configu-
ration t32g (one electron in each of dxy, dyz, and dxz).

- This configuration (half-filled t2g subshell) is electronically non-degenerate (4A2g ground
state). According to the Jahn-Teller theorem, no distortion is expected.
- Therefore, the complex maintains a perfect octahedral geometry.

In a perfect octahedral field: - The three t2g orbitals (dxy, dyz, dxz) are degenerate. - The two
eg orbitals (dx2−y2 , dz2) are degenerate.
Now let’s examine the options, which are pairs of orbitals:
- (A) dz2 (eg) and dxy (t2g): Not degenerate. - (B) dxz (t2g) and dyz (t2g): Both belong to the
t2g set, so they are degenerate. - (C) dz2 (eg) and dxz (t2g): Not degenerate. - (D) dyz (t2g)
and dz2 (eg): Not degenerate.
The only pair listed that consists of two degenerate orbitals is (dxz, dyz).

Step 4: Final Answer:
The pair of degenerate orbitals from the given options is dxz and dyz.

� Quick Tip

In a standard octahedral crystal field, the five d-orbitals split into two groups: the t2g
group (dxy, dyz, dxz) and the eg group (dx2−y2 , dz2). All orbitals within a group are
degenerate. Remember that the eg orbitals point at the ligands and have higher energy,
while the t2g orbitals point between the ligands and have lower energy.

50. Excessive release of CO2 into the atmosphere results in:

(A) depletion of ozone
(B) formation of smog
(C) global warming
(D) polar vortex

Correct Answer: (C) global warming

Solution:

Step 1: Understanding the Question:
We are asked to identify the primary environmental consequence of releasing excessive amounts
of carbon dioxide (CO2) into the atmosphere.
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Step 2: Key Formula or Approach:
This question requires knowledge of basic environmental chemistry and the roles of different
atmospheric gases. We need to understand the concept of the greenhouse effect.

Step 3: Detailed Explanation:
Let’s analyze the role of CO2 and the phenomena listed in the options.
- Carbon Dioxide (CO2): CO2 is a greenhouse gas. Greenhouse gases are transparent to
incoming short-wavelength solar radiation (visible light), but they absorb and re-emit outgoing
long-wavelength infrared radiation (heat) that is radiated from the Earth’s surface. This pro-
cess traps heat in the atmosphere, warming the planet. An excessive amount of CO2 enhances
this effect.

Now let’s look at the options:
- (A) Depletion of ozone: The depletion of the stratospheric ozone layer is primarily
caused by chlorofluorocarbons (CFCs) and other halogenated compounds. These substances
release chlorine and bromine radicals in the stratosphere, which catalytically destroy ozone
(O3) molecules. CO2 does not directly cause ozone depletion.
- (B) Formation of smog: Smog is a type of air pollution. There are two main types: -
Classical smog (London smog) consists mainly of sulfur dioxide (SO2) and particulate matter
from burning coal. - Photochemical smog (Los Angeles smog) is formed when nitrogen oxides
(NOx) and volatile organic compounds (VOCs) react in the presence of sunlight. CO2 is not a
primary component or cause of smog formation.
- (C) Global warming: This refers to the long-term heating of Earth’s climate system ob-
served since the pre-industrial period due to human activities, primarily fossil fuel burning,
which increases heat-trapping greenhouse gas levels in Earth’s atmosphere. As explained above,
CO2 is the most significant of these gases. Therefore, excessive release of CO2 is the primary
driver of global warming.
- (D) Polar vortex: A polar vortex is a large-scale cyclone located near one of the Earth’s
geographical poles. It is a persistent, large-scale feature of the atmosphere that exists in the
winter. While its behavior can be influenced by climate change (which is driven by CO2), the
vortex itself is a natural meteorological phenomenon, not a direct result of CO2 release.

Step 4: Final Answer:
The excessive release of CO2 into the atmosphere results in global warming.

� Quick Tip

It’s important to associate the correct pollutant with its primary environmental im-
pact: - CO2, CH4, N2O: Global warming (Greenhouse effect). - CFCs, Halons:
Ozone layer depletion. - SO2, Particulates: Acid rain, classical smog. - NOx,
VOCs: Photochemical smog, acid rain.

51. For a reaction,
N2(g) + 3H2(g) → 2NH3(g); identify dihydrogen (H2) as a limiting reagent in the
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following reaction mixtures.

(A) 14 g of N2 + 4 g of H2

(B) 28 g of N2 + 6 g of H2

(C) 35 g of N2 + 8 g of H2

(D) 56 g of N2 + 10 g of H2

Correct Answer: (D) 56 g of N2 + 10 g of H2

Solution:

Step 1: Understanding the Question:
We are given the balanced chemical equation for the Haber process and several different mix-
tures of reactants (N2 and H2). We need to identify the mixture in which H2 is the limiting
reagent.

Step 2: Key Formula or Approach:
The limiting reagent is the reactant that is completely consumed first in a chemical reaction.
To identify it, we can compare the mole ratio of the reactants available in the mixture to the
stoichiometric mole ratio required by the balanced equation.
1. Convert the given masses of reactants to moles using their molar masses (Molar mass of N2

= 28 g/mol; Molar mass of H2 = 2 g/mol).
2. The balanced equation is N2 + 3H2 → 2NH3. The stoichiometric ratio is 1 mole of N2 reacts
with 3 moles of H2.
3. For each mixture, calculate the ratio of (moles of H2 available) / (moles of N2 available).
4. Compare this available ratio to the required stoichiometric ratio of 3/1 = 3. - If (moles
H2 / moles N2)available ¡ 3, then H2 is the limiting reagent. - If (moles H2 / moles N2)available
¿ 3, then N2 is the limiting reagent. - If (moles H2 / moles N2)available = 3, the mixture is
stoichiometric.

Step 3: Detailed Explanation:
Let’s analyze each option:
- (A) 14 g of N2 + 4 g of H2

Moles of N2 = 14 g / 28 g/mol = 0.5 mol.
Moles of H2 = 4 g / 2 g/mol = 2.0 mol.
Available ratio: moles H2

moles N2
= 2.0

0.5 = 4. Since 4 ¿ 3, N2 is the limiting reagent.

- (B) 28 g of N2 + 6 g of H2

Moles of N2 = 28 g / 28 g/mol = 1.0 mol.
Moles of H2 = 6 g / 2 g/mol = 3.0 mol.
Available ratio: moles H2

moles N2
= 3.0

1.0 = 3. Since the ratio is exactly 3, this is a stoichiometric mixture.
Neither is in excess.

- (C) 35 g of N2 + 8 g of H2

Moles of N2 = 35 g / 28 g/mol = 1.25 mol.
Moles of H2 = 8 g / 2 g/mol = 4.0 mol.

82



Available ratio: moles H2

moles N2
= 4.0

1.25 = 3.2. Since 3.2 ¿ 3, N2 is the limiting reagent.

- (D) 56 g of N2 + 10 g of H2

Moles of N2 = 56 g / 28 g/mol = 2.0 mol.
Moles of H2 = 10 g / 2 g/mol = 5.0 mol.
Available ratio: moles H2

moles N2
= 5.0

2.0 = 2.5. Since 2.5 ¡ 3, there is not enough H2 to react with all the
N2. Therefore, H2 is the limiting reagent.

Step 4: Final Answer:
Dihydrogen (H2) is the limiting reagent in the mixture of 56 g of N2 + 10 g of H2.

� Quick Tip

A quick way to find the limiting reagent is to calculate the ”mole-to-coefficient” ratio
for each reactant: (moles available) / (stoichiometric coefficient). The reactant with
the smallest value for this ratio is the limiting reagent. For option (D): - For N2: 2.0
mol / 1 = 2.0 - For H2: 5.0 mol / 3 ≈ 1.67 Since 1.67 ¡ 2.0, H2 is the limiting reagent.

52. Consider the van der Waals constants, a and b, for the following gases.

Which gas is expected to have the highest critical temperature?

(A) Ar
(B) Ne
(C) Kr
(D) Xe

Correct Answer: (C) Kr

Solution:

Step 1: Understanding the Question:
We are given the van der Waals constants ’a’ (related to intermolecular attractive forces) and
’b’ (related to molecular volume) for four noble gases. We need to determine which of these
gases has the highest critical temperature (Tc).

Step 2: Key Formula or Approach:
The critical temperature (Tc) is the temperature above which a gas cannot be liquefied, no
matter how high the pressure. For a van der Waals gas, the critical temperature is related to
the constants ’a’ and ’b’ by the formula:
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Tc =
8a

27Rb

where R is the universal gas constant.
Since 8/27R is a constant for all gases, the critical temperature is directly proportional to the
ratio a/b:

Tc ∝
a

b

The gas with the highest a/b ratio will have the highest critical temperature.

Step 3: Detailed Explanation:
We need to calculate the ratio a/b for each gas. Note that the units are given, but since we are
calculating a ratio for comparison, we can use the numerical values directly, as long as we are
consistent.
The units for ’b’ have a factor of 10−2, which will cancel out in the ratio, so we can ignore it
for comparison.
Let’s calculate the ratio a/b for each gas:

- Ar: a
b = 1.3

3.2 ≈ 0.406

- Ne: a
b = 0.2

1.7 ≈ 0.118

- Kr: a
b = 5.1

1.0 = 5.1

- Xe: a
b = 4.1

5.0 = 0.82

Comparing the calculated a/b ratios:
Ne (0.118) < Ar (0.406) < Xe (0.82) < Kr (5.1)

The highest value for the ratio a/b is for Krypton (Kr).

Step 4: Final Answer:
Since Krypton (Kr) has the highest a/b ratio, it is expected to have the highest critical tem-
perature.

� Quick Tip

The critical temperature Tc is a measure of the strength of intermolecular forces. The
van der Waals constant ’a’ represents these attractive forces, while ’b’ represents the
volume of the molecules (repulsive forces). A high Tc implies strong attractive forces
(large ’a’) and small molecular size (small ’b’). Therefore, a large a/b ratio indicates a
high critical temperature.
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53. For any given series of spectral lines of atomic hydrogen, let ∆ν̄ = ν̄max − ν̄min

be the difference in maximum and minimum frequencies in cm−1. The ratio
∆ν̄Lyman/∆ν̄Balmer is:

(A) 27:5
(B) 4:1
(C) 9:4
(D) 5:4

Correct Answer: (C) 9:4

Solution:

Step 1: Understanding the Question:
We need to find the ratio of the frequency range (∆ν̄) for the Lyman series to the frequency
range for the Balmer series in the hydrogen spectrum. The frequency is given in terms of
wavenumber (ν̄ in cm−1), which is proportional to frequency.

Step 2: Key Formula or Approach:
The wavenumber (ν̄) of a spectral line in the hydrogen atom is given by the Rydberg formula:

ν̄ =
1

λ
= RH

(
1

n2f
− 1

n2i

)
where RH is the Rydberg constant (≈ 109677 cm−1), nf is the final energy level, and ni is the
initial energy level.
- Lyman Series: nf = 1, and ni = 2, 3, 4, ... - Balmer Series: nf = 2, and ni = 3, 4, 5, ...
The minimum frequency (ν̄min) in a series corresponds to the smallest energy transition, which
is from the level just above the final level (ni = nf + 1).
The maximum frequency (ν̄max) in a series corresponds to the largest energy transition, which
is from infinity (ni = ∞). This is also known as the series limit.

Step 3: Detailed Explanation:
For the Lyman Series (nf = 1):
- Minimum wavenumber (ν̄min,L): transition from ni = 2 to nf = 1.

ν̄min,L = RH

(
1

12
− 1

22

)
= RH

(
1− 1

4

)
=

3RH

4

- Maximum wavenumber (ν̄max,L): transition from ni = ∞ to nf = 1.

ν̄max,L = RH

(
1

12
− 1

∞2

)
= RH(1− 0) = RH

- Difference for Lyman series:

∆ν̄Lyman = ν̄max,L − ν̄min,L = RH − 3RH

4
=

RH

4
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For the Balmer Series (nf = 2):
- Minimum wavenumber (ν̄min,B): transition from ni = 3 to nf = 2.

ν̄min,B = RH

(
1

22
− 1

32

)
= RH

(
1

4
− 1

9

)
=

5RH

36

- Maximum wavenumber (ν̄max,B): transition from ni = ∞ to nf = 2.

ν̄max,B = RH

(
1

22
− 1

∞2

)
= RH

(
1

4
− 0
)
=

RH

4
- Difference for Balmer series:

∆ν̄Balmer = ν̄max,B − ν̄min,B =
RH

4
− 5RH

36
= RH

(
9− 5

36

)
=

4RH

36
=

RH

9
Calculate the Ratio:

∆ν̄Lyman

∆ν̄Balmer
=

RH/4

RH/9
=

1

4
× 9

1
=

9

4

The ratio is 9:4.

Step 4: Final Answer:
The ratio ∆ν̄Lyman/∆ν̄Balmer is 9:4.

� Quick Tip

For any spectral series for a hydrogen-like atom ending at level nf , the maximum fre-
quency corresponds to the energy of that level itself (from ni = ∞), i.e., ν̄max =
RHZ2/n2f . The range of the series, ∆ν̄, represents the energy difference between the
levels nf + 1 and ∞, which is equal to the energy of the level nf + 1. So, ∆ν̄ =
RHZ2/(nf + 1)2. Using this shortcut: ∆ν̄Lyman ∝ 1/(1 + 1)2 = 1/4. ∆ν̄Balmer ∝
1/(2 + 1)2 = 1/9. The ratio is (1/4)/(1/9) = 9/4.

54. Among the following, the molecule expected to be stabilized by anion forma-
tion is: C2, O2, NO, F2

(A) O2

(B) C2

(C) NO
(D) F2

Correct Answer: (B) C2

Solution:

Step 1: Understanding the Question:
We are asked which of the given diatomic molecules becomes more stable when it gains an
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electron to form a negative ion (anion). Stability in this context is related to the bond order.
An increase in bond order upon anion formation indicates stabilization.

Step 2: Key Formula or Approach:
We will use Molecular Orbital Theory (MOT) to determine the bond order of the neutral
molecules and their corresponding anions.
Bond Order (B.O.) = 1

2 × (Number of bonding electrons− Number of antibonding electrons).
The molecule is stabilized if the bond order of the anion is greater than the bond order of the
neutral molecule. This happens when the incoming electron enters a bonding molecular orbital.

Step 3: Detailed Explanation:
Let’s write the molecular orbital configurations and calculate the bond orders for each species.
We’ll use the configuration for molecules up to N2 for C2 and NO, and the configuration for
O2 and F2 for O2 and F2.
For N2 and lighter: σ1s, σ

∗
1s, σ2s, σ

∗
2s, π2px = π2py , σ2pz , ...

For O2 and heavier: σ1s, σ
∗
1s, σ2s, σ

∗
2s, σ2pz , π2px = π2py , ...

- C2 (12 electrons):
Config: (σ1s)

2(σ∗1s)
2(σ2s)

2(σ∗2s)
2(π2px)

2(π2py)
2

B.O. of C2 = 1
2(8− 4) = 2.

C−
2 (13 electrons): The extra electron goes into the next available orbital, which is the bond-

ing σ2pz orbital.
Config: ... (π2px)

2(π2py)
2(σ2pz)

1

B.O. of C−
2 = 1

2(9− 4) = 2.5.
Since B.O.(C−

2 ) ¿ B.O.(C2), the molecule is stabilized.

- O2 (16 electrons):
Config: (σ1s)

2(σ∗1s)
2(σ2s)

2(σ∗2s)
2(σ2pz)

2(π2px)
2(π2py)

2(π∗2px)
1(π∗2py)

1

B.O. of O2 = 1
2(10− 6) = 2.

O−
2 (17 electrons): The extra electron goes into one of the antibonding π∗2p orbitals.

B.O. of O−
2 = 1

2(10− 7) = 1.5.
Since B.O.(O−

2 ) ¡ B.O.(O2), the molecule is destabilized.

- NO (15 electrons):
Config: (σ1s)

2(σ∗1s)
2(σ2s)

2(σ∗2s)
2(σ2pz)

2(π2px)
2(π2py)

2(π∗2px)
1 (using O2 order for heteronuclear)

B.O. of NO = 1
2(10− 5) = 2.5.

NO− (16 electrons): The extra electron goes into the antibonding π∗2p orbital.

B.O. of NO− = 1
2(10− 6) = 2.

Since B.O.(NO−) ¡ B.O.(NO), the molecule is destabilized.

- F2 (18 electrons):
Config: ... (σ2pz)

2(π2px)
2

(π2py)
2(π∗2px)

2(π∗2py)
2 B.O. of F2 = 1

2(10 − 8) = 1. F−
2 (19 electrons): The extra electron

must go into the next orbital, which is the antibonding σ∗2pz .

B.O. of F−
2 = 1

2(10− 9) = 0.5.
Since B.O.(F−

2 ) ¡ B.O.(F2), the molecule is destabilized.
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Only C2 shows an increase in bond order upon forming its anion.

Step 4: Final Answer:
The C2 molecule is expected to be stabilized by anion formation.

� Quick Tip

A molecule is stabilized by gaining an electron if that electron enters a bonding molec-
ular orbital (BMO). It is destabilized if the electron enters an antibonding molecu-
lar orbital (ABMO). You can predict this quickly by looking at the highest occupied
molecular orbital (HOMO) and the lowest unoccupied molecular orbital (LUMO). If
the LUMO is a BMO, the anion will be more stable.

55. Among the following, the set of parameters that represents path functions, is:
(A) q + w
(B) q
(C) w
(D) H - TS

(A) (A) and (D)
(B) (B) and (C)
(C) (B), (C) and (D)
(D) (A), (B) and (C)

Correct Answer: (B) (B) and (C)

Solution:

Step 1: Understanding the Question:
We are asked to identify which of the given thermodynamic parameters are path functions.

Step 2: Key Formula or Approach:
In thermodynamics, physical properties are classified as either state functions or path functions.
- State Function (or Point Function): A property whose value depends only on the current
state of the system (e.g., its temperature, pressure, volume, internal energy) and not on the
path taken to reach that state. The change in a state function is simply the difference between
its final and initial values (∆X = Xfinal −Xinitial). Examples: Internal Energy (U), Enthalpy
(H), Entropy (S), Gibbs Free Energy (G), Pressure (P), Volume (V), Temperature (T).
- Path Function: A property whose value depends on the specific path or process followed
during a change from an initial to a final state. Heat (q) and Work (w) are the two primary
examples of path functions.
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Step 3: Detailed Explanation:
Let’s analyze each parameter given:
- (A) q + w: According to the First Law of Thermodynamics, the change in internal energy
(∆U) is given by ∆U = q + w. Since Internal Energy (U) is a state function, its change (∆U)
is also a state function. Therefore, the sum (q + w) represents a state function, not a path
function.
- (B) q (Heat): Heat is the energy transferred due to a temperature difference. The amount
of heat transferred between two states depends on the process (e.g., more heat is required to
go from state 1 to 2 at constant pressure than at constant volume). Therefore, q is a classic
example of a path function.
- (C) w (Work): Work is energy transferred due to mechanical action. The work done by
or on a system depends on the path taken (e.g., the work done in an expansion,

´
PdV , is

the area under the curve on a P-V diagram, which is path-dependent). Therefore, w is also a
classic example of a path function.
- (D) H - TS: This expression defines the Gibbs Free Energy, G. G = H−TS. Since Enthalpy
(H), Temperature (T), and Entropy (S) are all state functions, any combination of them, such
as G, is also a state function. Therefore, H - TS is a state function.

The parameters that are path functions are q and w.

Step 4: Final Answer:
The set of parameters representing path functions is (B) q and (C) w. This corresponds to
option (B).

� Quick Tip

A simple way to remember the main state and path functions: almost everything in
thermodynamics is a state function (P, V, T, U, H, S, G) except for the two ways en-
ergy is transferred across a system’s boundary: heat (q) and work (w). These two are
path functions. The sum q + w is ∆U , which IS a state function.

56. Liquid ’M’ and liquid ’N’ form an ideal solution. The vapour pressures of pure
liquids ’M’ and ’N’ are 450 and 700 mmHg, respectively, at the same temperature.
Then correct statement is : (xM = Mole fraction of ’M’ in solution; xN = Mole
fraction of ’N’ in solution; yM = Mole fraction of ’M’ in vapour phase; yN = Mole
fraction of ’N’ in vapour phase)

(A) xM

xN
= yM

yN

(B) xM

xN
> yM

yN

(C) xM

xN
< yM

yN

(D) (xM − yM ) < (xN − yN )
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Correct Answer: (B) xM

xN
> yM

yN

Solution:

Step 1: Understanding the Question:
We have an ideal solution of two volatile liquids, M and N, with different pure vapor pressures.
We need to find the correct relationship between the mole fraction ratios in the liquid phase
(xM/xN ) and the vapour phase (yM/yN ).

Step 2: Key Formula or Approach:
1. Raoult’s Law: For an ideal solution, the partial pressure of a component in the vapour
phase (PA) is equal to the mole fraction of that component in the liquid phase (xA) multiplied
by its vapour pressure in the pure state (P0

A).
PM = xMP 0

M and PN = xNP 0
N .

2. Dalton’s Law of Partial Pressures: The mole fraction of a component in the vapour
phase (yA) is the ratio of its partial pressure (PA) to the total pressure (Ptotal).
yM = PM

Ptotal
and yN = PN

Ptotal
, where Ptotal = PM + PN .

Step 3: Detailed Explanation:
Let’s express the mole fraction ratio in the vapour phase, yM/yN .

yM
yN

=
PM/Ptotal

PN/Ptotal
=

PM

PN

Now, using Raoult’s Law, we can substitute the expressions for the partial pressures:

yM
yN

=
xMP 0

M

xNP 0
N

This can be rearranged as:

yM
yN

=

(
xM
xN

)
×
(
P 0
M

P 0
N

)
We are given the pure vapour pressures:
P 0
M = 450 mmHg.

P 0
N = 700 mmHg.

Liquid N is more volatile than liquid M because P 0
N > P 0

M .
Let’s calculate the ratio of the pure vapour pressures:

P 0
M

P 0
N

=
450

700
=

9

14

Since 9
14 < 1, the factor

(
P 0
M

P 0
N

)
is less than 1.

Substituting this back into our relationship:

yM
yN

=

(
xM
xN

)
× (a number less than 1)
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This directly implies that the ratio yM
yN

is smaller than the ratio xM

xN
.

yM
yN

<
xM
xN

Rewriting this inequality to match the options, we get:

xM
xN

>
yM
yN

This corresponds to option (B). The general principle is that the vapor phase is always richer
in the more volatile component. Since N is more volatile, the ratio of M to N should be lower
in the vapor phase than in the liquid phase.

Step 4: Final Answer:
The correct statement is xM

xN
> yM

yN
.

� Quick Tip

A fundamental principle of ideal solutions is that the vapor phase is always richer in
the more volatile component. The more volatile component is the one with the higher
pure vapor pressure (P0). So, if P0

A > P 0
B, then for any solution, yA > xA and the ratio

yA/yB > xA/xB. In this problem, N is more volatile, so the ratio of N to M is higher
in the vapor phase than in the liquid phase (yN/yM > xN/xM ), which is equivalent to
xM/xN > yM/yN .

57. The osmotic pressure of a dilute solution of an ionic compound XY in water
is four times that of a solution of 0.01 M BaCl2 in water. Assuming complete
dissociation of the given ionic compounds in water, the concentration of XY (in
mol L−1) in solution is:

(A) 4×10−2

(B) 16×10−4

(C) 6×10−2

(D) 4×10−4

Correct Answer: (C) 6×10−2

Solution:

Step 1: Understanding the Question:
We are comparing the osmotic pressures of two different electrolyte solutions. We are given the
concentration of one (BaCl2) and the relationship between their osmotic pressures. We need
to find the concentration of the other solution (XY).
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Step 2: Key Formula or Approach:
The formula for osmotic pressure (Π) of an electrolyte solution is given by:

Π = i× C ×R× T

where:
i is the van’t Hoff factor, which represents the number of particles the solute dissociates into.
C is the molar concentration of the solution.
R is the universal gas constant.
T is the absolute temperature.
For complete dissociation, ’i’ is equal to the number of ions produced per formula unit.

Step 3: Detailed Explanation:
Let’s analyze the two solutions.
Solution 1: BaCl2
The compound is BaCl2, and it dissociates completely.

BaCl2(s) → Ba2+(aq) + 2Cl−(aq)

One formula unit of BaCl2 dissociates into 1 Ba2+ ion and 2 Cl− ions, for a total of 3 ions.
So, the van’t Hoff factor for BaCl2 is i1 = 3.
The concentration is given as C1 = 0.01 M.
The osmotic pressure is Π1 = i1C1RT = 3× 0.01×RT = 0.03RT .

Solution 2: XY
The compound is an ionic compound XY. It dissociates completely.

XY (s) → X+(aq) + Y −(aq)

One formula unit of XY dissociates into 1 X+ ion and 1 Y− ion, for a total of 2 ions.
So, the van’t Hoff factor for XY is i2 = 2.
Let its concentration be C2. We need to find this value.
The osmotic pressure is Π2 = i2C2RT = 2× C2 ×RT .

Relating the two solutions:
We are given that the osmotic pressure of the XY solution is four times that of the BaCl2
solution.

Π2 = 4× Π1

Substitute the expressions for the osmotic pressures:

2× C2 ×RT = 4× (0.03RT )

The term RT cancels from both sides:

2C2 = 4× 0.03 = 0.12

Solve for C2:

C2 =
0.12

2
= 0.06 mol L−1
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This can be written in scientific notation as 6× 10−2 mol L−1.

Step 4: Final Answer:
The concentration of XY in the solution is 6×10−2 mol L−1.

� Quick Tip

When comparing colligative properties of different electrolyte solutions at the same
temperature, the ratio of the properties is equal to the ratio of their effective molari-
ties (i × C). In this problem, ΠXY

ΠBaCl2
= iXY CXY

iBaCl2CBaCl2
. This is a quick way to set up the

problem.

58. The standard Gibbs energy for the given cell reaction in kJ mol−1 at 298 K is:
Zn(s)+Cu2+(aq) → Zn2+(aq)+Cu(s), E0=2V at 298K (Faraday’s constant, F=96000
C mol−1)

(A) 192
(B) 384
(C) -384
(D) -192

Correct Answer: (C) -384

Solution:

Step 1: Understanding the Question:
We need to calculate the standard Gibbs free energy change (∆G0) for a given electrochemical
cell reaction, using the provided standard cell potential (E0) and Faraday’s constant (F).

Step 2: Key Formula or Approach:
The relationship between the standard Gibbs free energy change and the standard cell potential
is given by the equation:

∆G0 = −nFE0

where:
∆G0 is the standard Gibbs free energy change.
n is the number of moles of electrons transferred in the balanced redox reaction.
F is Faraday’s constant.
E0 is the standard cell potential.

Step 3: Detailed Explanation:
First, we need to determine ’n’, the number of electrons transferred in the reaction.
The overall reaction is: Zn(s) + Cu2+(aq) → Zn2+(aq) + Cu(s).
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We can break this down into half-reactions:
- Oxidation half-reaction: Zn(s) → Zn2+(aq) + 2e−

- Reduction half-reaction: Cu2+(aq) + 2e− → Cu(s)
From the half-reactions, we can see that 2 moles of electrons are transferred for every mole of
reaction as written. So, n = 2.

Now, we can use the formula ∆G0 = −nFE0.
Given values:
n = 2 mol e−

F = 96000 C mol−1

E0 = 2 V

Substitute the values into the equation:

∆G0 = −(2)× (96000 C mol−1)× (2 V)

Note that Volt × Coulomb = Joule (V × C = J).

∆G0 = −4× 96000 J mol−1

∆G0 = −384000 J mol−1

The question asks for the answer in kJ mol−1. To convert from J to kJ, we divide by 1000.

∆G0 = −384000

1000
kJ mol−1 = −384 kJ mol−1

Step 4: Final Answer:
The standard Gibbs energy for the given cell reaction is -384 kJ mol−1.

� Quick Tip

Remember the sign convention. A positive standard cell potential (E0 > 0) indicates
a spontaneous reaction under standard conditions. Spontaneous reactions have a neg-
ative standard Gibbs free energy change (∆G0 < 0). The negative sign in the formula
∆G0 = −nFE0 ensures this consistency. So, if you get a positive E0, your ∆G0 must
be negative.

59. The given plots represent the variation of the concentration of a reactant R
with time for two different reactions (i) and (ii). The respective orders of the re-
actions are:
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(A) 0, 1
(B) 1, 0
(C) 1, 1
(D) 0, 2

Correct Answer: (B) 1, 0

Solution:

Step 1: Understanding the Question:
We are shown two graphs plotting a function of reactant concentration versus time. We need
to determine the order of the reaction corresponding to each plot.

Step 2: Key Formula or Approach:
This problem requires knowledge of the integrated rate laws for zero-order, first-order, and
second-order reactions. The order of a reaction is determined by which plot of concentration
vs. time yields a straight line.
- Zero-Order Reaction: The rate is independent of concentration (rate = k). The integrated
rate law is:

[R] = −kt+ [R]0

A plot of [R] versus time (t) is a straight line with slope = -k.
- First-Order Reaction: The rate is proportional to the concentration (rate = k[R]). The
integrated rate law is:

ln[R] = −kt+ ln[R]0

A plot of ln[R] versus time (t) is a straight line with slope = -k.
- Second-Order Reaction: The rate is proportional to the square of the concentration
(rate = k[R]2). The integrated rate law is:

1

[R]
= kt+

1

[R]0

A plot of 1/[R] versus time (t) is a straight line with slope = +k.

Step 3: Detailed Explanation:
Let’s analyze the given plots:
- Plot (i): This is a plot of ln[R] versus time. The plot is a straight line with a negative slope.
This matches the integrated rate law for a first-order reaction (ln[R] = −kt+ ln[R]0).
- Plot (ii): This is a plot of [R] versus time. The plot is a straight line with a negative slope.
This matches the integrated rate law for a zero-order reaction ([R] = −kt+ [R]0).

Therefore, reaction (i) is first-order, and reaction (ii) is zero-order.
The question asks for the respective orders of the reactions (i) and (ii).
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Step 4: Final Answer:
The order for reaction (i) is 1, and the order for reaction (ii) is 0. The pair is (1, 0).

� Quick Tip

Memorize the linear plots associated with each reaction order. It’s a quick way to de-
termine the order from experimental data. - **0 Order:** [R] vs. t is linear, slope =
-k. - **1st Order:** ln[R] vs. t is linear, slope = -k. - **2nd Order:** 1/[R] vs. t is
linear, slope = +k. Pay attention to the y-axis label ([R], ln[R], or 1/[R]) and the sign
of the slope.

60. The aerosol is a kind of colloid in which :

(A) liquid is dispersed in water
(B) gas is dispersed in liquid
(C) gas is dispersed in solid
(D) solid is dispersed in gas

Correct Answer: (D) solid is dispersed in gas

Solution:

Step 1: Understanding the Question:
We need to define what an aerosol is in the context of colloidal systems. Colloids are classified
based on the physical state of the dispersed phase and the dispersion medium.

Step 2: Key Formula or Approach:
Recall the classification of colloids. An aerosol is a specific type of colloid where the dispersion
medium is a gas. The dispersed phase can be either a solid or a liquid.
- Dispersed Phase: Liquid, Dispersion Medium: Gas → Aerosol (e.g., fog, mist, clouds) - Dis-
persed Phase: Solid, Dispersion Medium: Gas → Aerosol (e.g., smoke, dust)

Step 3: Detailed Explanation:
Let’s analyze the definition of an aerosol and the given options.
An aerosol is a suspension of fine solid particles or liquid droplets in air or another gas. This
means the dispersion medium is gas.
Now, let’s look at the options:
- (A) liquid is dispersed in water: This describes an emulsion (if the dispersed liquid is
immiscible with water) or a true solution. The dispersion medium is water (a liquid), not a
gas.
- (B) gas is dispersed in liquid: This describes a foam (e.g., whipped cream). The disper-
sion medium is a liquid, not a gas.
- (C) gas is dispersed in solid: This describes a solid foam or solid sol (e.g., pumice stone,
styrofoam). The dispersion medium is a solid, not a gas.
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- (D) solid is dispersed in gas: This fits the definition of an aerosol (specifically, a solid
aerosol like smoke or dust). Since ”liquid dispersed in gas” is also an aerosol but not an option,
this is the correct choice among the given ones.

Step 4: Final Answer:
An aerosol is a kind of colloid in which a solid is dispersed in a gas (or a liquid is dispersed in
a gas). Option (D) correctly describes one type of aerosol.

� Quick Tip

Memorizing the table of colloid types is essential for this topic. A helpful mnemonic for
aerosol is to think of ”aero” as air (gas). So, an aerosol is something dispersed in the
air (gas). This can be a liquid (fog) or a solid (smoke).

Mathematics

61. If the function f : R − {1,−1} → A defined by f(x) = x2

1−x2 , is surjective, then A
is equal to :

(A) R - {-1, 0}
(B) R - {-1}
(C) R - [-1, 0)
(D) [0, ∞)

Correct Answer: (C) R - [-1, 0)

Solution:

Step 1: Understanding the Question:
A function is surjective (or onto) if its range is equal to its codomain (A). The question asks
us to find the set A that makes the given function surjective, which is equivalent to finding the
range of the function f(x).

Step 2: Key Formula or Approach:
To find the range of f(x) = x2

1−x2 , we can set y = f(x) and solve for x in terms of y. The set of
all possible real values of y for which x is real and within the domain will be the range.

Step 3: Detailed Explanation:
Let y = f(x) = x2

1−x2 .
The domain is R− {1,−1}.
Let’s solve for x:

y(1− x2) = x2
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y − yx2 = x2

y = x2 + yx2

y = x2(1 + y)

x2 =
y

1 + y

Since x must be a real number, x2 must be greater than or equal to 0.

x2 ≥ 0 =⇒ y

1 + y
≥ 0

This inequality holds true under two conditions (using the sign method for rational inequali-
ties):
Case 1: y ≥ 0 AND 1 + y > 0 (denominator cannot be zero).
This means y ≥ 0 and y > −1. The intersection of these is y ≥ 0.
Case 2: y ≤ 0 AND 1 + y < 0.
This means y ≤ 0 and y < −1. The intersection of these is y < −1.

Combining both cases, the possible values for y are y ∈ (−∞,−1) ∪ [0,∞).
Let’s check if any values need to be excluded. The domain of f(x) excludes x=1 and x=-1. If
we could get these values of x, then x2 = 1. Let’s see what value of y corresponds to x2 = 1:

1 =
y

1 + y
=⇒ 1 + y = y =⇒ 1 = 0

, which is impossible. This confirms that there is no y value that would require x to be 1 or -1,
so we don’t need to exclude any more values from the range.
Also, we need to check the denominator 1 + y ̸= 0, which means y ̸= −1. This is already
covered by our intervals.

The range of the function is (−∞,−1) ∪ [0,∞).
This can be written as the set of all real numbers R, excluding the interval [-1, 0).
Range = R− [−1, 0).

Let’s check the options:
(A) R - {-1, 0} → Incorrect.
(B) R - {-1} → Incorrect.
(C) R - [-1, 0) → Correct. This represents all real numbers except for the numbers from -1
(inclusive) up to 0 (exclusive). This matches our derived range (−∞,−1) ∪ [0,∞).
(D) [0, ∞) → Incorrect.

Step 4: Final Answer:
The range of the function, and therefore the set A for which the function is surjective, is
R− [−1, 0).
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� Quick Tip

Finding the range of a rational function y = f(x) is often done by expressing x in
terms of y. The constraints on y (e.g., expressions under square roots must be non-
negative, denominators cannot be zero) define the range. For functions involving x2,
setting x2 ≥ 0 is a key step.

62. All the points in the set S = {α+i
α−i : α ∈ R} (i =

√
−1) lie on a:

(A) circle whose radius is
√
2.

(B) circle whose radius is 1.
(C) straight line whose slope is 1.
(D) straight line whose slope is -1.

Correct Answer: (B) circle whose radius is 1.

Solution:

Step 1: Understanding the Question:
We are given a set S of complex numbers, where each element is of the form z = α+i

α−i and α is
any real number. We need to determine the geometric locus of these points in the complex plane.

Step 2: Key Formula or Approach:
Let’s represent a general point in the set S as a complex number z. The easiest way to find
the locus is to find the magnitude of z, |z|. If the magnitude is constant, the locus is a circle
centered at the origin.
The magnitude of a quotient of two complex numbers is the quotient of their magnitudes:

|z1z2 | =
|z1|
|z2| .

The magnitude of a complex number a+ bi is |a+ bi| =
√
a2 + b2.

Step 3: Detailed Explanation:
Let z = α+i

α−i , where α is a real number.
Let’s calculate the magnitude of z:

|z| =
∣∣∣α + i

α− i

∣∣∣
Using the property |z1z2 | =

|z1|
|z2| :

|z| = |α + i|
|α− i|

Now, calculate the magnitudes of the numerator and the denominator.
The magnitude of the numerator is |α + i| =

√
α2 + 12 =

√
α2 + 1.

The magnitude of the denominator is |α− i| =
√

α2 + (−1)2 =
√
α2 + 1.
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So, the magnitude of z is:

|z| =
√
α2 + 1√
α2 + 1

= 1

This result holds true for any real value of α.
The equation |z| = 1 represents the set of all complex numbers whose distance from the origin is
1. This is the definition of a circle in the complex plane centered at the origin with a radius of 1.

Alternative Method (Cartesian Coordinates):
Let z = x+ iy.

x+ iy =
α + i

α− i

Multiply by the conjugate of the denominator:

x+ iy =
(α + i)

(α− i)
× (α + i)

(α + i)
=

(α + i)2

α2 − (i2)
=

α2 + 2αi+ i2

α2 + 1
=

α2 − 1 + 2αi

α2 + 1

Equating the real and imaginary parts:

x =
α2 − 1

α2 + 1
and y =

2α

α2 + 1

To find the locus, we need to eliminate the parameter α. Let’s calculate x2 + y2:

x2 + y2 =

(
α2 − 1

α2 + 1

)2

+
(

2α

α2 + 1

)2
=

(α2 − 1)2 + (2α)2

(α2 + 1)2

x2 + y2 =
(α4 − 2α2 + 1) + 4α2

(α2 + 1)2
=

α4 + 2α2 + 1

(α2 + 1)2
=

(α2 + 1)2

(α2 + 1)2
= 1

The equation of the locus is x2+ y2 = 1, which is the equation of a circle centered at the origin
with a radius of 1.

Step 4: Final Answer:
All the points in the set S lie on a circle whose radius is 1.

� Quick Tip

For complex numbers of the form z = z1
z2
, always check the magnitude first. If |z1| and

|z2| are equal (as is the case for a number and its conjugate, or numbers of the form
a± bi), the magnitude of the quotient will be 1, immediately telling you the locus is the
unit circle. This is much faster than converting to Cartesian coordinates.

63. Let p, q ∈ R. If 2 -
√
3 is a root of the quadratic equation x2 + px+ q = 0, then :
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(A) p2 − 4q + 12 = 0
(B) q2 − 4p− 16 = 0
(C) p2 − 4q − 12 = 0
(D) q2 + 4p+ 14 = 0

Correct Answer: (C) p2 − 4q − 12 = 0

Solution:

Step 1: Understanding the Question:
We are given a quadratic equation with real coefficients p and q. One of the roots is an irra-
tional number 2−

√
3. We need to find the relationship between p and q.

Step 2: Key Formula or Approach:
For a quadratic equation with real coefficients, if one root is an irrational number of the form
a+

√
b, then its conjugate, a−

√
b, must be the other root.

For a quadratic equation ax2 + bx + c = 0, the sum of roots is −b/a and the product of roots
is c/a.

Step 3: Detailed Explanation:
The given quadratic equation is x2 + px+ q = 0.
Since the coefficients p and q are real numbers (p, q ∈ R), and one root is 2 −

√
3, the other

root must be its conjugate, which is 2 +
√
3.

Let the roots be α = 2−
√
3 and β = 2 +

√
3.

Now, we find the sum and product of the roots:
Sum of roots = α+ β = (2−

√
3) + (2 +

√
3) = 4.

From the equation, the sum of roots is also given by −p/1 = −p.
Therefore, −p = 4 =⇒ p = −4.

Product of roots = α× β = (2−
√
3)(2 +

√
3) = 22 − (

√
3)2 = 4− 3 = 1.

From the equation, the product of roots is also given by q/1 = q.
Therefore, q = 1.

Now we have the values p = −4 and q = 1. We need to check which of the given options
satisfies these values.
- (A) p2 − 4q + 12 = 0: (−4)2 − 4(1) + 12 = 16− 4 + 12 = 24 ̸= 0.
- (B) q2 − 4p− 16 = 0: (1)2 − 4(−4)− 16 = 1 + 16− 16 = 1 ̸= 0.
- (C) p2 − 4q − 12 = 0: (−4)2 − 4(1)− 12 = 16− 4− 12 = 0. This is correct.
- (D) q2 + 4p+ 14 = 0: (1)2 + 4(−4) + 14 = 1− 16 + 14 = −1 ̸= 0.

Note: The question paper mentions ambiguity. This note is likely present because if the con-
dition p, q ∈ R was not given, we could not assume the conjugate root. However, since the
condition is explicitly stated, there is no ambiguity, and the problem has a unique solution.
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Step 4: Final Answer:
The correct relation is p2 − 4q − 12 = 0.

� Quick Tip

The conjugate root theorem is a very powerful tool. If a polynomial equation has real
coefficients, then any complex roots must occur in conjugate pairs. Similarly, if the
polynomial has rational coefficients, then any irrational roots of the form a +

√
b must

also occur in conjugate pairs a−
√
b.

64. Let α and β be the roots of the equation x2 + x + 1 = 0. Then for y ̸= 0 in R,∣∣∣∣∣∣
y + 1 α β

α y + β 1
β 1 y + α

∣∣∣∣∣∣ is equal to:

(A) y(y2 − 3)
(B) y3 − 1
(C) y(y2 − 1)
(D) y3

Correct Answer: (D) y3

Solution:

Step 1: Understanding the Question:
We are given that α and β are the roots of x2 + x + 1 = 0. We need to evaluate a 3x3 deter-
minant that contains α, β, and a variable y.

Step 2: Key Formula or Approach:
The roots of x2 + x+ 1 = 0 are the non-real cube roots of unity, commonly denoted as ω and
ω2.
Key properties of these roots:
1. α + β = −1 (Sum of roots)
2. αβ = 1 (Product of roots)
3. α2 = β, β2 = α

4. α3 = β3 = 1
We will use these properties along with properties of determinants, such as row or column
operations, to simplify the determinant.

Step 3: Detailed Explanation:
Let the given determinant be ∆.

∆ =

∣∣∣∣∣∣
y + 1 α β

α y + β 1
β 1 y + α

∣∣∣∣∣∣
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Apply the column operation C1 → C1 + C2 + C3:

∆ =

∣∣∣∣∣∣
y + 1 + α+ β α β
α + y + β + 1 y + β 1
β + 1 + y + α 1 y + α

∣∣∣∣∣∣
Since α + β = −1, the term 1 + α + β = 0. The first column becomes:∣∣∣∣∣∣

y α β
y y + β 1
y 1 y + α

∣∣∣∣∣∣
Take y common from the first column:

∆ = y

∣∣∣∣∣∣
1 α β
1 y + β 1
1 1 y + α

∣∣∣∣∣∣
Now apply row operations R2 → R2 - R1 and R3 → R3 - R1:

∆ = y

∣∣∣∣∣∣
1 α β
0 y + β − α 1− β
0 1− α y + α− β

∣∣∣∣∣∣
Expand the determinant along the first column:

∆ = y [1× ((y + β − α)(y + α− β)− (1− β)(1− α))]

Let’s simplify the terms inside the bracket.
Term 1: (y + (β − α))(y − (β − α)) = y2 − (β − α)2 = y2 − (β2 + α2 − 2αβ).
We know α+ β = −1 =⇒ (α+ β)2 = 1 =⇒ α2 + β2 + 2αβ = 1.
With αβ = 1, we have α2 + β2 + 2(1) = 1 =⇒ α2 + β2 = −1.
So, y2 − (−1− 2(1)) = y2 − (−3) = y2 + 3.
Term 2: (1− β)(1− α) = 1− α− β + αβ = 1− (α + β) + αβ.
Substituting the values: 1− (−1) + 1 = 3.
Now substitute these simplified terms back into the expression for ∆:

∆ = y[(y2 + 3)− 3] = y(y2) = y3

Step 4: Final Answer:
The value of the determinant is y3.

� Quick Tip

When evaluating determinants with symbolic entries that have a known relationship
(like 1 + α + β = 0), always look for row or column operations that can exploit this
relationship. The operation C1 → C1+C2+C3 or R1 → R1+R2+R3 is often a very
good starting point.

103



65.

(A)

(B)

(C)

(D)

Correct Answer: (C)

Solution:

Step 1: Understanding the Question:
We are given an equation involving a product of matrices. We need to first find the value of
’n’ from this equation and then find the inverse of a matrix that depends on ’n’.

Step 2: Key Formula or Approach:

1. Find a pattern for the product of matrices of the form

(
1 k
0 1

)
.
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2. Use the formula for the sum of the first ’m’ natural numbers:
∑m

k=1 k =
m(m+1)

2 .

3. Use the formula for the inverse of a 2x2 matrix: IfA =

(
a b

c d

)
, thenA−1 = 1

ad−bc

(
d −b
−c a

)
.

Step 3: Detailed Explanation:

Let’s find the pattern of the matrix product. Let Mk =

(
1 k

0 1

)
.

M1M2 =

(
1 1
0 1

)(
1 2
0 1

)
=

(
1 · 1 + 1 · 0 1 · 2 + 1 · 1
0 · 1 + 1 · 0 0 · 2 + 1 · 1

)
=

(
1 1 + 2
0 1

)
.

By induction, we can see that the product of such matrices results in a matrix where the top-
right element is the sum of the ’k’ values.

n−1∏
k=1

Mk =

(
1
∑n−1

k=1 k

0 1

)
The sum of the first n− 1 integers is

(n−1)((n−1)+1)
2 =

(n−1)n
2 .

So, the product of the matrices is

(
1

n(n−1)
2

0 1

)
.

We are given that this product equals

(
1 78
0 1

)
.

By comparing the top-right elements:

n(n− 1)

2
= 78

n(n− 1) = 156

We need to find two consecutive integers whose product is 156. We can see that 12× 13 = 156.
Since n− 1 and n are consecutive, we have n = 13.

Now we need to find the inverse of the matrix

(
1 n
0 1

)
=

(
1 13
0 1

)
.

Let A =

(
1 13
0 1

)
. The determinant is det(A) = (1)(1)− (13)(0) = 1.

The inverse is:

A−1 =
1

1

(
1 −13
−0 1

)
=

(
1 −13
0 1

)
Step 4: Final Answer:

The inverse of the matrix is

(
1 −13
0 1

)
.

� Quick Tip

Matrices of the form

(
1 k
0 1

)
represent shear transformations. The product of two

such shears is another shear where the shear factor is the sum of the individual factors.
Recognizing this pattern simplifies the matrix multiplication step significantly.
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66. A committee of 11 members is to be formed from 8 males and 5 females. If m
is the number of ways the committee is formed with at least 6 males and n is the
number of ways the committee is formed with at least 3 females, then:

(A) n = m - 8
(B) m = n = 78
(C) m = n = 68
(D) m + n = 68

Correct Answer: (B) m = n = 78

Solution:

Step 1: Understanding the Question:
We need to calculate two different quantities, m and n, which represent the number of ways to
form a committee of 11 from 8 males and 5 females under different constraints. Then we need
to compare m and n.

Step 2: Key Formula or Approach:
We will use the combination formula,

(
n
k

)
= n!

k!(n−k)!
, to calculate the number of ways to select

members.
”At least” means we need to consider all possible cases that satisfy the condition and sum them
up.

Step 3: Detailed Explanation:
Total members available: 8 Males (M), 5 Females (F). Total = 13.
Size of committee to be formed = 11.

Calculate m (at least 6 males):
A committee of 11 with at least 6 males can be formed in the following ways:
- Case 1: 6 Males and 5 Females. Number of ways =

(
8
6

)
×
(
5
5

)
= 8×7

2×1 × 1 = 28× 1 = 28.

- Case 2: 7 Males and 4 Females. Number of ways =
(
8
7

)
×
(
5
4

)
= 8× 5 = 40.

- Case 3: 8 Males and 3 Females. Number of ways =
(
8
8

)
×
(
5
3

)
= 1× 5×4×3

3×2×1 = 1× 10 = 10.
(We cannot have more than 8 males). Total number of ways for m:

m = 28 + 40 + 10 = 78

Calculate n (at least 3 females):
A committee of 11 with at least 3 females can be formed in the following ways:
- Case 1: 3 Females and 8 Males. Number of ways =

(
5
3

)
×
(
8
8

)
= 10× 1 = 10.

- Case 2: 4 Females and 7 Males. Number of ways =
(
5
4

)
×
(
8
7

)
= 5× 8 = 40.

- Case 3: 5 Females and 6 Males. Number of ways =
(
5
5

)
×
(
8
6

)
= 1× 28 = 28.

(We cannot have more than 5 females). Total number of ways for n:

n = 10 + 40 + 28 = 78
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Comparison:
We find that m = 78 and n = 78. Therefore, m = n = 78.

Step 4: Final Answer:
The correct relation is m = n = 78.

� Quick Tip

In this specific problem, there’s a neat symmetry. The total number of people is 13,
and we are choosing 11. This is equivalent to choosing 2 people to *exclude*. The con-
dition ”at least 6 males” in a committee of 11 means we can have at most 13 − 11 = 2
people excluded, where the number of excluded males is at most 8 − 6 = 2. The condi-
tion ”at least 3 females” means we can have at most 5− 3 = 2 females excluded. These
two conditions turn out to be equivalent due to the numbers chosen.

67. Let the sum of the first n terms of a non-constant A.P., a1, a2, a3, . . . be 50n +
n(n−7)

2 A, where A is a constant. If d is the common difference of this A.P., then the
ordered pair (d, a50) is equal to:

(A) (50, 50 + 46A)
(B) (A, 50 + 46A)
(C) (A, 50 + 45A)
(D) (50, 50 + 45A)

Correct Answer: (B) (A, 50 + 46A)

Solution:

Step 1: Understanding the Question:
We are given the formula for the sum of the first n terms (Sn) of an arithmetic progression
(A.P.). We need to find the common difference (d) and the 50th term (a50) of this A.P.

Step 2: Key Formula or Approach:
1. The sum of the first n terms of an A.P. is given by Sn = n

2 [2a + (n − 1)d], where ’a’ is the
first term and ’d’ is the common difference. This can be expanded to show it’s a quadratic in
n: Sn = (d2)n

2 + (a− d
2)n.

2. The nth term of an A.P. can be found from the sum formula: an = Sn − Sn−1.
3. The common difference can also be found using d = a2 − a1.

Step 3: Detailed Explanation:
First, let’s simplify the given expression for Sn:

Sn = 50n+
n(n− 7)

2
A = 50n+

An2 − 7An

2
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Sn =
A

2
n2 +

(
50− 7A

2

)
n

This is a quadratic expression in n with no constant term, which is the standard form for the
sum of an A.P.

Method 1: Comparing with the standard formula
Compare Sn = A

2 n
2 +
(
50− 7A

2

)
n with Sn = (d2)n

2 + (a− d
2)n.

By comparing the coefficients of n2:

d

2
=

A

2
=⇒ d = A

By comparing the coefficients of n:

a− d

2
= 50− 7A

2

Substitute d = A:

a− A

2
= 50− 7A

2

a = 50− 7A

2
+

A

2
= 50− 6A

2
= 50− 3A

Now we need to find the 50th term, a50.
The formula for the nth term is an = a+ (n− 1)d.

a50 = a+ (50− 1)d = a+ 49d

Substitute the expressions for a and d we found:

a50 = (50− 3A) + 49(A) = 50 + 46A

So, the ordered pair (d, a50) is (A, 50 + 46A).

Method 2: Using an = Sn − Sn−1

an =
[
A
2 n

2 + (50− 7A
2 )n

]
−
[
A
2 (n− 1)2 + (50− 7A

2 )(n− 1)
]

an = A
2 (n

2 − (n− 1)2) + (50− 7A
2 )(n− (n− 1))

an = A
2 (2n − 1) + (50 − 7A

2 )(1) = An − A
2 + 50 − 7A

2 = An + 50 − 4A This is the formula for
the nth term.
The common difference d is the coefficient of n, so d = A.
The 50th term is:
a50 = A(50) + 50− 4A = 50A− 4A+ 50 = 46A+ 50.
The ordered pair (d, a50) is (A, 50 + 46A).

Step 4: Final Answer:
The ordered pair (d, a50) is equal to (A, 50 + 46A).
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� Quick Tip

For any A.P., the sum of the first n terms, Sn, is always a quadratic function of n of
the form Pn2 + Qn. A very useful shortcut is that the common difference ’d’ is always
twice the coefficient of n2, i.e., d = 2P . This allows you to find ’d’ instantly.

68. Let
∑10

k=1 f(a+ k) = 16(210 − 1), where the function f satisfies f(x+ y) = f(x)f(y)
for all natural numbers x, y and f(1) = 2. Then the natural number ’a’ is:

(A) 2
(B) 3
(C) 4
(D) 16

Correct Answer: (B) 3

Solution:

Step 1: Understanding the Question:
We are given a functional equation f(x+ y) = f(x)f(y) and a value f(1) = 2. This defines an
exponential function. We are also given an equation involving a summation of this function,
and we need to solve for the unknown ’a’.

Step 2: Key Formula or Approach:
1. Solve the functional equation. The equation f(x+ y) = f(x)f(y) with f(1) = 2 for natural
numbers implies that f(x) = 2x. We can prove this by induction: f(2) = f(1+1) = f(1)f(1) =
22, f(3) = f(2 + 1) = f(2)f(1) = 22 · 2 = 23, and so on.

2. Evaluate the summation
∑10

k=1 f(a+ k). This will be a geometric series.

3. Use the formula for the sum of a geometric series: Sn =
a(rn−1)
r−1 , where ’a’ is the first term,

’r’ is the common ratio, and ’n’ is the number of terms.

Step 3: Detailed Explanation:
From the given functional equation and initial condition, we have f(x) = 2x.
Now, let’s evaluate the summation:

10∑
k=1

f(a+ k) =

10∑
k=1

2a+k

We can factor out the constant term 2a:

= 2a
10∑
k=1

2k

The summation part is a geometric series: 21 + 22 + 23 + · · ·+ 210.
For this series: - First term, aGP = 21 = 2. - Common ratio, r = 2. - Number of terms,
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nGP = 10. The sum of this geometric series is:

S10 =
aGP (r

10 − 1)

r − 1
=

2(210 − 1)

2− 1
= 2(210 − 1)

Now, substitute this back into the full expression:

10∑
k=1

f(a+ k) = 2a × [2(210 − 1)] = 2a+1(210 − 1)

We are given that this sum is equal to 16(210 − 1).

2a+1(210 − 1) = 16(210 − 1)

Since 210 − 1 ̸= 0, we can divide both sides by it:

2a+1 = 16

We know that 16 = 24.

2a+1 = 24

By comparing the exponents:

a+ 1 = 4 =⇒ a = 3

Step 4: Final Answer:
The natural number ’a’ is 3.

� Quick Tip

The functional equation f(x + y) = f(x)f(y) is the defining property of exponential
functions. Recognizing this immediately allows you to write f(x) = [f(1)]x (for inte-
ger/rational x) and simplifies the problem significantly.

69. If the fourth term in the Binomial expansion of
(
2
x + xlog8 x

)6
(x > 0) is 20× 87,

then a value of x is:

(A) 82

(B) 8
(C) 83

(D) 8−2

Correct Answer: (A) 82

Solution:
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Step 1: Understanding the Question:
We are given the fourth term of a specific binomial expansion and need to find the value of x.
This involves using the binomial theorem and solving a logarithmic equation.

Step 2: Key Formula or Approach:
1. The general term (the (r+1)th term) in the binomial expansion of (A + B)n is given by
Tr+1 =

(
n
r

)
An−rBr.

2. Logarithm properties: logb(a
c) = c logb(a) and if logb x = y, then x = by.

Step 3: Detailed Explanation:

The given binomial expression is
(
2
x + xlog8 x

)6
.

Here, n = 6, A = 2
x , and B = xlog8 x.

The fourth term corresponds to r + 1 = 4, so r = 3.
Using the general term formula:

T4 = T3+1 =

(
6

3

)(
2

x

)6−3 (
xlog8 x

)3
First, calculate the binomial coefficient:(

6

3

)
=

6!

3!3!
=

6× 5× 4

3× 2× 1
= 20

Now, simplify the term:

T4 = 20
(
2

x

)3 (
x3 log8 x

)
= 20

(
8

x3

)(
x3 log8 x

)
T4 = 160 · x

3 log8 x

x3
= 160 · x3 log8 x−3

We are given that T4 = 20× 87.

160 · x3 log8 x−3 = 20× 87

Divide both sides by 20:

8 · x3 log8 x−3 = 87

x3 log8 x−3 =
87

8
= 86

x3(log8 x−1) = 86

To solve this equation, it’s convenient to take log8 of both sides:

log8

(
x3(log8 x−1)

)
= log8(8

6)

3(log8 x− 1) · (log8 x) = 6

Let y = log8 x. The equation becomes:

3(y − 1)y = 6

y(y − 1) = 2
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y2 − y − 2 = 0

Factor the quadratic equation:

(y − 2)(y + 1) = 0

This gives two possible values for y: y = 2 or y = −1.

Case 1: y = 2
log8 x = 2 =⇒ x = 82 = 64.

Case 2: y = −1
log8 x = −1 =⇒ x = 8−1 = 1/8.

Both values are valid since x > 0. Looking at the options, x = 82 is present.

Step 4: Final Answer:
A possible value of x is 82.

� Quick Tip

When solving equations where the variable appears both in the base and the expo-
nent (like xlog x), taking the logarithm of both sides is a standard and effective strategy.
Choose the base of the logarithm to match the base already present in the equation to
simplify it.

70. If the function f defined on (π6 ,
π
3 ) by

f(x) =

{√
2 cosx−1
cotx−1 , x ̸= π

4

k, x = π
4

is continuous, then k is equal to:

(A) 2
(B) 1/2
(C) 1
(D) 1/

√
2

Correct Answer: (B) 1/2

Solution:

Step 1: Understanding the Question:
For the given piecewise function to be continuous at x = π/4, the value of the function at that
point, f(π/4), must be equal to the limit of the function as x approaches π/4. We need to find

112



this limit, which will give us the value of k.

Step 2: Key Formula or Approach:
Condition for continuity at a point c: limx→c f(x) = f(c).

Here, c = π/4. We need to calculate k = f(π/4) = limx→π/4

√
2 cosx−1
cotx−1 .

Since plugging in x = π/4 results in the indeterminate form 0/0, we can use L’Hopital’s Rule
or algebraic manipulation.

Step 3: Detailed Explanation:
Method 1: Using L’Hopital’s Rule

Let L = limx→π/4

√
2 cosx−1
cotx−1 . This is a 0/0 form.

We differentiate the numerator and the denominator with respect to x:
- Derivative of numerator: d

dx(
√
2 cosx− 1) = −

√
2 sinx.

- Derivative of denominator: d
dx(cot x− 1) = − csc2 x.

Now, apply L’Hopital’s Rule:

L = lim
x→π/4

−
√
2 sinx

− csc2 x
= lim

x→π/4

√
2 sinx

csc2 x
= lim

x→π/4
(
√
2 sinx · sin2 x)

Substitute x = π/4:

L =
√
2 sin

(
π

4

)
· sin2

(
π

4

)
=

√
2

(
1√
2

)(
1√
2

)2

= 1 · 1
2
=

1

2

Method 2: Algebraic Manipulation
Let’s rewrite the expression in terms of sin x and cos x.

√
2 cosx− 1

cot x− 1
=

√
2 cosx− 1
cosx
sinx − 1

=

√
2 cosx− 1
cosx−sinx

sinx

=
sin x(

√
2 cosx− 1)

cos x− sin x

Multiply numerator and denominator by (cosx+ sin x):

=
sin x(

√
2 cosx− 1)(cosx+ sinx)

(cos x− sin x)(cosx+ sinx)
=

sin x(
√
2 cosx− 1)(cosx+ sinx)

cos2 x− sin2 x

=
sin x(

√
2 cosx− 1)(cosx+ sinx)

cos(2x)

This manipulation doesn’t seem to simplify the 0/0 form easily. Let’s try another way. Let
x = π/4 + h. As x → π/4, h → 0.
cos(π/4 + h) = cos(π/4) cos(h)− sin(π/4) sin(h) = 1√

2
(cosh− sinh) ≈ 1√

2
(1− h).

cot(π/4+h) =
cot(π/4) cot(h)−1
cot(π/4)+cot(h)

=
cot(h)−1
1+cot(h)

= 1−tanh
1+tanh ≈ 1−h

1+h . The limit becomes: limh→0

√
2 1√

2
(1−h)−1

1−h
1+h

−1
=

limh→0
1−h−1

1−h−(1+h)
1+h

= limh→0
−h
−2h
1+h

= limh→0
1+h
2 = 1

2 .

L’Hopital’s rule was much simpler.

For continuity, k must be equal to the limit.

k =
1

2
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Step 4: Final Answer:
The value of k is 1/2.

� Quick Tip

When faced with a 0/0 or ∞/∞ indeterminate form in a limit problem for a continuity
question, L’Hopital’s Rule is often the quickest and most reliable method, provided the
derivatives are easy to compute.

71. Let f(x) = 15 − |x − 10|;x ∈ R. Then the set of all values of x, at which the
function, g(x) = f(f(x)) is not differentiable, is:

(A) {10}
(B) {10, 15}
(C) {5, 10, 15}
(D) {5, 10, 15, 20}

Correct Answer: (C) {5, 10, 15}

Solution:

Step 1: Understanding the Question:
We are given a function f(x) involving an absolute value, and a composite function g(x) =
f(f(x)). We need to find all points where g(x) is not differentiable.

Step 2: Key Formula or Approach:
A function is generally not differentiable at points where it has a ”sharp corner”.
1. For a function like h(u(x)) = |u(x)|, points of non-differentiability can occur when u(x) = 0.
2. For a composite function g(x) = u(v(x)), g(x) can be non-differentiable at: - any point ’a’
where the inner function v(x) is not differentiable. - any point ’a’ where the outer function u(y)
is not differentiable at y = v(a).

Step 3: Detailed Explanation:
Let’s analyze the functions.
The inner function is f(x) = 15−|x−10|. This function has a sharp corner where the argument
of the absolute value is zero. So, f(x) is not differentiable at x− 10 = 0 =⇒ x = 10.
This is our first point of non-differentiability for g(x) = f(f(x)).

Now let’s look at the composite function structure. g(x) = f(f(x)) = 15 − |f(x) − 10|. The
outer function is of the form 15−|y|, where y = f(x)−10. This outer form is not differentiable
when its argument is zero, i.e., when y = 0. So, g(x) will also be non-differentiable at the values
of x for which f(x)− 10 = 0.
Let’s solve the equation f(x) = 10:
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15− |x− 10| = 10

|x− 10| = 15− 10

|x− 10| = 5

This gives two possible cases:
Case 1: x− 10 = 5 =⇒ x = 15.
Case 2: x− 10 = −5 =⇒ x = 5.

So, we have found two more points where g(x) is not differentiable: x = 5 and x = 15.

Combining all the points, the set of values of x where g(x) is not differentiable is {5, 10, 15}.

Step 4: Final Answer:
The set of all values of x at which g(x) is not differentiable is {5, 10, 15}.

� Quick Tip

For a composite function g(x) = f(h(x)), the points of non-differentiability are found
in two places: (1) where the inner function h(x) is not differentiable, and (2) where the
outer function f(y) is not differentiable at the value y = h(x). You must check both
conditions.

72. Let S be the set of all values of x for which the tangent to the curve y = f(x) =
x3 − x2 − 2x at (x,y) is parallel to the line segment joining the points (1, f(1)) and
(-1, f(-1)), then S is equal to:

(A) {1
3 , 1}

(B) {−1
3 , 1}

(C) {1
3 ,−1}

(D) {−1
3 ,−1}

Correct Answer: (B) {−1
3 , 1}

Solution:

Step 1: Understanding the Question:
This is an application of the Mean Value Theorem (MVT), though it can be solved directly.
We need to find the point(s) ’x’ on the curve where the slope of the tangent line is equal to the
slope of the secant line connecting two given points on the curve.

Step 2: Key Formula or Approach:
1. The slope of the tangent to the curve y = f(x) at a point x is given by its derivative, f ′(x).
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2. The slope of the line segment (secant) joining two points (x1, y1) and (x2, y2) is given by
m = y2−y1

x2−x1
.

3. We need to set f ′(x) = m and solve for x.

Step 3: Detailed Explanation:
The given curve is f(x) = x3 − x2 − 2x.
First, find the slope of the tangent line by differentiating f(x):

f ′(x) = 3x2 − 2x− 2

Next, find the coordinates of the two points on the curve.
Point 1: x1 = 1.
f(1) = 13 − 12 − 2(1) = 1− 1− 2 = −2. So the point is (1, -2).
Point 2: x2 = −1.
f(−1) = (−1)3 − (−1)2 − 2(−1) = −1− 1 + 2 = 0. So the point is (-1, 0).

Now, calculate the slope (m) of the line segment joining these two points:

m =
f(1)− f(−1)

1− (−1)
=

−2− 0

1 + 1
=

−2

2
= −1

We need to find the values of x for which the tangent is parallel to this segment, which means
we need to solve f ′(x) = m.

3x2 − 2x− 2 = −1

3x2 − 2x− 1 = 0

This is a quadratic equation. We can solve it by factoring:

3x2 − 3x+ x− 1 = 0

3x(x− 1) + 1(x− 1) = 0

(3x+ 1)(x− 1) = 0

This gives two solutions:
3x+ 1 = 0 =⇒ x = −1/3
x− 1 = 0 =⇒ x = 1

The set S of all such values of x is {−1/3, 1}.

Step 4: Final Answer:
The set S is equal to {−1/3, 1}.
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� Quick Tip

This problem is a direct application of finding points that satisfy the conclusion of
the Mean Value Theorem. The MVT guarantees that for a function differentiable
on (a,b) and continuous on [a,b], there exists at least one point c in (a,b) such that

f ′(c) =
f(b)−f(a)

b−a . Here, the question asks for all such points, which might include the
endpoints if they satisfy the condition.

73. If f(x) is a non-zero polynomial of degree four, having local extreme points at
x = -1, 0, 1; then the set S = {x ∈ R : f(x) = f(0)} contains exactly:

(A) two irrational and two rational numbers.
(B) two irrational and one rational number.
(C) four rational numbers.
(D) four irrational numbers.

Correct Answer: (B) two irrational and one rational number.

Solution:

Step 1: Understanding the Question:
We are given information about the derivative of a fourth-degree polynomial f(x). Specifi-
cally, we know the locations of its local extrema. We need to find the roots of the equation
f(x) = f(0) and determine their nature (rational or irrational).

Step 2: Key Formula or Approach:
1. If a differentiable function f(x) has a local extremum at a point c, then f ′(c) = 0.
2. If we know the roots of the derivative f ′(x), we can find the general form of the function
f(x) by integration.
3. Solve the equation f(x) = f(0) to find the elements of the set S.

Step 3: Detailed Explanation:
Since f(x) is a polynomial of degree four, its derivative f ′(x) is a polynomial of degree three.
We are given that f(x) has local extreme points at x = -1, 0, and 1. This means that f ′(x)
must be zero at these points.
So, the roots of f ′(x) are -1, 0, and 1.
We can write f ′(x) in its factored form:

f ′(x) = C(x− (−1))(x− 0)(x− 1) = C(x+ 1)x(x− 1) = C(x3 − x)

where C is a non-zero constant (since the polynomial is non-zero and has these extrema).
To find f(x), we integrate f ′(x) with respect to x:

f(x) =

ˆ
f ′(x)dx =

ˆ
C(x3 − x)dx = C

(
x4

4
− x2

2

)
+D
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where D is the constant of integration.

We are interested in the set S = {x : f(x) = f(0)}.
First, let’s find the value of f(0):

f(0) = C

(
04

4
− 02

2

)
+D = D

Now, we set f(x) = f(0) and solve for x:

C

(
x4

4
− x2

2

)
+D = D

C

(
x4

4
− x2

2

)
= 0

Since the polynomial is non-zero, C ̸= 0. We can divide by C:

x4

4
− x2

2
= 0

Multiply by 4 to clear the denominators:

x4 − 2x2 = 0

Factor out x2:

x2(x2 − 2) = 0

This equation gives two possibilities:
1. x2 = 0 =⇒ x = 0.
2. x2 − 2 = 0 =⇒ x2 = 2 =⇒ x = ±

√
2.

So, the set S is {0,
√
2,−

√
2}.

Now let’s classify the elements of S:
- x = 0 is a rational number.
- x =

√
2 is an irrational number.

- x = −
√
2 is an irrational number.

The set S contains exactly one rational number and two irrational numbers.

Step 4: Final Answer:
The set S contains two irrational and one rational number.

� Quick Tip

For a polynomial f(x), the roots of f ′(x) = 0 give the x-coordinates of the critical
points (local maxima, minima, or stationary points of inflection). The symmetry of the
critical points (-1, 0, 1) suggests that the function f(x) will be an even function (sym-
metric about the y-axis), which is confirmed by the integration yielding only even pow-
ers of x (plus a constant). For an even function, if ’a’ is a root of f(x) = k, then ’-a’
must also be a root.
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74. The integral
´
sec2/3 x csc4/3 x dx is equal to: (Here C is a constant of integration)

(A) −3 cot−1/3 x+ C
(B) −3 tan−1/3 x+ C
(C) −3

4 tan
−4/3 x+ C

(D) 3 tan−1/3 x+ C

Correct Answer: (B) −3 tan−1/3 x+ C

Solution:

Step 1: Understanding the Question:
We need to evaluate the indefinite integral of a product of secant and cosecant functions with
fractional powers.

Step 2: Key Formula or Approach:
The strategy for integrals of the form

´
sinm x cosn x dx with fractional or negative exponents is

often to convert the integrand into a form involving tanx and sec2 x or cotx and csc2 x, which
are derivatives of tan x and − cot x respectively. This allows for a simple u-substitution.

Step 3: Detailed Explanation:
Let the integral be I. First, rewrite the integrand in terms of sine and cosine:

I =

ˆ
1

cos2/3 x sin4/3 x
dx

To get tanx in the denominator, we need to have sin x/ cos x. Let’s divide the numerator and
denominator by cosk x for some k. The sum of the powers of sin and cos in the denominator is
2/3 + 4/3 = 6/3 = 2. This suggests dividing by cos2 x.

I =

ˆ
1/ cos2 x

cos2/3 x sin4/3 x
cos2 x

dx

I =

ˆ
sec2 x
sin4/3 x

cos2−2/3 x

dx =

ˆ
sec2 x
sin4/3 x
cos4/3 x

dx

I =

ˆ
sec2 x(
sinx
cosx

)4/3 dx =

ˆ
sec2 x

tan4/3 x
dx

Now the integral is in a form suitable for u-substitution.
Let u = tanx.
Then du = sec2 x dx.
Substituting into the integral:

I =

ˆ
1

u4/3
du =

ˆ
u−4/3 du
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Using the power rule for integration,
´
un du = un+1

n+1 + C:

I =
u−4/3+1

−4/3 + 1
+ C =

u−1/3

−1/3
+ C = −3u−1/3 + C

Now, substitute back u = tan x:

I = −3(tan x)−1/3 + C = −3 tan−1/3 x+ C

This result matches option (B).

Step 4: Final Answer:
The integral is equal to −3 tan−1/3 x+ C.

� Quick Tip

For integrals involving products/quotients of sin and cos,
´
sinm x cosn x dx, if the sum

of the exponents m + n is a negative even integer (like -2, -4, ...), the substitution u =
tan x or u = cot x is usually effective. Here, m = −4/3 and n = −2/3, so m + n = −2,
confirming this strategy.

75. The value of
´ π/2
0

sin3 x
sinx+cosxdx is:

(A) π−1
2

(B) π−1
4

(C) π−2
8

(D) π−2
4

Correct Answer: (B) π−1
4

Solution:

Step 1: Understanding the Question:
We need to evaluate a definite integral involving trigonometric functions over the interval [0,
π/2].

Step 2: Key Formula or Approach:
We will use the property of definite integrals known as the King’s property:

ˆ a

0

f(x) dx =

ˆ a

0

f(a− x) dx
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This property is particularly useful when the integrand involves trigonometric functions and
the interval is [0, π/2].
We will also use the algebraic identity a3 + b3 = (a+ b)(a2 − ab+ b2).

Step 3: Detailed Explanation:
Let the given integral be I.

I =

ˆ π/2

0

sin3 x

sin x+ cos x
dx (Equation 1)

Apply the King’s property with a = π/2. We replace x with (π/2− x):

I =

ˆ π/2

0

sin3(π/2− x)

sin(π/2− x) + cos(π/2− x)
dx

Using the identities sin(π/2− x) = cos x and cos(π/2− x) = sinx:

I =

ˆ π/2

0

cos3 x

cos x+ sin x
dx (Equation 2)

Now, add Equation 1 and Equation 2:

I + I =

ˆ π/2

0

sin3 x

sin x+ cos x
dx+

ˆ π/2

0

cos3 x

sin x+ cos x
dx

2I =

ˆ π/2

0

sin3 x+ cos3 x

sin x+ cos x
dx

Use the sum of cubes factorization: sin3 x+cos3 x = (sinx+cosx)(sin2 x− sinx cos x+cos2 x).
Since sin2 x+ cos2 x = 1, this simplifies to (sinx+ cos x)(1− sin x cos x).
Substitute this into the integral:

2I =

ˆ π/2

0

(sin x+ cos x)(1− sin x cos x)

sin x+ cos x
dx

2I =

ˆ π/2

0

(1− sin x cosx) dx

To integrate sinx cos x, use the identity sin(2x) = 2 sinx cos x, so sin x cosx = 1
2 sin(2x).

2I =

ˆ π/2

0

(
1− 1

2
sin(2x)

)
dx

Now, perform the integration:

2I =

[
x− 1

2

(
−cos(2x)

2

)]π/2
0

=
[
x+

1

4
cos(2x)

]π/2
0

Evaluate the expression at the upper and lower limits:

2I =
(
π

2
+

1

4
cos
(
2 · π

2

))
−
(
0 +

1

4
cos(2 · 0)

)
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2I =
(
π

2
+

1

4
cos(π)

)
−
(
0 +

1

4
cos(0)

)
2I =

(
π

2
− 1

4

)
−
(
1

4

)
=

π

2
− 2

4
=

π

2
− 1

2
=

π − 1

2

Finally, solve for I:

I =
π − 1

4

Step 4: Final Answer:
The value of the integral is π−1

4 .

� Quick Tip

The King’s property (
´ a
0
f(x)dx =

´ a
0
f(a − x)dx) is extremely powerful for definite

integrals over symmetric intervals, especially when the integrand contains trigonometric
functions or other functions with symmetry. If applying the property gives you a new
integral that you can add to the original to get a much simpler integrand, it’s the right
approach.

76. The area (in sq. units) of the region A = {(x, y) : x2 ≤ y ≤ x+ 2} is:

(A) 31
6

(B) 10
3

(C) 13
6

(D) 9
2

Correct Answer: (D) 9
2

Solution:

Step 1: Understanding the Question:
We need to find the area of the region bounded by the parabola y = x2 and the straight line
y = x+ 2.

Step 2: Key Formula or Approach:
1. First, find the points of intersection of the two curves by setting their y-values equal. This
will give the limits of integration.
2. The area between two curves y = f(x) and y = g(x) from x = a to x = b, where f(x) ≥ g(x)
in the interval [a, b], is given by the integral:
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Area =

ˆ b

a

[f(x)− g(x)] dx

In this case, the upper curve is the line y = x+ 2 and the lower curve is the parabola y = x2.

Step 3: Detailed Explanation:
Find points of intersection:
Set x2 = x+ 2.

x2 − x− 2 = 0

Factor the quadratic equation:

(x− 2)(x+ 1) = 0

The points of intersection are at x = −1 and x = 2. These will be our limits of integration, a
= -1 and b = 2.

Set up the integral:
In the interval [-1, 2], the line y = x + 2 is above the parabola y = x2. (For example, at x=0,
x+ 2 = 2 and x2 = 0, so 2 > 0).
The area is given by:

Area =

ˆ 2

−1

(upper curve− lower curve) dx

Area =

ˆ 2

−1

(x+ 2− x2) dx

Evaluate the integral:

Area =

[
x2

2
+ 2x− x3

3

]2
−1

Now, substitute the limits of integration:

Area =

(
22

2
+ 2(2)− 23

3

)
−
(
(−1)2

2
+ 2(−1)− (−1)3

3

)
Area =

(
4

2
+ 4− 8

3

)
−
(
1

2
− 2− −1

3

)
Area =

(
2 + 4− 8

3

)
−
(
1

2
− 2 +

1

3

)
Area =

(
6− 8

3

)
−
(
3− 12 + 2

6

)
Area =

(
18− 8

3

)
−
(−7

6

)
Area =

10

3
+

7

6
=

20 + 7

6
=

27

6
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Simplify the fraction:

Area =
9

2

Step 4: Final Answer:
The area of the region is 9

2 sq. units.

� Quick Tip

When finding the area between curves, it’s crucial to correctly identify which function
is the ”upper” curve and which is the ”lower” curve over the integration interval. A
quick sketch of the graphs or testing a point within the interval can help verify this.
The area integral should always yield a positive value.

77. The solution of the differential equation xdy
dx + 2y = x2 (x ̸= 0) with y(1) = 1, is:

(A) y = x2

4 + 1
4x2

(B) y = 4
5x

3 + 1
5x2

(C) y = x3

5 + 4
5x2

(D) y = x2

4 + 3
4x2

Correct Answer: (D) y = x2

4 + 3
4x2

Solution:

Step 1: Understanding the Question:
We need to solve a first-order linear differential equation with a given initial condition.

Step 2: Key Formula or Approach:
The given differential equation can be written in the standard form of a linear differential equa-
tion: dy

dx + P (x)y = Q(x).

The solution is found using an integrating factor (I.F.), which is given by I.F. = e
´
P (x)dx.

The general solution is then given by y · (I.F.) =
´
Q(x) · (I.F.)dx+C, where C is the constant

of integration.

Step 3: Detailed Explanation:
First, convert the given equation to the standard form by dividing by x:

dy

dx
+

2

x
y = x
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Comparing this with the standard form, we have:
P (x) = 2

x and Q(x) = x.

Next, find the integrating factor (I.F.):

I.F. = e
´
P (x)dx = e

´
2
x
dx = e2 ln |x| = eln(x

2) = x2

(Since x ̸= 0, we can use x2).

Now, write the general solution:

y · (I.F.) =
ˆ

Q(x) · (I.F.)dx+ C

y · x2 =
ˆ

x · x2 dx+ C

yx2 =

ˆ
x3 dx+ C

yx2 =
x4

4
+ C

This is the general solution. Now we use the initial condition y(1) = 1 to find the constant C.
Substitute x = 1 and y = 1:

(1)(1)2 =
14

4
+ C

1 =
1

4
+ C

C = 1− 1

4
=

3

4

Substitute the value of C back into the general solution:

yx2 =
x4

4
+

3

4

Finally, solve for y by dividing the entire equation by x2:

y =
x4

4x2
+

3

4x2
=

x2

4
+

3

4x2

Step 4: Final Answer:
The solution of the differential equation is y = x2

4 + 3
4x2 .

� Quick Tip

Recognizing the form of a differential equation is the first and most crucial step. For
equations of the form dy

dx +P (x)y = Q(x), the integrating factor method is the standard
procedure. Make sure to correctly identify P(x) and Q(x) after putting the equation in
standard form.
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78. If the tangent to the curve, y = x3 + ax − b at the point (1, -5) is perpendicu-
lar to the line, −x+y+4 = 0, then which one of the following points lies on the curve?

(A) (2, -1)
(B) (2, -2)
(C) (-2, 1)
(D) (-2, 2)

Correct Answer: (B) (2, -2)

Solution:

Step 1: Understanding the Question:
We are given a curve with unknown parameters ’a’ and ’b’. We are given a point on the curve
and information about the tangent at that point. We need to find ’a’ and ’b’, and then deter-
mine which of the given points also lies on the curve.

Step 2: Key Formula or Approach:
1. If a point (x1, y1) lies on a curve, its coordinates must satisfy the curve’s equation.
2. The slope of the tangent to the curve y = f(x) at x = x1 is given by the derivative f ′(x1).
3. The condition for two lines with slopes m1 and m2 to be perpendicular is m1m2 = −1.

Step 3: Detailed Explanation:
The curve is y = x3 + ax− b.
Condition 1: The point (1, -5) lies on the curve.
Substitute x=1 and y=-5 into the equation:

−5 = (1)3 + a(1)− b

−5 = 1 + a− b =⇒ a− b = −6 (Equation 1)

Condition 2: Information about the tangent.
First, find the slope of the tangent to the curve at any point x.

dy

dx
= 3x2 + a

At the point (1, -5), the slope of the tangent is:

mtangent =
dy

dx

∣∣∣∣
x=1

= 3(1)2 + a = 3 + a

Next, find the slope of the given line −x+ y + 4 = 0. We can write it as y = x− 4.
The slope of this line is mline = 1.
The tangent is perpendicular to this line. Therefore, the product of their slopes is -1.

mtangent ×mline = −1

(3 + a)× (1) = −1
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3 + a = −1 =⇒ a = −4

Now we have the value of ’a’. Substitute it back into Equation 1 to find ’b’:

a− b = −6

−4− b = −6

b = −4 + 6 = 2

So, the equation of the curve is y = x3 − 4x− 2.

Final step: Check which point lies on the curve.
We test each option by substituting the x and y coordinates into the curve’s equation.
- (A) (2, -1): Does −1 = 23 − 4(2)− 2? −1 = 8− 8− 2 = −2. No.
- (B) (2, -2): Does −2 = 23 − 4(2)− 2? −2 = 8− 8− 2 = −2. Yes.
- (C) (-2, 1): Does 1 = (−2)3 − 4(−2)− 2? 1 = −8 + 8− 2 = −2. No.
- (D) (-2, 2): Does 2 = (−2)3 − 4(−2)− 2? 2 = −8 + 8− 2 = −2. No.

Step 4: Final Answer:
The point (2, -2) lies on the curve.

� Quick Tip

This is a standard problem type that combines several concepts: a point lying on a
curve, the derivative as the slope of the tangent, and the condition for perpendicular
lines. Break the problem down into these distinct conditions, form equations for the
unknown parameters, solve the system of equations, and then answer the final ques-
tion.

79. Slope of a line passing through P(2, 3) and intersecting the line, x+y=7 at a
distance of 4 units from P, is:

(A)
√
5−1√
5+1

(B) 1−
√
5

1+
√
5

(C)
√
7−1√
7+1

(D) 1−
√
7

1+
√
7

Correct Answer: (D) 1−
√
7

1+
√
7

Solution:
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Step 1: Understanding the Question:
We need to find the slope (m) of a line that passes through a given point P(2,3) and intersects
another given line at a point Q, such that the distance between P and Q is 4 units.

Step 2: Key Formula or Approach:
We can use the parametric form of a line. Any point on a line passing through (x1, y1) with
slope m = tanθ at a distance ’r’ from (x1, y1) can be written as:

(x1 + r cos θ, y1 + r sin θ)

This point must lie on the given line x+y=7. We can use the relation m = tan θ and trigono-
metric identities to solve for m.

Step 3: Detailed Explanation:
Let the slope of the required line be m. Let the angle it makes with the positive x-axis be θ,
so m = tan θ.
The line passes through P(2,3). A point Q on this line at a distance of r=4 from P has coordi-
nates:

Q = (2 + 4 cos θ, 3 + 4 sin θ)

This point Q lies on the line x+y=7. So, its coordinates must satisfy the equation of the line:

(2 + 4 cos θ) + (3 + 4 sin θ) = 7

5 + 4(cos θ + sin θ) = 7

4(cos θ + sin θ) = 2

cos θ + sin θ =
1

2

We need to solve for m = tan θ. We can express cos θ and sin θ in terms of tan θ or, more easily,
tan(θ/2). A simpler way is to square the equation.
Squaring both sides:

(cos θ + sin θ)2 =
(
1

2

)2
cos2 θ + sin2 θ + 2 sin θ cos θ =

1

4

1 + sin(2θ) =
1

4
=⇒ sin(2θ) = −3

4

We know the identity sin(2θ) = 2 tan θ
1+tan2 θ

. Let m = tan θ.

2m

1 +m2
= −3

4

8m = −3(1 +m2)

8m = −3− 3m2

3m2 + 8m+ 3 = 0
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This is a quadratic equation for the slope m. We can solve it using the quadratic formula

m = −b±
√
b2−4ac
2a :

m =
−8±

√
82 − 4(3)(3)

2(3)
=

−8±
√
64− 36

6
=

−8±
√
28

6
=

−8± 2
√
7

6
=

−4±
√
7

3

So the two possible slopes are m1 =
−4+

√
7

3 and m2 =
−4−

√
7

3 .
None of the options match these values. Let’s recheck the calculation or try another approach.
Let’s check the options. They seem to be in a rationalized form. Let’s look at option (D):

1−
√
7

1 +
√
7
=

(1−
√
7)(1−

√
7)

(1 +
√
7)(1−

√
7)

=
1− 2

√
7 + 7

1− 7
=

8− 2
√
7

−6
=

4−
√
7

−3
=

√
7− 4

3

This matches one of our calculated slopes, m1.

Step 4: Final Answer:

The slope of the line is −4+
√
7

3 , which can be written as 1−
√
7

1+
√
7
after rationalization.

� Quick Tip

When solving for trigonometric quantities like tan θ, and you have an equation involv-
ing sin θ and cos θ, squaring the equation is a common technique to introduce double-
angle formulas. Be aware that this can sometimes introduce extraneous solutions, but
in this case, both slopes found are valid. When the answer choices look complex, some-
times working backward from an option can confirm your result.

80. If a tangent to the circle x2 + y2 = 1 intersects the coordinate axes at distinct
points P and Q, then the locus of the mid-point of PQ is:

(A) x2 + y2 − 2xy = 0
(B) x2 + y2 − 2x2y2 = 0
(C) x2 + y2 − 4x2y2 = 0
(D) x2 + y2 − 16x2y2 = 0

Correct Answer: (C) x2 + y2 − 4x2y2 = 0

Solution:

Step 1: Understanding the Question:
We are looking for the locus (the path traced) of the midpoint of a line segment PQ. This
segment PQ is formed by the intersection of a tangent line to the unit circle x2 + y2 = 1 with
the x and y axes.

Step 2: Key Formula or Approach:
1. Equation of Tangent: The equation of the tangent to the circle x2 + y2 = r2 at a point
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(x1, y1) on the circle is xx1 + yy1 = r2. A more convenient form for this problem is the para-
metric form. A general point on the circle x2 + y2 = 1 is (cos θ, sin θ). The tangent at this
point is x cos θ + y sin θ = 1.
2. Intercept Form of a Line: The equation of a line intersecting the x-axis at (a, 0) and the
y-axis at (0, b) is x

a + y
b = 1.

3. Midpoint Formula: The midpoint of the segment joining (a, 0) and (0, b) is (h, k) =
(a+0

2 , 0+b
2 ) = (a2 ,

b
2).

Step 3: Detailed Explanation:
Let the tangent line be drawn at a point (cos θ, sin θ) on the unit circle x2 + y2 = 1.
The equation of this tangent is:

x cos θ + y sin θ = 1

To find the points P and Q where this line intersects the axes, we can convert it to the intercept
form:

x

1/ cos θ
+

y

1/ sin θ
= 1

Comparing this to the intercept form x
a + y

b = 1, we find the intercepts:
- x-intercept (Point P): a = 1

cos θ . So P = ( 1
cos θ , 0).

- y-intercept (Point Q): b = 1
sin θ . So Q = (0, 1

sin θ ).

Let the midpoint of PQ be (h, k). Using the midpoint formula:

h =
a

2
=

1

2 cos θ
=⇒ cos θ =

1

2h

k =
b

2
=

1

2 sin θ
=⇒ sin θ =

1

2k

To find the locus of (h, k), we must eliminate the parameter θ. We can use the fundamental
trigonometric identity:

cos2 θ + sin2 θ = 1

Substitute the expressions for cos θ and sin θ in terms of h and k:(
1

2h

)2
+
(

1

2k

)2
= 1

1

4h2
+

1

4k2
= 1

Multiply the entire equation by 4h2k2:

k2 + h2 = 4h2k2

h2 + k2 − 4h2k2 = 0

To get the equation of the locus, replace (h, k) with (x, y):

x2 + y2 − 4x2y2 = 0
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Step 4: Final Answer:
The locus of the mid-point of PQ is x2 + y2 − 4x2y2 = 0.

� Quick Tip

Locus problems often involve introducing a parameter (like the angle θ in this case),
expressing the coordinates of the point in question (h, k) in terms of this parameter,
and then eliminating the parameter using a known identity. The parametric form of
the tangent to a circle is very useful for this type of problem.

81. If one end of a focal chord of the parabola, y2 = 16x is at (1, 4), then the length
of this focal chord is:

(A) 25
(B) 24
(C) 22
(D) 20

Correct Answer: (A) 25

Solution:

Step 1: Understanding the Question:
We are given a parabola and one endpoint of a focal chord. We need to find the length of this
focal chord. A focal chord is a chord that passes through the focus of the parabola.

Step 2: Key Formula or Approach:
1. Identify the focus of the given parabola y2 = 4ax. The focus is at (a, 0).
2. If the endpoints of a focal chord are P (x1, y1) and Q(x2, y2), a key property is that
y1y2 = −4a2 and x1x2 = a2.
3. Alternatively, if the endpoints of a focal chord are given in parametric form P (at21, 2at1) and
Q(at22, 2at2), then t1t2 = −1.
4. The length of a focal chord with endpoints having parameters t1 and t2 is a(t2 − t1)

2. A
more direct formula for the length of a focal chord from a point P to the focus F to the other
end Q is PQ = x1 + x2 + 2a.
5. The length of a focal chord passing through a point P (at2, 2at) is a(t+ 1/t)2.

Step 3: Detailed Explanation:
The given parabola is y2 = 16x.
Comparing with the standard form y2 = 4ax, we have 4a = 16 =⇒ a = 4.
The focus of the parabola is at F(a, 0) = F(4, 0).

One end of the focal chord is given as P(1, 4). Let’s verify this point is on the parabola: 42 = 16
and 16(1) = 16. Yes, it is.
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Let’s find the parameter ’t’ for this point. A point on the parabola is (at2, 2at).
Comparing P(1, 4) with (4t2, 8t):
8t = 4 =⇒ t = 1/2.
Let’s check with the x-coordinate: 4t2 = 4(1/2)2 = 4(1/4) = 1. This is correct. So, the param-
eter for point P is t1 = 1/2.

Let the other end of the focal chord be Q, with parameter t2.
For a focal chord, the property is t1t2 = −1.

(1/2)t2 = −1 =⇒ t2 = −2

Now we find the coordinates of the other endpoint Q(at22, 2at2):
x2 = at22 = 4(−2)2 = 4(4) = 16.
y2 = 2at2 = 2(4)(−2) = −16.
So, the other endpoint is Q(16, -16).

Now we can find the length of the focal chord PQ using the distance formula:

PQ =
√

(x2 − x1)2 + (y2 − y1)2

PQ =
√

(16− 1)2 + (−16− 4)2 =
√

152 + (−20)2

PQ =
√
225 + 400 =

√
625 = 25

Alternative Method using formula:
Length of focal chord = a(t1 + 1/t1)

2. Since t1 = 1/2, the length is 4(1/2 + 1/(1/2))2 =
4(1/2 + 2)2 = 4(5/2)2 = 4(25/4) = 25.

Another Alternative Method:
The length of the focal chord is the sum of the focal distances of its endpoints. The focal
distance of a point (x, y) on the parabola y2 = 4ax is x+ a.
Length PQ = PF + FQ = (x1 + a) + (x2 + a) = x1 + x2 + 2a.
We have x1 = 1, x2 = 16, and a = 4.
Length PQ = 1 + 16 + 2(4) = 17 + 8 = 25.

Step 4: Final Answer:
The length of this focal chord is 25.

� Quick Tip

For a parabola y2 = 4ax, there are several useful properties for focal chords. The prop-
erty that the length of the focal chord is x1 + x2 + 2a is often very quick to use if you
can find the coordinates of both endpoints. The parametric property t1t2 = −1 is fun-
damental.
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82. If the line y = mx+ 7
√
3 is normal to the hyperbola x2

24 −
y2

18 = 1, then a value of
m is:

(A) 2√
5

(B)
√
5
2

(C) 3√
5

(D)
√
15
2

Correct Answer: (A) 2√
5

Solution:

Step 1: Understanding the Question:
We are given the equation of a line and a hyperbola. We are told the line is a normal to the
hyperbola. We need to find a possible value for the slope ’m’ of the line.

Step 2: Key Formula or Approach:

The condition for a line y = mx + c to be a normal to the hyperbola x2

a2 − y2

b2 = 1 is given by
the formula:

c2 =
m2(a2 + b2)2

(a2 −m2b2)

The equation of a normal to the hyperbola in slope form is also written as:

y = mx± m(a2 + b2)√
a2 −m2b2

By comparing the given line with this standard form, we can solve for m.

Step 3: Detailed Explanation:
First, identify the parameters a2 and b2 from the equation of the hyperbola:
x2

24 −
y2

18 = 1
So, a2 = 24 and b2 = 18.

The given line is y = mx+ 7
√
3.

Comparing this with y = mx+ c, we have c = 7
√
3.

Now, we use the condition of normality:

c2 =
m2(a2 + b2)2

(a2 −m2b2)

Substitute the known values:
a2 + b2 = 24 + 18 = 42.
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c2 = (7
√
3)2 = 49× 3 = 147.

147 =
m2(42)2

24−m2(18)

147(24− 18m2) = m2(1764)

Divide both sides by 147. Note that 1764 = 422 = (3× 14)2 = 9× 196 = 9× 4× 49 = 36× 49.
And 147 = 3× 49.
So, 1764/147 = (36× 49)/(3× 49) = 12.
The equation simplifies to:

24− 18m2 = 12m2

24 = 12m2 + 18m2

24 = 30m2

m2 =
24

30
=

4

5

Taking the square root:

m = ±
√

4

5
= ± 2√

5

One possible value for m is 2√
5
.

Step 4: Final Answer:
A value of m is 2√

5
.

� Quick Tip

For conic sections, memorizing the conditions for tangency and normality for a line y =

mx+c is crucial. For a hyperbola x2

a2 − y2

b2 = 1, the tangency condition is c2 = a2m2−b2,

and the normality condition is c2 =
m2(a2+b2)2

a2−m2b2 . Knowing these formulas allows for a
direct solution.

83. If the line, x−1
2 = y+1

3 = z−2
4 meets the plane, x+ 2y + 3z = 15 at a point P, then

the distance of P from the origin is:

(A) 7/2
(B) 9/2
(C) 2

√
5

(D)
√
5/2

Correct Answer: (B) 9/2
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Solution:

Step 1: Understanding the Question:
We need to find the point of intersection (P) of a given line and a plane. Then, we need to
calculate the distance of this point P from the origin (0,0,0).

Step 2: Key Formula or Approach:
1. Parametric form of a line: A general point on the line x−x1

a = y−y1
b = z−z1

c can be
represented by setting the ratio equal to a parameter, say λ.
x = x1 + aλ, y = y1 + bλ, z = z1 + cλ.
2. Intersection of line and plane: To find the intersection point, substitute the parametric
coordinates of the general point on the line into the equation of the plane and solve for λ.
3. Distance Formula: The distance of a point P(x, y, z) from the origin is

√
x2 + y2 + z2.

Step 3: Detailed Explanation:
Let’s find the coordinates of a general point on the given line.
Line equation: x−1

2 = y+1
3 = z−2

4 = λ (say).
A general point on this line is given by:
x = 1 + 2λ
y = −1 + 3λ
z = 2 + 4λ

This point P lies on the plane x+ 2y + 3z = 15. So, these coordinates must satisfy the plane’s
equation. Substitute them into the plane equation:

(1 + 2λ) + 2(−1 + 3λ) + 3(2 + 4λ) = 15

1 + 2λ− 2 + 6λ+ 6 + 12λ = 15

Combine the terms with λ and the constant terms:

(2 + 6 + 12)λ+ (1− 2 + 6) = 15

20λ+ 5 = 15

20λ = 10

λ =
10

20
=

1

2

Now that we have the value of λ, we can find the coordinates of the intersection point P by
substituting λ = 1/2 back into the parametric equations:

xP = 1 + 2
(
1

2

)
= 1 + 1 = 2

yP = −1 + 3
(
1

2

)
= −1 +

3

2
=

1

2

zP = 2 + 4
(
1

2

)
= 2 + 2 = 4

So, the point of intersection is P(2, 1/2, 4).
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Finally, calculate the distance of P from the origin (0, 0, 0):

Distance =
√

(xP − 0)2 + (yP − 0)2 + (zP − 0)2

Distance =

√
22 +

(
1

2

)2
+ 42 =

√
4 +

1

4
+ 16

Distance =

√
20 +

1

4
=

√
80 + 1

4
=

√
81

4

Distance =

√
81√
4

=
9

2

Step 4: Final Answer:
The distance of point P from the origin is 9/2.

� Quick Tip

Using the parametric form of a line is the standard and most efficient way to find the
intersection point of a line and a plane in 3D geometry. Once you have the parametric
coordinates, substitute them into the plane equation to solve for the parameter, which
then gives you the specific point.

84. A plane passing through the points (0, -1, 0) and (0, 0, 1) and making an angle
π
4 with the plane y − z + 5 = 0, also passes through the point:

(A) (
√
2,−1, 4)

(B) (−
√
2,−1,−4)

(C) (−
√
2, 1,−4)

(D) (
√
2, 1, 4)

Correct Answer: (D) (
√
2, 1, 4)

Solution:

Step 1: Understanding the Question:
We need to find the equation of a plane that satisfies three conditions: it passes through two
given points, and it makes a specific angle with another given plane. Once we have the equation
of the plane, we must check which of the given points lies on it.

Step 2: Key Formula or Approach:
1. The equation of any plane passing through the intersection of two planes P1 = 0 and P2 = 0
is P1+ λP2 = 0. We can create two simple planes that pass through the two given points. The
line passing through (0,-1,0) and (0,0,1) has direction vector (0,1,1) and lies on the plane x=0.
2. An easier approach: Let the equation of the required plane be ax + by + cz = d. Use the
conditions to find the coefficients. 3. The angle θ between two planes A1x+B1y+C1z+D1 = 0

136



and A2x+B2y + C2z +D2 = 0 is the angle between their normal vectors, given by:

cos θ =
|A1A2 +B1B2 + C1C2|√

A2
1 +B2

1 + C2
1

√
A2
2 +B2

2 + C2
2

Step 3: Detailed Explanation:
Let the equation of the required plane be ax+ by + cz = d.
Since the plane passes through (0, -1, 0):
a(0) + b(−1) + c(0) = d =⇒ −b = d.
Since the plane passes through (0, 0, 1):
a(0) + b(0) + c(1) = d =⇒ c = d.
So we have c = −b = d. Let’s set d = c, then b = −c. The equation becomes:

ax− cy + cz = c

If c ̸= 0, we can divide by c: a
cx− y + z = 1. Let A = a/c.

The equation of the plane is Ax− y + z = 1, or Ax− y + z − 1 = 0. The normal vector of this
plane is n⃗1 = (A,−1, 1).

The given plane is y − z + 5 = 0, which is 0x+ 1y − 1z + 5 = 0.
Its normal vector is n⃗2 = (0, 1,−1).

The angle between the planes is θ = π/4, so cos(π/4) = 1/
√
2.

Using the angle formula:

cos θ =
|n⃗1 · n⃗2|
|n⃗1||n⃗2|

1√
2
=

|(A)(0) + (−1)(1) + (1)(−1)|√
A2 + (−1)2 + 12

√
02 + 12 + (−1)2

1√
2
=

|0− 1− 1|√
A2 + 2

√
2
=

2
√
2
√
A2 + 2

Cancel
√
2 from both sides:

1 =
2√

A2 + 2
=⇒

√
A2 + 2 = 2

Squaring both sides:

A2 + 2 = 4 =⇒ A2 = 2 =⇒ A = ±
√
2

So, there are two possible planes:
Plane 1:

√
2x− y + z − 1 = 0

Plane 2: −
√
2x− y + z − 1 = 0

Now we check which of the given points lies on either of these planes. Let’s test option (D)
(
√
2, 1, 4) with Plane 1:√
2(
√
2)− (1) + (4)− 1 = 2− 1 + 4− 1 = 4 ̸= 0. So it’s not on Plane 1.

Let’s test option (D) (
√
2, 1, 4) with Plane 2:

−
√
2(
√
2)− (1) + (4)− 1 = −2− 1 + 4− 1 = 0. Yes. So the point (

√
2, 1, 4) lies on the plane
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−
√
2x − y + z − 1 = 0. The question asks for a point that the plane ”also passes through”.

Option (D) fits this criterion for one of the possible planes.
Step 4: Final Answer:
The point (

√
2, 1, 4) lies on one of the planes that satisfy the given conditions.

� Quick Tip

When finding the equation of a plane, starting with the general form ax + by + cz =
d and using the given conditions to create equations for a, b, c, and d is a robust
method. Often, you can express three coefficients in terms of one, which can then be
cancelled out or determined by the final condition.

85. Let α⃗ = 3̂i+ ĵ and β⃗ = 2̂i− ĵ + 3k̂. If β⃗ = β⃗1 − β⃗2, where β⃗1 is parallel to α⃗ and β⃗2
is perpendicular to α⃗, then β⃗1 × β⃗2 is equal to:

(A) 1
2(−3̂i+ 9ĵ + 5k̂)

(B) 1
2(3̂i− 9ĵ + 5k̂)

(C) −3̂i+ 9ĵ + 5k̂
(D) 3̂i− 9ĵ − 5k̂

Correct Answer: The correct answer seems to be 1
2(9̂i + 3ĵ − 15k̂), which is not among the

options. There might be a typo in the question or options. Assuming option (A) has a typo
and should be 1

2(9̂i+ 3ĵ − 15k̂) or similar. Let’s proceed with the derivation.

Solution:

Step 1: Understanding the Question:
We need to resolve a vector β⃗ into two components: β⃗1 which is parallel to a vector α⃗, and β⃗2
which is perpendicular to α⃗. The relation is given as β⃗ = β⃗1 − β⃗2. After finding β⃗1 and β⃗2, we
must compute their cross product.

Step 2: Key Formula or Approach:
1. The component of a vector B⃗ parallel to a vector A⃗ (projection of B⃗ onto A⃗) is given by:

proj
A⃗
B⃗ =

(
B⃗ · A⃗
|A⃗|2

)
A⃗

2. In our problem, β⃗1 is the component of β⃗ parallel to α⃗. So, β⃗1 =
(

β⃗·α⃗
|α⃗|2

)
α⃗.

3. Once we have β⃗1, we can find β⃗2 from the given relation: β⃗2 = β⃗1 − β⃗.
4. Finally, compute the cross product β⃗1 × β⃗2.

Step 3: Detailed Explanation:
Given vectors: α⃗ = 3̂i+ ĵ and β⃗ = 2̂i− ĵ + 3k̂.
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First, calculate the necessary dot product and magnitude:
β⃗ · α⃗ = (2)(3) + (−1)(1) + (3)(0) = 6− 1 = 5.
|α⃗|2 = 32 + 12 + 02 = 9 + 1 = 10.

Now, find β⃗1, the component of β⃗ parallel to α⃗:

β⃗1 =

(
β⃗ · α⃗
|α⃗|2

)
α⃗ =

(
5

10

)
(3̂i+ ĵ) =

1

2
(3̂i+ ĵ) =

3

2
î+

1

2
ĵ

Next, find β⃗2 using the given relation β⃗ = β⃗1 − β⃗2, which means β⃗2 = β⃗1 − β⃗:

β⃗2 =
(
3

2
î+

1

2
ĵ
)
− (2̂i− ĵ + 3k̂)

β⃗2 =
(
3

2
− 2
)
î+
(
1

2
− (−1)

)
ĵ − 3k̂

β⃗2 = −1

2
î+

3

2
ĵ − 3k̂

(As a check, β⃗2 · α⃗ = (−1
2)(3) + (32)(1) = −3

2 +
3
2 = 0, so β⃗2 is indeed perpendicular to α⃗).

Finally, compute the cross product β⃗1 × β⃗2:
Since β⃗1 =

1
2 α⃗, we have β⃗1 × β⃗2 =

1
2(α⃗× β⃗2). Let’s calculate α⃗× β⃗2:

α⃗× β⃗2 =

∣∣∣∣∣∣
î ĵ k̂
3 1 0

−1/2 3/2 −3

∣∣∣∣∣∣
= î(1(−3)− 0(3/2))− ĵ(3(−3)− 0(−1/2)) + k̂(3(3/2)− 1(−1/2))

= î(−3)− ĵ(−9) + k̂(9/2 + 1/2) = −3̂i+ 9ĵ + 5k̂

Now, multiply by 1/2:

β⃗1 × β⃗2 =
1

2
(α⃗× β⃗2) =

1

2
(−3̂i+ 9ĵ + 5k̂)

This result matches option (A).

Step 4: Final Answer:
The cross product β⃗1 × β⃗2 is equal to 1

2(−3̂i+ 9ĵ + 5k̂).

� Quick Tip

Resolving a vector B⃗ into components parallel and perpendicular to another vector
A⃗ is a standard procedure. The parallel component is the projection of B⃗ onto A⃗.
A common mistake is the sign in the relationship between the vectors; here it was
β⃗ = β⃗1 − β⃗2, not the more common β⃗ = β⃗1 + β⃗2. Pay close attention to these de-
tails.
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86. Four persons can hit a target correctly with probabilities 1
2 ,

1
3 ,

1
4 and 1

8 respec-
tively. If all hit at the target independently, then the probability that the target
would be hit, is:

(A) 25
32

(B) 1
192

(C) 7
32

(D) 25
192

Correct Answer: (A) 25
32

Solution:

Step 1: Understanding the Question:
We are given the individual probabilities of four people hitting a target. They all attempt to
hit the target independently. We need to find the probability that the target is hit at least once.

Step 2: Key Formula or Approach:
The event ”the target is hit” is the same as ”at least one person hits the target”. Calculating
the probability of ”at least one” event directly involves considering many cases (exactly one
hits, exactly two hit, etc.). It is much easier to calculate the probability of the complementary
event and subtract it from 1.
Complementary Event: ”The target is not hit” which means ”all four persons miss the target”.
P(target is hit) = 1 - P(target is not hit) = 1 - P(all four miss).
Since the events are independent, the probability of all of them happening is the product of
their individual probabilities: P(A and B) = P(A) × P(B).

Step 3: Detailed Explanation:
Let the four persons be A, B, C, and D. Let HA, HB, HC , HD be the events that they hit the
target.
We are given:
P (HA) = 1/2
P (HB) = 1/3
P (HC) = 1/4
P (HD) = 1/8

First, let’s find the probabilities of each person missing the target. Let MA, MB, MC , MD be
the events that they miss.
P (MA) = 1− P (HA) = 1− 1/2 = 1/2
P (MB) = 1− P (HB) = 1− 1/3 = 2/3
P (MC) = 1− P (HC) = 1− 1/4 = 3/4
P (MD) = 1− P (HD) = 1− 1/8 = 7/8

140



Now, let’s find the probability that all four miss the target. Since the events are independent,
we multiply their probabilities:
P (all four miss) = P (MA)× P (MB)× P (MC)× P (MD)
P (all four miss) = 1

2 ×
2
3 ×

3
4 ×

7
8

We can simplify this product:
P (all four miss) = 1×2×3×7

2×3×4×8 = 1×7
4×8 = 7

32

Finally, the probability that the target is hit (i.e., at least one person hits it) is:
P (target is hit) = 1− P (all four miss)

P (target is hit) = 1− 7

32
=

32− 7

32
=

25

32

Step 4: Final Answer:
The probability that the target would be hit is 25

32 .

� Quick Tip

For probability problems involving ”at least one” success, always consider calculating
the probability of the complementary event, which is ”zero successes”. This approach
( P(at least one) = 1 - P(none) ) is almost always simpler and less prone to calculation
errors.

87. If the standard deviation of the numbers -1, 0, 1, k is
√
5 where k>0, then k is

equal to:

(A)
√
6

(B) 2
√

10
3

(C) 2
√
6

(D) 4
√

5
3

Correct Answer: (C) 2
√
6

Solution:

Step 1: Understanding the Question:
We have a set of four numbers, and we are given their standard deviation. We need to find the
value of the unknown number ’k’.

Step 2: Key Formula or Approach:
The standard deviation (σ) is the square root of the variance (σ2).
The variance is defined as the mean of the squared deviations from the mean. The formula for
variance is:
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σ2 =

∑n
i=1(xi − x̄)2

n
=

∑
x2i
n

− (x̄)2

where x̄ is the mean of the numbers.

Step 3: Detailed Explanation:
The given numbers are -1, 0, 1, k. The total number of observations is n=4.
The standard deviation is given as σ =

√
5, so the variance is σ2 = 5.

First, calculate the mean (x̄) of the numbers:

x̄ =
−1 + 0 + 1 + k

4
=

k

4

Next, calculate the sum of the squares of the numbers (
∑

x2i ):∑
x2i = (−1)2 + 02 + 12 + k2 = 1 + 0 + 1 + k2 = 2 + k2

Now use the formula for variance:

σ2 =

∑
x2i
n

− (x̄)2

Substitute the known values and expressions:

5 =
2 + k2

4
−
(
k

4

)2

5 =
2 + k2

4
− k2

16
To solve for k, multiply the entire equation by 16 to clear the denominators:

16× 5 = 16× 2 + k2

4
− 16× k2

16

80 = 4(2 + k2)− k2

80 = 8 + 4k2 − k2

80 = 8 + 3k2

72 = 3k2

k2 =
72

3
= 24

Taking the square root:

k = ±
√
24

The prime factorization of 24 is 23 × 3 = 4× 6.

k = ±
√
4× 6 = ±2

√
6

The problem states that k ¿ 0, so we take the positive root.

k = 2
√
6
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Step 4: Final Answer:
The value of k is 2

√
6.

� Quick Tip

The variance formula σ2 =
∑

x2
i

n − (x̄)2 is usually computationally easier than σ2 =∑
(xi−x̄)2

n , especially when the mean is a fraction. Always calculate the mean first, then
the sum of squares, and plug them into this formula.

88. The value of cos2 10◦ − cos 10◦ cos 50◦ + cos2 50◦ is:

(A) 3
4 + cos 20◦

(B) 3
4

(C) 3
2(1 + cos 20◦)

(D) 3
2

Correct Answer: (B) 3
4

Solution:

Step 1: Understanding the Question:
We need to find the value of a trigonometric expression involving cosines of 10° and 50°.

Step 2: Key Formula or Approach:
The expression is in the form of a2 − ab+ b2, which reminds us of the sum/difference of cubes
factorization. Let’s multiply and divide by a+ b.
a3 + b3 = (a+ b)(a2 − ab+ b2).
We will also use the following trigonometric identities:

- cos2 θ =
1+cos(2θ)

2
- 2 cosA cosB = cos(A+B) + cos(A−B)
- cos(A) + cos(B) = 2 cos

(
A+B
2

)
cos
(
A−B
2

)
Step 3: Detailed Explanation:
Let the expression be E.

E = cos2 10◦ − cos 10◦ cos 50◦ + cos2 50◦

Let’s use the identity cos2 θ =
1+cos(2θ)

2 .

E =

(
1 + cos 20◦

2

)
− cos 10◦ cos 50◦ +

(
1 + cos 100◦

2

)
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E =
1

2
+

cos 20◦

2
− cos 10◦ cos 50◦ +

1

2
+

cos 100◦

2

E = 1 +
1

2
(cos 20◦ + cos 100◦)− cos 10◦ cos 50◦

Use the sum-to-product formula for cos 20◦ + cos 100◦:
cos 20◦ + cos 100◦ = 2 cos

(
100+20

2

)
cos
(
100−20

2

)
= 2 cos 60◦ cos 40◦ = 2

(
1
2

)
cos 40◦ = cos 40◦.

Use the product-to-sum formula for cos 10◦ cos 50◦:
cos 10◦ cos 50◦ = 1

2 [cos(50 + 10) + cos(50 − 10)] = 1
2 [cos 60

◦ + cos 40◦] = 1
2

[
1
2 + cos 40◦

]
=

1
4 +

1
2 cos 40

◦.
Now substitute these back into the expression for E:

E = 1 +
1

2
(cos 40◦)−

(
1

4
+

1

2
cos 40◦

)
E = 1 +

1

2
cos 40◦ − 1

4
− 1

2
cos 40◦

E = 1− 1

4
=

3

4

Alternative Method (using a3 + b3 analogy):
Let a = cos 10◦ and b = cos 50◦. The expression is a2 − ab + b2. Multiply and divide by
a+ b = cos 10◦ + cos 50◦.

E =
(cos 10◦ + cos 50◦)(cos2 10◦ − cos 10◦ cos 50◦ + cos2 50◦)

cos 10◦ + cos 50◦
=

cos3 10◦ + cos3 50◦

cos 10◦ + cos 50◦

This seems more complicated. The first method is more direct.

Step 4: Final Answer:
The value of the expression is 3

4 .

� Quick Tip

When faced with expressions involving cos2 θ or sin2 θ, the power-reduction formulas
(cos2 θ = (1 + cos 2θ)/2) are often very helpful. Similarly, for products of sine/cosine,
the product-to-sum formulas are key. The goal is to transform the expression into a
simpler form that can be evaluated or cancelled out.

89. The sum of all values of θ ∈ [0, 2π] for which 2 cos2 θ + 3 sin θ = 0 is:

(A) 13π
6

(B) 5π
3

(C) 2π
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(D) π

Correct Answer: (C) 2π

Solution:

Step 1: Understanding the Question and Initial Analysis
We need to solve the trigonometric equation 2 cos2 θ + 3 sin θ = 0 for θ in the interval [0, 2π]
and then find the sum of all the solutions. The equation involves both sin θ and cos2 θ, so we
must first convert it into an equation with a single trigonometric function.

Step 2: Solving the Equation as Written
Using the Pythagorean identity cos2 θ = 1− sin2 θ, we substitute this into the given equation:

2(1− sin2 θ) + 3 sin θ = 0

2− 2 sin2 θ + 3 sin θ = 0

Rearranging the terms gives a quadratic equation in sin θ:

2 sin2 θ − 3 sin θ − 2 = 0

Let y = sin θ. The equation becomes 2y2 − 3y − 2 = 0. We can solve this by factoring:

2y2 − 4y + y − 2 = 0

2y(y − 2) + 1(y − 2) = 0

(2y + 1)(y − 2) = 0

This gives two possible values for y = sin θ: y = 2 or y = −1/2.

Step 3: Finding the Solutions for θ

Case 1: sin θ = 2. This is not possible, as the range of the sine function is [-1, 1]. This case
gives no solutions.
Case 2: sin θ = −1/2. The sine function is negative in the third and fourth quadrants. The
principal value for sin−1(1/2) is π/6. - The solution in the third quadrant is θ = π + π

6 = 7π
6 .

- The solution in the fourth quadrant is θ = 2π − π
6 = 11π

6 . The sum of the solutions is
7π
6 + 11π

6 = 18π
6 = 3π.

Step 4: Conclusion and Analysis of a Likely Typo
The calculated sum of the solutions is 3π, which is not among the given options. This indicates
a high probability of a typographical error in the question as printed in the exam.
Let’s consider a plausible typo. If the equation were intended to be 2 sin2 θ + 3 cos θ = 0, the
solution would be as follows:

2(1− cos2 θ) + 3 cos θ = 0

2− 2 cos2 θ + 3 cos θ = 0

2 cos2 θ − 3 cos θ − 2 = 0
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Let z = cos θ. The equation is 2z2 − 3z − 2 = 0, which factors to (2z + 1)(z − 2) = 0.
This gives cos θ = −1/2 or cos θ = 2 (impossible).
The solutions for cos θ = −1/2 in the interval [0, 2π] are in the second and third quadrants:
- Second quadrant: θ = π − π

3 = 2π
3 . - Third quadrant: θ = π + π

3 = 4π
3 . The sum of these

solutions is 2π
3 + 4π

3 = 6π
3 = 2π. This matches option (C).

Given that this common type of error leads directly to one of the options, we select (C) as the
intended answer.

Step 5: Final Answer
Based on the analysis of a likely typographical error in the question, the intended sum of the
solutions is 2π.

� Quick Tip

When your rigorously derived answer does not match any of the multiple-choice op-
tions, double-check your work. If your work is correct, the question is likely flawed.
In an exam context, try to identify a simple, plausible typo (like a sign change or a
swapped function) that would lead to one of the given answers. This can help you se-
lect the most probable intended answer.

90. For any two statements p and q, the negation of the expression p ∨ (∼ p ∧ q) is:

(A) ∼ p∧ ∼ q
(B) ∼ p∨ ∼ q
(C) p ∧ q
(D) p ↔ q

Correct Answer: (A) ∼ p∧ ∼ q

Solution:

Step 1: Understanding the Question:
We need to find the negation of the given logical expression p ∨ (∼ p ∧ q).

Step 2: Key Formula or Approach:
1. Distributive Law: A ∨ (B ∧ C) = (A ∨B) ∧ (A ∨ C).
2. Complementation Law: A∨ ∼ A is a tautology (T).
3. Identity Law: T ∧ A = A.
4. De Morgan’s Laws: ∼ (A ∨B) =∼ A∧ ∼ B and ∼ (A ∧B) =∼ A∨ ∼ B.
We can either simplify the expression first and then negate it, or negate it directly using De
Morgan’s laws.

Step 3: Detailed Explanation:
Method 1: Simplify first, then negate
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Let’s simplify the expression E = p ∨ (∼ p ∧ q).
Using the distributive law:

E = (p∨ ∼ p) ∧ (p ∨ q)

We know that p∨ ∼ p is always true (a tautology, T).

E = T ∧ (p ∨ q)

Using the identity law T ∧ A = A:

E = p ∨ q

So, the given expression is logically equivalent to p ∨ q.
Now, we need to find the negation of this simplified expression:

∼ E =∼ (p ∨ q)

Using De Morgan’s Law:

∼ (p ∨ q) =∼ p∧ ∼ q

Method 2: Negate directly
We want to find ∼ [p ∨ (∼ p ∧ q)].
Using De Morgan’s Law on the outer disjunction (∨):

∼ [p ∨ (∼ p ∧ q)] = (∼ p) ∧ (∼ (∼ p ∧ q))

Now apply De Morgan’s Law to the inner part:

∼ (∼ p ∧ q) = (∼ (∼ p)) ∨ (∼ q) = p∨ ∼ q

Substitute this back:

= (∼ p) ∧ (p∨ ∼ q)

Now use the distributive law A ∧ (B ∨ C) = (A ∧B) ∨ (A ∧ C):

= (∼ p ∧ p) ∨ (∼ p∧ ∼ q)

We know that ∼ p ∧ p is always false (a contradiction, F).

= F ∨ (∼ p∧ ∼ q)

Using the identity law F ∨ A = A:

=∼ p∧ ∼ q

Both methods give the same result.

Step 4: Final Answer:
The negation of the expression is ∼ p∧ ∼ q.
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� Quick Tip

When dealing with compound logical expressions, it is often much easier to simplify
the expression first using standard logical equivalences (like distributive, associative,
De Morgan’s laws) before performing the final operation (like finding the negation).
Simplifying first reduces the complexity and the chance of errors.
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