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General Instructions

Read the following instructions very carefully and strictly follow them:
1. Q.1Q.5 Carry ONE mark Each
2. Q.6-Q.10 Carry TWO marks Each
3. Q.11Q.35 Carry ONE mark Each
4. Q.36 — Q.65 Carry TWO marks Each

.

1. ”I cannot support this proposal. My __ will not permit it.”
(A) conscious
(B) consensus
(C) conscience

(D) consent

Correct Answer: (C) conscience

Solution:
The sentence requires a word that represents a person’s inner moral guide.

Let’s analyze the meanings of the given options:
(A) Conscious means being aware or awake. It does not fit the context of moral objection.

(B) Consensus means a general agreement by a group. This is irrelevant to an individual’s
personal decision.

(C) Conscience refers to an individual’s moral sense of right and wrong. This fits perfectly,
as it implies the proposal violates the speaker’s moral principles.

(D) Consent means permission. Saying ”My permission will not permit it” is redundant and
grammatically incorrect.

Therefore, ’conscience’ is the correct word to complete the sentence.



Quick Tip

In fillintheblank questions, read the entire sentence to understand the context. Pay
special attention to easily confused words like ’conscious’ and ’conscience’. The correct
word must fit both grammatically and logically.

2. Courts: — :: Parliament : Legislature (By word meaning)
(A) Judiciary

(B) Executive

(C) Governmental

(D) Legal

Correct Answer: (A) Judiciary

Solution:
This is an analogy problem where we need to find the relationship between the words in the
second pair and apply it to the first pair.

The relationship in the second pair is: 'Parliament’ is the institution that forms the 'Legisla-
ture’ branch of a government. The relationship is Institution : Branch.

Now, we apply this same relationship to the first pair.
'Courts’ are the institutions that make up a specific branch of government.

This branch, which is responsible for interpreting laws and administering justice, is called the
"Judiciary’.

Thus, the completed analogy is: Courts : Judiciary :: Parliament : Legislature.

Quick Tip

To solve analogies, first define the relationship between the complete pair of words as
precisely as possible (e.g., ”is a type of,” "is a part of,” "is the function of”). Then, find
the option that establishes the same relationship with the single word.




3. What is the smallest number with distinct digits whose digits add up to 457
(A) 123555789
(B) 123457869
(C) 123456789

(D) 99999
Correct Answer: (C) 123456789

Solution:
The problem requires a number that meets two conditions: its digits must be distinct (unique),
and their sum must be 45.

First, let’s find the set of digits. The sum of all digits from 1 to 9 is:
1+243+4+54+64+7+8+9=45.

This set of digits {1,2,3,4,5,6,7,8,9} satisfies both conditions: all digits are distinct, and their
sum is 45.

Next, we need to find the *smallest® number that can be formed using these digits.

To create the smallest number from a set of digits, we must arrange them in ascending order.
Arranging the digits {1,2,3,4,5,6,7,8,9} from smallest to largest gives the number 123456789.
Let’s check the given options:

(A) 123555789 Contains repeated digits (5), so it is not valid.

(B) 123457869 The digits are distinct and sum to 45, but it is larger than 123456789.

(C) 123456789 The digits are distinct, sum to 45, and it’s the smallest possible arrangement.

(D) 99999 Contains repeated digits, so it is not valid.

Therefore, 123456789 is the correct answer.

Quick Tip

To form the smallest number from a given set of digits, arrange them in increasing order.
To form the largest number, arrange them in decreasing order. The question’s constraints,
such as ”distinct digits,” are crucial for eliminating incorrect options.




4. In a class of 100 students,

(i) there are 30 students who neither like romantic movies nor comedy movies,
(ii) the number of students who like romantic movies is twice the number of stu-
dents who like comedy movies, and

(iii) the number of students who like both romantic movies and comedy movies is
20.

How many students in the class like romantic movies?

Correct Answer: (C) 60

Solution:

Let R be the set of students who like romantic movies and C be the set of students who like
comedy movies.

Total students, U = 100.

From (i), the number of students who like neither is 30.
So, the number of students who like at least one of the two types is n(R U C') = 10030 = 70.

From (ii), we have the relation: n(R) = 2 x n(C).
From (iii), the number of students who like both is: n(R N C) = 20.

Using the principle of inclusionexclusion:
n(RUC) =n(R)+n(C)n(RNC).

Substitute the known values into the formula:
70 = n(R) 4+ n(C)20.

n(R) + n(C) = 70 + 20 = 90.

Now, substitute n(R) = 2 x n(C') into this equation:
(2 xn(C)) +n(C) = 90.

3 x n(C) = 90.

n(C) = 30.



The question asks for the number of students who like romantic movies, which is n(R).
n(R) =2 xn(C) =2 x 30 = 60.

Therefore, 60 students like romantic movies.

For problems involving sets, Venn diagrams are a great visual tool. Alternatively, the
formula n(A U B) = n(A) + n(B)n(A N B) is fundamental. Remember that "neither A
nor B” refers to the elements outside the union of A and B.

5. How many rectangles are present in the given figure?

Correct Answer: (B) 9

Solution:
The diagonals in the figure do not form any rectangles; they only divide the squares into tri-



angles. We only need to count the rectangles formed by the horizontal and vertical grid lines.
The figure is a 2x2 grid. We can count the rectangles by size:

1. 1x1 rectangles (small squares): There are 4.

2. 1x2 rectangles (horizontal): There are 2 (one in the top row, one in the bottom row).
3. 2x1 rectangles (vertical): There are 2 (one in the left column, one in the right column).
4. 2x2 rectangle (the large square): There is 1.

Total number of rectangles =4+2+2+1=09.

A faster method uses the formula for an m x n grid:
Number of rectangles = (Sum of integers from 1 to m) x (Sum of integers from 1 to n).

For a 2x2 grid, m = 2 and n = 2.
Number of rectangles = (1+2) x (1+2)=3x3=09.

Quick Tip

For counting rectangles in a grid of size m x n, use the formula: m(”;ﬂ) X n(n2+1). This
method is quick and less prone to errors than manual counting, especially for larger grids.

Remember that a square is a special type of rectangle.

6. Forestland is a planet inhabited by different kinds of creatures. Among other
creatures, it is populated by animals all of whom are ferocious. There are also
creatures that have claws, and some that do not. All creatures that have claws are
ferocious.

Based only on the information provided above, which one of the following options
can be logically inferred with certainty?

(A) All creatures with claws are animals.

(B) Some creatures with claws are nonferocious.

(C) Some nonferocious creatures have claws.

(D) Some ferocious creatures are creatures with claws.

Correct Answer: (D) Some ferocious creatures are creatures with claws.



Solution:

Let’s break down the given information:

1. All animals are ferocious. (Set of Animals C Set of Ferocious Creatures)

2. All creatures with claws are ferocious. (Set of Clawed Creatures C Set of Ferocious Crea-
tures)

3. The existence of creatures with claws is implied.

Now let’s evaluate the options:

(A) All creatures with claws are animals.

This cannot be inferred. Both ’animals’ and ’creatures with claws’ are subsets of ’ferocious
creatures’, but we don’t know the relationship between them. They could be overlapping, sep-
arate, or one could be a subset of the other.

(B) Some creatures with claws are nonferocious.
This directly contradicts statement 2, ” All creatures that have claws are ferocious.”

(C) Some nonferocious creatures have claws.
This also directly contradicts statement 2. If a creature has claws, it must be ferocious.

(D) Some ferocious creatures are creatures with claws.

This can be inferred with certainty. We know from statement 2 that the entire set of ’creatures
with claws’ is contained within the set of ferocious creatures’. Since creatures with claws exist,
it must be true that at least some members of the ferocious creatures set are the ones with claws.

Quick Tip

For logical deduction questions, using Venn diagrams can be very helpful to visualize
the relationships between different sets. ” All A are B” means the circle for A is entirely
inside the circle for B. ”Some A are B” means the circles for A and B overlap.

7. Which one of the following options represents the given graph?

Jx)




(B) f(x) = 22"
(€C) f(x) = [a]2°
(D) /() = 22"

Correct Answer: (A) f(z) = 229l7|

Solution:

Let’s analyze the properties of the given graph:

1. Symmetry: The graph is symmetric with respect to the yaxis. This means the function is
an even function, where f(z) = f(x).

2. Value at Origin: The graph passes through the origin, so f(0) = 0.

3. Asymptotic Behavior: As 2 — oo and = — oo, the function value f(x) approaches 0.

4. Positive Function: For all  # 0, the function value f(x) is positive.

Now let’s test the options against these properties:

(A) f(z) = a2l

Symmetry: f(z) = (z)%21*] = 2221*l = f(z). It is an even function. (Matches)

At Origin: £(0) = 0% x 2° = 0. (Matches)

Asymptote: As z — oo, the exponential term 2% decays faster than z? grows, so f(z) — 0.
(Matches)

Positive: #2 > 0 and 2/*l > 0, so f(z) > 0. (Matches)

(B) f(z) = 22
Symmetry: f(z) = (z)21*l = 221*l = f(z). This is an odd function. (Does not match)

(C) f(z) = [a]2
Symmetry: f(z) = |2|2(*) = |£]2*. This is not equal to f(z) or f(z). It is neither even nor
odd. (Does not match)

(D) f(z) = 22"
Symmetry: f(z) = (z)2(*) = 227, This is neither even nor odd. (Does not match)

Only option (A) satisfies the fundamental property of being an even function, which is clearly
depicted in the graph. Therefore, it is the correct representation.

Quick Tip

When matching a function to its graph, start by checking the most basic properties
like symmetry (even/odd function), intercepts (where the graph crosses the axes), and
end behavior (what happens as x approaches infinity). This can often eliminate most
incorrect options quickly.




8. Which one of the following options can be inferred from the given passage alone?
When I was a kid, I was partial to stories about other worlds and interplanetary
travel. I used to imagine that I could just gaze off into space and be whisked to

another planet.
cerpt from The Truth about Stories by T. King

(A) It is a child’s description of what he or she likes.
(B) It is an adult’s memory of what he or she liked as a child.
(C) The child in the passage read stories about interplanetary travel only in parts.

(D) It teaches us that stories are good for children.

Correct Answer: (B) It is an adult’s memory of what he or she liked as a child.

Solution:

Let’s analyze the passage and the options:

The passage begins with ”When I was a kid...” and uses past tense verbs like "was partial”
and "used to imagine”. This phrasing clearly indicates that the speaker is an adult reminiscing
about their childhood.

(A) It is a child’s description of what he or she likes.
This is incorrect. The past tense shows it’s a recollection, not a present description by a child.

(B) It is an adult’s memory of what he or she liked as a child.
This is correct. The language and tense perfectly describe an adult looking back on their past
interests and feelings.

(C) The child in the passage read stories about interplanetary travel only in parts.
This is a misinterpretation of the phrase "was partial to”. ”Partial to” means "having a par-
ticular liking for,” not reading something partially.

(D) It teaches us that stories are good for children.

While this might be a true statement in general, the passage itself does not make this claim
or provide evidence for it. It is a description of a personal experience, not a lesson or a moral.
We must infer only from the passage alone.

Therefore, the only logical inference is that the passage represents an adult’s memory.



Quick Tip

In reading comprehension, pay close attention to verb tenses and point of view (firstper-
son, thirdperson). Phrases like "I was” or "I used to” are strong indicators of a memory
or a past event being recounted from a later perspective. Stick strictly to what can be
concluded from the text.

9. Out of 1000 individuals in a town, 100 unidentified individuals are covid posi-
tive. Due to lack of adequate covidtesting kits, the health authorities of the town
devised a strategy to identify these covidpositive individuals. The strategy is to:
(i) Collect saliva samples from all 1000 individuals and randomly group them into
sets of 5.

(ii) Mix the samples within each set and test the mixed sample for covid.

(iii) If the test done in (ii) gives a negative result, then declare all the 5 individuals
to be covid negative.

(iv) If the test done in (ii) gives a positive result, then all the 5 individuals are
separately tested for covid.

Given this strategy, nomorethan _ testing kits will be required to identify
all the 100 covid positive individuals irrespective of how they are grouped.

(A) 700
(B) 600
(C) 800

(D) 1000

Correct Answer: (A) 700

Solution:
The question asks for the maximum number of tests required, which corresponds to the worstcase
scenario.

First, let’s determine the number of groups.
Total individuals = 1000.

Group size = 5.

Number of groups = 1000/5 = 200 groups.

Every group is tested once initially.
Initial tests = 200 kits.

The worstcase scenario for the total number of tests occurs when the maximum number of
groups test positive. A group tests positive if it contains at least one positive individual.

10



To maximize the number of positive groups, the 100 positive individuals should be distributed
as thinly as possible, i.e., one positive person per group.

In this worstcase distribution, 100 different groups will each contain one positive individual.
Number of positive groups = 100.
Number of negative groups = 200 100 = 100.

Now, let’s calculate the total number of tests:

1. Initial Pool Testing: All 200 groups are tested once. This requires 200 test kits.

2. Individual Followup Testing: For each of the 100 positive groups, all 5 members must
be tested individually.

Number of followup tests = 100 groups x 5 tests/group = 500 test kits.

Total maximum number of tests = Initial tests + Followup tests.
Total tests = 200 + 500 = 700.

So, no more than 700 testing kits will be required.

In problems asking for a maximum or minimum value (worst or best case), identify the
variable that influences the outcome. Here, it’s the number of positive groups. Then,
determine how the given elements (100 positive people) should be arranged to maximize
or minimize that variable.

10. A 100 cm x 32 cm rectangular sheet is folded 5 times. Each time the sheet is
folded, the long edge aligns with its opposite side. Eventually, the folded sheet is a
rectangle of dimensions 100 cm x 1 cm. The total number of creases visible when
the sheet is unfolded is

Correct Answer: (C) 31

Solution:
The problem describes folding a sheet of paper in half repeatedly. The folding is done by align-
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ing the long edges, which means the width is halved with each fold.
Let’s track the number of creases after each fold:
Before folding: 0 creases. The paper is in 1 panel.

1st fold: When you fold it once, you create 1 crease. Unfolding reveals 2 panels separated by
1 crease. (Total creases = 1 = 211)

2nd fold: You fold the already folded paper in half again. When you unfold it, the original
crease is there, and two new creases are formed on either side. The paper is now in 4 panels.

Total creases = 3. (Total creases = 3 = 221)

3rd fold: Folding again and unfolding will show 8 panels. The number of creases separating
them is 7. (Total creases = 7 = 231)

We can see a pattern emerging. After n folds, the number of panels is 2", and the number of
creases is 2"1.

The sheet is folded 5 times, so n = 5.
Total number of creases = 2°1.
Total number of creases = 321 = 31.

The information about the dimensions (100 cm x 32 cm becoming 100 cm X 1 cm) confirms
the folding process.

325162383424 225 1. The width is halved 5 times.

For problems involving repeated halving or doubling, look for a pattern related to powers
of 2. After n folds, a piece of paper will have 2" layers (or panels when unfolded) and
2"1 creases.

11. What is the magnitude of the difference between the mean and the median of
the dataset {1, 2, 3, 4, 6, 8}7?

12



(D) 0.25

Correct Answer: (C) 0.5

Solution:
First, let’s calculate the mean of the dataset.

The mean is the sum of the values divided by the number of values.
Sum =1+2+3+4+6+8 =24

Number of values = 6.

Mean = 24/6 = 4.

Next, let’s find the median of the dataset.

The dataset is already in ascending order: {1, 2, 3, 4, 6, 8}.

Since there is an even number of values (6), the median is the average of the two middle values.
The middle values are the 3rd and 4th values, which are 3 and 4.

Median = (3+4)/2 =7/2 = 3.5.

Finally, calculate the magnitude of the difference between the mean and the median.
Difference = |Mean Median| = |43.5| = 0.5.

Remember the difference in calculating the median for odd and even sized datasets. For
an odd number of values, the median is the middle value. For an even number, it’s the
average of the two middle values after sorting the data.

12. For a Binomial random variable X, E(X) and Var(X) are the expectation and
variance, respectively. Which one of the following statements CANNOT be true?

(A) E(X) = 20 and Var(X) = 16
(B) E(X) = 6 and Var(X) = 5.4
(C) E(X) = 10 and Var(X) = 15

(D) E(X) = 64 and Var(X) = 12.8

Correct Answer: (C) E(X) = 10 and Var(X) = 15

13



Solution:

For a Binomial distribution with parameters n (number of trials) and p (probability of success),
the expectation (mean) and variance are given by:

Expectation, E(X) = np.

Variance, Var(X) = np(1p).

A key property of the Binomial distribution is that the probability of success p must be between
Oand 1 (ie, 0 <p<1).

This implies that (1p) is also between 0 and 1.

Let’s look at the relationship between variance and expectation:

Var(X) = (np) x (1p) = E(X) x(1p).

Since (1p) < 1, it must be that Var(X) j E(X).

Now let’s check the given options:
(A) Var(X) = 16, E(X) = 20. Here, 16 < 20. This is possible.

(B) Var(X) = 5.4, E(X) = 6. Here, 5.4 < 6. This is possible.

(C) Var(X) = 15, E(X) = 10. Here, 15 > 10. This violates the condition that Var(X) must be
less than E(X). Therefore, this statement cannot be true.

(D) Var(X) = 12.8, E(X) = 64. Here, 12.8 < 64. This is possible.

Thus, the statement that cannot be true is Var(X) ; E(X).

A fundamental property of the Binomial distribution is that its variance is always less
than its mean (expectation), i.e., Var(X) j E(X). This is a quick check to eliminate invalid
options in multiplechoice questions.

13. @ = H ﬂ is a 2 x 2 matrix. Which one of the following statements is TRUE?

(A) Q is equal to its transpose.
(B) Q is equal to its inverse.
(C) Q is of full rank.

(D) Q has linearly dependent columns.

14



Correct Answer: (C) Q is of full rank.

Solution:

1 2
Let’s evaluate each statement for the given matrix ) = l 1 11 :

(A) Q is equal to its transpose.
The transpose of Q, denoted as QT is found by interchanging rows and columns.
11
T _
Since Q # QT this statement is FALSE.

(B) Q is equal to its inverse.

The inverse of a 2 X 2 matrix CCL 2 is ﬁ {d b} )

First, calculate the determinant of Q: det(Q) = (1)(1)(2)(1) =1+2 =
o 1|t 2] [ 2

301 1|~ |1/3 1/3]°
Since @ # QU this statement is FALSE.

(C) Q is of full rank.

A square matrix is of full rank if its determinant is nonzero.
We calculated det(Q) = 3, which is nonzero.

Therefore, Q is of full rank (rank 2). This statement is TRUE.

(D) Q has linearly dependent columns.
A matrix has linearly dependent columns if and only if its determinant is zero.
Since det(Q) = 3 # 0, the columns are linearly independent. This statement is FALSE.

Quick Tip

or a square matrix e concepts of bein ull ran invertible nonsingular av-
F trix, th ts of b ? full k)7 tible,” ” lar,” h

ing a "nonzero determinant,” and having ”linearly independent columns/rows” are all
equivalent. Calculating the determinant is often the quickest way to check these proper-
ties.

14. Which one of the following vectors is an eigenvector corresponding to the
eigenvalue A\ = 1 for the matrix A?

110
A=1]110
111
(A)[1 o 1"
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B)[1 1 o
€ 1 of

M)[p o 117

Correct Answer: (D) [0 0 1]T

Solution:
An eigenvector v of a matrix A corresponding to an eigenvalue A satisfies the equation Av = Av.
This can be rewritten as (AX)v = 0, where I is the identity matrix and 0 is the zero vector.

Given A\ = 1, we need to solve (AI)v = 0.
First, calculate AI:

1 1 0f |1 00 010
Al=1|1 1 0l |0 1 0] =11 2 0
11 110 0 1 110
x
Let the eigenvector be v = |y |. The equation becomes:
z
01 0| |z 0
1 2 0f |yl =10
1 1 0f |z 0

This gives us a system of linear equations:
1.0z +1y+02=0 = y=0.

2. 122y + 02 =0 = 22y =0.

3. 1lzly 4+ 02 =0 = 2y =0.

From equation (1), we know y = 0.
Substituting y = 0 into equation (2) gives z2(0) =0 — x = 0.
Substituting y = 0 into equation (3) gives 20 =0 = = = 0.

So we have x = 0 and y = 0. The variable z does not appear in any equation, meaning it can
be any nonzero value.

0
The eigenvector has the form (0] .
z
0
Choosing z = 1, we get the eigenvector |0].
1

This corresponds to the vector [0 0 1],

16



Quick Tip

To find an eigenvector for a given eigenvalue A, always set up and solve the system of
equations (AN )v = 0. If it’s a multiplechoice question, you can also test each option by
multiplying it with the matrix A and checking if the result is A times the option vector.

15. For the function f(x,y) = e” cos(y), what is the value of %gy at (zr =0,y =m/2)?
(A) 0

(B) 1

(C)1

(D) /2

Correct Answer: (C) 1

Solution:

2
We need to find the mixed partial derivative (fi—gy. We can differentiate with respect to y first,
then z.

Given function: f(z,y) = e* cos(y).

Step 1: Differentiate f with respect to y, treating = as a constant.

& = &y(e” cos(y)) = e”(sin(y)) = e” sin(y).

Step 2: Differentiate the result from Step 1 with respect to z, treating y as a constant.
2f 9 )

gy = oe (€7 sin(y)) = sin(y) 7z (e”) = sin(y)(e”) = e”sin(y).

Step 3: Evaluate the mixed partial derivative at the point (z = 0,y = 7/2).
Value = e(0 sin(7/2).

We know that €’ = 1 and sin(7/2) = 1.

Value = (1)(1) = 1.

For most wellbehaved functions (including this one), the order of differentiation in mixed
partial derivatives does not matter (Clairaut’s Theorem). You would get the same result
by differentiating with respect to x first and then y. Choose the order that seems easier
to compute.
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16. For the circuit given below, choose the angular frequency wy (in rad/s) at which
the voltage across the capacitor has maximum amplitude?

1 kQ

+

100 cos(wyt) Volts 100 pF

(A) 1000

Correct Answer: (D) 0

Solution:

The given circuit is a series RC circuit, which acts as a voltage divider. The voltage across the
capacitor, Vi, is the output voltage.

Let the source voltage be V5.

Using the voltage divider rule in the frequency domain:

Vo(w) = Vi(w) - 2%

where Zo = ]wLC is the impedance of the capacitor.

The transfer function H(w) is the ratio of the output voltage to the input voltage:

Volw) _ _gec 1
Hw) = 375 = R+ 1~ THwRC"
We are interested in the amplitude (magnitude) of the voltage across the capacitor, which is
proportional to the magnitude of the transfer function, |H (w)|.

. 1 _ 1] _ 1 — 1
|H(w)| = ‘1+ijc = THwRCl = /DT @RCP  JITWRO®

To find the frequency wg at which the amplitude is maximum, we need to find the value of w
that maximizes |H(w)].
The magnitude |H (w)| is maximum when its denominator, /1 + (wRC')?, is minimum.

The term (wRC)? is always nonnegative. Therefore, the minimum value of the denominator

occurs when (wRC)? = 0.
This happens when w = 0 rad/s.

18



This circuit is a firstorder lowpass filter, and its maximum gain (amplitude response) is always

at DC (w = 0).

Quick Tip

Recognize common filter topologies. A series RC circuit with the output taken across the
capacitor is a lowpass filter. A lowpass filter passes low frequencies and attenuates high
frequencies, so its maximum output amplitude is always at w = 0 (DC).

17. A finite impulse response (FIR) filter has only two nonzero samples in its im-
pulse response h[n], namely h[0] = h[l] = 1. The Discrete Time Fourier Transform
(DTFT) of hn] equals H(e’?), as a function of the normalized angular frequency w.
For the range |w| < 7, |H(e/%)| is equal to

(A) 2| cos(w)]
(B) 2sin(w)|
(C) 2| cos(w/2)|

(D) 2|sin(w/2)|
Correct Answer: (C) 2|cos(w/2)|

Solution:

The Discrete Time Fourier Transform (DTFT) of an impulse response h[n] is given by the
formula:

H(elw) =3""  hln]el“".

Given that the only nonzero samples are h[0] = 1 and h[l] = 1, the summation becomes:
H(e*) = h[0]e7©) 4 p[1]e7*(D) = 1.0 4 1. /% =1 + ¥,

To find the magnitude |H (e7¥)|, we can use a common algebraic trick. Factor out e/*/2:
H(elW) = el@/2(edw/2 4 ¢9/2),

Using Euler’s identity, 2 cos(f) = el? 4+ 19 we can simplify the term in the parenthesis:
eI/ 4 eI9/2 = 2 cos(w/2).

So, the expression for H(e/*) becomes:
H(e¥) = e1/2(2 cos(w/2)).
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Now, we take the magnitude of this expression:
|H(e3)| = [e7/2] - 2 cos(w/2)].

The magnitude of the complex exponential term |e7%| is always 1.
Therefore, |H(e/*)| = 1 - |2 cos(w/2)| = 2| cos(w/2)].

Quick Tip

For finding the magnitude of DTFT expressions like 1 + /%% the technique of factoring
out e/k/2 to create a cosine term via Euler’s identity is very powerful and frequently
used in DSP.

18. An 8 bit successive approximation Analog to Digital Converter (ADC) has a
clock frequency of 1 MHz. Assume that the start conversion and end conversion
signals occupy one clock cycle each. Among the following options, what is the
maximum frequency that this ADC can sample without aliasing?

(A) 0.9 kHz
(B) 9.9 kHz
(C) 49.9 kHz

(D) 99.9 kHz

Correct Answer: (C) 49.9 kHz

Solution:

Step 1: Calculate the total number of clock cycles per conversion.

For an Nbit successive approximation (SA) ADC, the conversion process takes N clock cycles
to determine the N bits.

Given N = 8§ bits.

Additionally, there is 1 clock cycle for start conversion and 1 for end conversion.

Total cycles per conversion = N + 1(start) + 1(end) = 8 + 1+ 1 = 10 cycles.

Step 2: Calculate the time taken for one conversion (the sampling period, T5).
Clock frequency, fur = 1 MHz = 1 x 10 Hz.

Clock period, Typ = 1/ far = 1/(1 x 10° Hz) = 1pus.

Conversion time, Ts = (Total cycles) x T = 10 x 1us = 10us.

Step 3: Calculate the sampling frequency, fs.
The sampling frequency is the reciprocal of the conversion time.
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fs=1/Ty = 1/(10us) = 1/(10 x 10% s) = 100,000 Hz = 100 kHz.

Step 4: Apply the NyquistShannon sampling theorem.

To avoid aliasing, the sampling frequency (fs) must be at least twice the maximum frequency
(fmaz) Present in the analog signal.

f S Z 2- f mazx-

Therefore, the maximum frequency that can be sampled without aliasing is:

fmax S fs/2-
frnae < 100 kHz/2 = 50 kHz.

Looking at the options, 49.9 kHz is the highest frequency that is less than or equal to 50 kHz.

The total conversion time for an ADC determines its maximum sampling rate. For
SAADCs, the conversion time is typically proportional to the number of bits. Always
check if overhead cycles (like start/end of conversion) need to be included in the calcula-
tion.

19. In the following circuit with an ideal operational amplifier, the capacitance
of the parallel plate capacitor C is given by the expression C = (eA)/z, where ¢
is the dielectric constant of the medium between the capacitor plates, and A is
the crosssectional area. In the above relation, x is the separation between the two
parallel plates, given by xr = z¢g + kt, where t is time; zg and k are positive nonzero
constants. If the input voltage v; is constant, then the output voltage v, is given
by

R

A
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Correct Answer: (D) 0

Solution:
The given circuit is an opamp in an inverting configuration with a capacitor at the input and
a resistor in the feedback loop. This configuration is a differentiator.

For an ideal opamp, two key assumptions hold:

1. No current flows into the input terminals.

2. The voltage at the inverting input () is equal to the voltage at the noninverting input (+)
(Virtual Ground concept).

The noninverting input is connected to ground, so its voltage is 0 V. Therefore, the voltage at
the inverting input is also 0 V.

The current flowing through the input capacitor, i¢(t), is given by:

ic(t) =C d(Z?}), where v is the voltage at the inverting input.
Since v is a virtual ground, v = 0.
ic(t) = Ccilvtl

Because no current enters the opamp, this entire current must flow through the feedback resis-
tor R. The output voltage v, is related to this current by Ohm’s law, considering the direction

of current flow from virtual ground to the output:
Vo(t) = vig(t)R = Oic(t)R = R -ic(t).

Substituting the expression for ic(t):
vo(t) = RC"?’;.

The problem states that the input voltage v; is constant.

The derivative of a constant is zero.
dv; __
dat — 7

Therefore, the output voltage is:

vo(t) = RC - (0) = 0.

The fact that the capacitance C is changing with time (C' = €A/(zo+ kt)) is irrelevant because
the derivative of the constant input voltage is zero.

Quick Tip

First, identify the function of the opamp circuit. This circuit is a differentiator
(vo o dv;/dt). If the input is a constant (DC voltage), its time derivative is zero, which
immediately implies the output of an ideal differentiator will be zero, regardless of the
component values.
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20. Which one of the following techniques makes use of Korotkoff sounds?
(A) Sphygmomanometry

(B) Audiometry

(C) Spirometry

(D) Tonometry

Correct Answer: (A) Sphygmomanometry

Solution:
Let’s define each technique:

(A) Sphygmomanometry: This is the noninvasive measurement of blood pressure. It involves
inflating a cuff around an artery to occlude blood flow, and then slowly releasing the pressure.
The sounds heard with a stethoscope as blood flow returns are called Korotkoff sounds. The
pressure at which the first sound is heard is the systolic pressure, and the pressure at which
the sounds disappear is the diastolic pressure. This is the correct answer.

(B) Audiometry: This is the testing of a person’s ability to hear various sound frequencies.
It does not involve Korotkoff sounds.

(C) Spirometry: This is a pulmonary function test that measures the volume and/or flow of
air that can be inhaled and exhaled. It is used to assess lung function and does not involve

Korotkoff sounds.

(D) Tonometry: This is a diagnostic procedure to measure the pressure inside the eye (intraoc-
ular pressure). It is important in detecting glaucoma and does not involve Korotkoff sounds.

Therefore, Korotkoff sounds are specifically associated with sphygmomanometry.

Quick Tip

Korotkoff sounds are the sounds of turbulent blood flow that medical personnel listen
for when measuring blood pressure using a stethoscope and a sphygmomanometer (blood
pressure cuff). Associating this key term with its specific medical procedure is essential.

21. The pulmonary artery and pulmonary vein

(A) carry deoxygenated blood and oxygenated blood, respectively
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(B) carry oxygenated blood and deoxygenated blood, respectively
(C) both carry oxygenated blood

(D) both carry deoxygenated blood

Correct Answer: (A) carry deoxygenated blood and oxygenated blood, respectively

Solution:
This question tests the knowledge of the pulmonary circulation system.

The general rule is that arteries carry oxygenated blood away from the heart, and veins carry
deoxygenated blood towards the heart. However, the pulmonary circuit is the key exception.

1. Pulmonary Artery: It carries deoxygenated blood from the right ventricle of the heart to
the lungs. In the lungs, this blood releases carbon dioxide and picks up oxygen.

2. Pulmonary Vein: It carries freshly oxygenated blood from the lungs back to the left
atrium of the heart. This oxygenrich blood is then pumped to the rest of the body.

Therefore, the pulmonary artery carries deoxygenated blood, and the pulmonary vein carries
oxygenated blood. This corresponds to option (A).

Quick Tip

Remember that arteries are defined by carrying blood *away* from the heart, and veins
carry blood *towards™ the heart. The ”pulmonary” circuit is the exception to the rule
about oxygenation levels. Pulmonary artery = Deoxygenated; Pulmonary vein = Oxy-
genated.

22. Which one of the following bridges CANNOT be used for measuring induc-
tance?

(A) Schering Bridge
(B) Maxwell Wien Bridge
(C) Hay Bridge

(D) Series Owen Bridge
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Correct Answer: (A) Schering Bridge

Solution:
Let’s review the primary application of each AC bridge mentioned:

(A) Schering Bridge: This bridge is specifically designed for the precise measurement of
capacitance and its associated dielectric loss. It is the standard method for testing capacitors
and insulating materials. It does not measure inductance.

(B) Maxwell Wien Bridge: This bridge is widely used for measuring an unknown inductance
by comparing it with a known standard capacitance.

(C) Hay Bridge: This bridge is also used for measuring inductance, particularly for inductors
with a high quality factor (Q ¢ 10). It is a modification of the Maxwell bridge.

(D) Series Owen Bridge: The Owen bridge is another AC bridge used to measure inductance
in terms of standard capacitance and resistance.

Since the Schering Bridge is used for capacitance measurement, it CANNOT be used for mea-
suring inductance.

Associate each type of AC bridge with its primary measurement quantity:
e Capacitance: Schering Bridge, De Sauty Bridge
e Inductance: Maxwell Bridge, Hay Bridge, Owen Bridge, Anderson Bridge

e Frequency: Wien Bridge

23. A polychromatic beam of XRays has an energy spectrum as shown in Figure
P below. Which of the following graphs (in the options A to D) depicts the energy
spectrum after passing through a human body? In each figure, the horizontal axis
represents Energy in keV and the vertical axis represents Relative Xray Intensity.
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Figure P

20 200

50 200



20 200

(D) 30 200

Correct Answer: (A) [Graph showing overall reduced intensity, with greater reduction at
lower energies]

Solution:
When a polychromatic Xray beam passes through a material like the human body, two main
effects occur:

1. Attenuation: The overall intensity of the beam is reduced because photons are absorbed or
scattered. This means the resulting spectrum will have a lower height (lower relative intensity)
across all energies.

2. Beam Hardening: The attenuation of Xrays is energydependent. Lowerenergy photons are
much more likely to be absorbed (primarily through the photoelectric effect) than higherenergy
photons. As a result, the lowerenergy portion of the spectrum is attenuated more significantly
than the higherenergy portion. This "filters out” the soft Xrays, increasing the average energy
of the beam.

Let’s examine the options based on these principles:
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Figure P shows a spectrum with a broad continuous curve (Bremsstrahlung radiation) and
sharp characteristic peaks.

(A) This graph correctly shows both effects. The overall intensity is lower than in Figure P,
and the reduction is much more pronounced on the left side (lower energies), causing the peak
of the Bremsstrahlung curve to shift to a higher energy.

(B), (C), and (D) show incorrect transformations. They do not correctly represent the process
of beam hardening and general attenuation.

Therefore, graph (A) is the correct representation of the Xray spectrum after it has passed
through the human body.

Passing an Xray beam through a filter (like human tissue) causes ”"beam hardening.” This
means the lowenergy (soft) Xrays are preferentially removed, which reduces the overall
intensity and increases the average energy of the beam. Look for a graph where the
lowenergy side is cut down more than the highenergy side.

24. M, L and T correspond to dimensions representing mass, length and time,
respectively. What is the dimension of viscosity?

(A) ML2T!
(B) M1L'T!
(C) MLiT?

(D) M'L*T?
Correct Answer: (B) M'L'T!

Solution:
The dimension of viscosity (1) can be derived from Newton’s law of viscosity, which relates

shear stress (7) to the velocity gradient (shear rate, Z—Z).

The formula is 7 = nfl—;‘.

[7]

Therefore, the dimension of viscosity is [n] = /]

Step 1: Find the dimension of shear stress (7).
Shear stress is defined as force per unit area, 7 = %
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Dimension of Force [F] = [Mass] x [Acceleration] = M - LT? = MLT?.
Dimension of Area [A] = L.
So, [1] = fif = MH= = MLIT?.

Step 2: Find the dimension of velocity gradient (g_z)
Dimension of velocity [du] = LT

Dimension of distance [dy] = L.

So, [%]:%:Tl.

Step 3: Calculate the dimension of viscosity (7).

) = iy = METE = MLV = ML,

The dimension of viscosity is MILIT!.

To find the dimension of a physical quantity, start with a formula that defines it in terms
of more basic quantities (like force, area, velocity). Then, break down those quantities
into the fundamental dimensions of Mass (M), Length (L), and Time (T).

25. Choose the option that has the biomaterials arranged in order of decreasing
tensile strength.

(A) Human compact bone > PMMA bone cement > Polymer foams > Graphiteepoxy
(B) Human compact bone > Graphiteepoxy > PMMA bone cement > Polymer foams
(C) Graphiteepoxy > Human compact bone > PMMA bone cement > Polymer foams

(D) PMMA bone cement > Human compact bone > Polymer foams > Graphiteepoxy

Correct Answer: (C) Graphiteepoxy > Human compact bone > PMMA bone cement >
Polymer foams

Solution:
This question requires knowledge of the typical mechanical properties of common biomaterials.
Let’s analyze the materials listed:

1. Graphiteepoxy composite: These are highperformance composites known for their ex-

ceptional strengthtoweight ratio. They are among the strongest engineering materials and have
very high tensile strength, often in the GPa range.
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2. Human compact bone: This is a natural composite material that is remarkably strong
and tough, designed to withstand significant loads. Its tensile strength is typically in the range
of 100200 MPa.

3. PMMA bone cement (Polymethylmethacrylate): This is a polymer used to anchor
joint prostheses. While it needs to be reasonably strong, its primary role is gapfilling and load
transfer. Its tensile strength is significantly lower than that of bone, typically around 3050 MPa.

4. Polymer foams: These are materials with a porous, cellular structure, like styrofoam or
polyurethane foam. They are designed to be lightweight and are used for cushioning or as
scaffolds. They have very low density and consequently very low tensile strength, often less
than 1 MPa.

Arranging these in order of decreasing tensile strength:
Graphiteepoxy (> 1 GPa) > Human compact bone (~150 MPa) > PMMA bone cement (~40
MPa) > Polymer foams (< 1 MPa).

This order matches option (C).

Quick Tip

When comparing material strengths, remember general categories. Engineering compos-
ites (like graphiteepoxy) are typically stronger than natural structural materials (like
bone), which are stronger than bulk polymers (like PMMA), which are vastly stronger
than porous foams.

26. A causal, discrete time system is described by the difference equation

y[n] = 0.5y[n1] 4+ z[n], for all n,

where y[n] denotes the output sequence and x[n] denotes the input sequence. Which
of the following statements is/are TRUE?

(A) The system has an impulse response described by 0.5"u[n] where u[n] is the unit step
sequence.

(B) The system is stable in the bounded input, bounded output sense.
C) The system has an infinite number of nonzero samples in its impulse response.
Yy p p p

(D) The system has a finite number of nonzero samples in its impulse response.

Correct Answer: (B), (C)
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Solution:
The given system is described by the difference equation y[n|0.5y[nl] = z[n].
This is a firstorder linear timeinvariant (LTI) system. Let’s analyze its properties.

The transfer function H(z) is found by taking the Ztransform of the difference equation:
Y (2)0.521Y (2) = X(2) = Y (2)(10.52!) = X(2).
_Y(x) _ 1
H(z) = Xé> = 0521
The system has a pole at z = 0.5.

Let’s evaluate the statements:

(A) The system is causal, which means the region of convergence (ROC) for H(z) must be the
exterior of the outermost pole, i.e., |z| > 0.5. The inverse Ztransform of H(z) with this ROC
is the impulse response hin] = (0.5)"u[n]. The option gives 0.5"u[n|, which corresponds to an
anticausal system. So, (A) is FALSE.

(B) A causal LTI system is BoundedInput, BoundedOutput (BIBO) stable if and only if all its
poles are inside the unit circle in the zplane. The only pole is at z = 0.5. Since [0.5] < 1, the
pole is inside the unit circle. Therefore, the system is stable. So, (B) is TRUE.

(C) The impulse response is h[n] = (0.5)"u[n]. This means h[n] is nonzero for all n > 0.
The sequence is {1,0.5,0.25, ...}, which continues indefinitely. Thus, the system has an infinite
number of nonzero samples in its impulse response. It is an Infinite Impulse Response (IIR)
system. So, (C) is TRUE.

(D) This statement contradicts (C). Since the impulse response is infinite, it cannot be finite.
So, (D) is FALSE.

Both (B) and (C) are correct statements.

Quick Tip

For a rational transfer function H(z), the system is an IIR (Infinite Impulse Response)
system if there are any nonzero poles. The system is stable if all poles lie inside the
unit circle. Causality determines the ROC and the form of the impulse response (u[n] vs

uln]).

27. Which of the following constituents is/are NOT normally found in serum ob-
tained from human blood?

(A) Platelets

(B) Albumin
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(C) Glucose

(D) Fibrinogen

Correct Answer: (A), (D)

Solution:

Let’s define the components of blood to understand what serum is.
Whole Blood consists of:

1. Blood Cells: Red blood cells, white blood cells, and platelets.
2. Plasma: The liquid matrix of blood.

Plasma contains water, proteins (like albumin, globulins, and fibrinogen), glucose, hormones,
electrolytes, etc.

Serum is defined as blood plasma from which the clotting factors (like fibrinogen) have been
removed. Serum is produced by letting blood clot, after which the clot is removed. The clotting
process consumes the platelets and fibrinogen.

Now let’s analyze the options:

(A) Platelets: These are cell fragments involved in clotting. They are consumed during the
clotting process and are part of the solid clot, not the resulting liquid serum. Therefore, platelets
are NOT found in serum.

(B) Albumin: This is the most abundant protein in plasma. It is not a clotting factor and
remains dissolved in the serum after clotting.

(C) Glucose: This is a nutrient dissolved in the plasma and remains in the serum.
(D) Fibrinogen: This is a key clotting protein. During clotting, it is converted into insoluble
fibrin threads that form the mesh of the clot. It is therefore removed from the plasma to form

serum. Therefore, fibrinogen is NOT found in serum.

The constituents not normally found in serum are Platelets and Fibrinogen.

Remember the key equation: Serum = Plasma Fibrinogen (and other clotting factors).
Also, remember that whole blood cells (like platelets) are removed before you get to
plasma or serum. Therefore, neither cells nor clotting factors are in serum.

28. Q, R, S are Boolean variables and @ is the XOR operator. Select the COR-
RECT option(s).
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A QAR ®S=Qd(RDS)

(B) (@ ® R) ® S = 0 when any two of the Boolean variables (Q, R, S) are 0 and the third

variable is 1
C)(Q@Q®R)®@S=1when@Q=R=S=1

D) (QeR) @ RaS)e(QaeS) =1

Correct Answer: (A), (C)

Solution:
Let’s evaluate each Boolean statement. The XOR operation gives a true (1) output when the
number of true inputs is odd.

(A)(QeR)®@S=Q®(R®S)
This statement represents the associative property of the XOR operator. This property is
always true for XOR. So, (A) is CORRECT.

(B) (@ ® R) ® S = 0 when any two of the Boolean variables (Q, R, S) are 0 and the third
variable is 1

Let’s test this. Let Q=0, R=0, S=1.

0e0)dl=0s1=1.

The result is 1, not 0. So, (B) is FALSE. (The XOR of three bits is 1 if an odd number of them
are 1).

() (QeR)®@S=1when Q=R=S=1

Let’s test this. Let Q=1, R=1, S=1.

1el)el=001=1.

The result is 1. This is because there is an odd number (three) of 1s. So, (C) is CORRECT.

D) (QeRrR)e(ReS) e (@seS) =1

Let’s simplify the expression using the properties of XOR: associative, commutative, A®A = 0,
and A®0=A.

(QPROR®S)D(QDS)

=(QRQeReR) @S (Q®S)

=(QRa0eS) e (Qa5)

= Qa5 e (QaS)

=0.

The expression always evaluates to 0, regardless of the values of Q and S. The statement says
it equals 1. So, (D) is FALSE.
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Quick Tip

Key properties of the XOR (&) operator are essential for digital logic:
e Commutative: A B=B® A
e Associative: (A@B)®@C=A® (Ba ()
e Identity: A 0=A
e Selfinverse: A A =0

Use these to simplify complex XOR expressions.

29. In the human pancreas, which cell types secrete insulin and glucagon?
(A) Alpha cells and delta cells, respectively

(B) Beta cells and delta cells, respectively

(C) Alpha cells and beta cells, respectively

(D) Beta cells and alpha cells, respectively

Correct Answer: (D) Beta cells and alpha cells, respectively

Solution:
The endocrine function of the pancreas is carried out by clusters of cells called the islets of
Langerhans. These islets contain several types of cells, each secreting a specific hormone.

1. Insulin: This hormone is responsible for lowering blood glucose levels. It is secreted by the
Beta cells ([cells).

2. Glucagon: This hormone is responsible for raising blood glucose levels. It is secreted by
the Alpha cells (acells).

The question asks for the cell types that secrete insulin and glucagon, in that respective order.
The correct answer is Beta cells and Alpha cells, respectively. This corresponds to option (D).

(For completeness, Delta cells secrete somatostatin, which inhibits the secretion of both insulin
and glucagon).
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Quick Tip

A simple mnemonic to remember pancreatic hormones:
e Alpha cells secrete glucAgon (raises glucose).

e Beta cells secrete insuBlin (lowers glucose though B isn’t in insulin, it’s the other
major one).

30. In the following circuit, the switch S is open for t ; 0 and closed for t > 0.
What is the steady state voltage (in Volts) across the capacitor when the switch is
closed? (Round off the answer to one decimal place.)

3 kQ S 10 kQ

10V - % 10 uF =

_L?kn

Correct Answer: 7.7

Solution:
The question asks for the steady state voltage across the capacitor for ¢ > 0, which means we
need to analyze the circuit as t — oo.

The switch S is closed for ¢t > 0.
The circuit is powered by a 10 V DC source.

In DC steady state (as ¢ — 00), a capacitor behaves as an open circuit. This means that no
current can flow through the branch containing the capacitor.

The capacitor is in series with the 7 k() resistor. Since the capacitor is an open circuit, no
current flows through the 7 k2 resistor either.
Irpo = Ic = 0.

Because no current flows through the 7 kS resistor, there is no voltage drop across it. (Vizgg =
IXR=0xTkEQ=0V).

Therefore, the voltage across the capacitor (Vi) is equal to the voltage at the node between
the 10 k2 and 7 k2 resistors. Let’s call this node N.
VC(oo) = VN.
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With the capacitor branch open, the circuit simplifies to a simple series circuit with the 10 V
source, the 3 k2 resistor, and the 10 k(2 resistor.

We can find the voltage Vi using the voltage divider rule.

VN = Vsource X Raf‘li(}slok .

_ 10 kQ
VN =10 VX -5 0k

_ 10 kQ
Vy=10x 3=V

13

Vy = 7.6923 V.
The steady state voltage across the capacitor is Vi(oo) = Vv & 7.6923 V.

Rounding off the answer to one decimal place, we get 7.7 V.

Quick Tip

Remember the behavior of capacitors and inductors in DC steady state (t — 00):
e Capacitors act as open circuits.
e Inductors act as short circuits (wires).

Redraw the circuit with these substitutions to easily solve for steadystate voltages and
currents.

31. For a tissue with Young’s modulus of 3.6 kPa and Poisson’s ratio of 0.2, what
is the value of its shear modulus (in kPa)? (Round off the answer to one decimal
place.)

Correct Answer: 1.5

Solution:

The relationship between Young’s modulus (E), shear modulus (G), and Poisson’s ratio (v) for
an isotropic elastic material is given by the formula:

E =2G(1+ ).

We are given:

Young’s modulus, E = 3.6 kPa.
Poisson’s ratio, v = 0.2.
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We need to find the shear modulus, G. Rearranging the formula to solve for G:

_ FE
G = 5y

Substitute the given values into the equation:

_ 3.6 kP
G = 2(1+0.§)'
_ 36
G = 2(1.2)
G- #

G =38 =3 =15kPa.

The shear modulus is 1.5 kPa.

Memorize the key relationships between elastic constants: E = 2G(1 + v) and E =
3K (12v), where K is the bulk modulus. These are fundamental for solving problems in
material mechanics.

32. In the circuit shown below, the amplitudes of the voltage across the resistor
and the capacitor are equal. What is the value of the angular frequency wj (in
rad/s)? (Round off the answer to one decimal place.)

1kQ

+
100 cos(wyt) Volts

100 pF

Correct Answer: 10.0

Solution:
In the given series RC circuit, let the current be 1.

The amplitude of the voltage across the resistor R is given by |Vg| = |I| - R.

The impedance of the capacitor C is Zgo = jwloC'
1

The amplitude of the voltage across the capacitor is |Vo| = |I| - |[Z¢| = |I] - 55

The problem states that the amplitudes of the voltages are equal:
Vel = [Vel.

37



1]-R=1I]- 50
The current amplitude |/| cancels out, leaving:
_ 1
R — m.

We can now solve for the angular frequency wy:

1

Substitute the given component values:
R =1k = 100052.
C = 100 uF = 100 x 10° F = 10* F.

1 (N
wo = 1000><104 — 103x10% — 10T =10 rad/s.

The value of the angular frequency is 10.0 rad/s.

Quick Tip

The condition where the magnitude of the resistive impedance (R) equals the magnitude
of the reactive impedance (| X¢| or | X1|) defines a characteristic frequency of the circuit.
For a series RC circuit, this is the cutoff or 3dB frequency.

33. A continuous time, band limited signal z(¢) has its Fourier transform described

by:
ls55  |f] <200 Hz

X =
() 0 |f| > 200 Hz
The signal is uniformly sampled at a sampling rate of 600 Hz The Fourier trans-

form of the sampled signal is X (f). What is the value of (ggg (Round off the

|/

the answer to one decimal place.)
Correct Answer: 2.0

Solution:
The Fourier transform of a signal x(¢) sampled at a rate f is a periodic repetition of the original
spectrum X(f). The formula is:

= fs D peoo X (fESs)-

Given fs = 600 Hz. The signal is bandlimited to 200 Hz. Since fs > 2 fjq. (600 Hz ; 400 Hz),
there is no aliasing.

First, let’s find X4(600).
X,(600) = 600 >"2° X (600K - 600).
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The only nonzero term in the sum is when k& = 1, which gives X (600600) = X (0). For all other
integer values of k, |600k - 600| > 200, so X(+) is zero.
X,(600) = 600 - X(0).
. " 4100
From the given definition, X (0) = 1555 = 1.
So, X4(600) = 600 x 1 = 600.

Next, let’s find X(500).

X,(500) = 600 >"2° X (500k - 600).

The only nonzero term in the sum is when & = 1, which gives X (500600) = X (100). For all
other integer values of k, |500k - 600| > 200.

X,(500) = 600 - X (100).

From the given definition, X (100) = 1290 — 1100 _ 195 — 0.5,

So, X5(500) = 600 x 0.5 = 300,

Finally, calculate the ratio:

X4(600) _ 600 _ 9
X.(500) — 300 :

The value is 2.0.

Quick Tip

The spectrum of a sampled signal consists of copies of the original signal’s spectrum,
centered at integer multiples of the sampling frequency (kfs). To find the value of the
sampled spectrum at a frequency f, you need to find which shifted copy (kfs) is near f.

34. At time t, the cardiac dipole is oriented at 45° (minus forty five degrees) to the
horizontal axis. The magnitude of the dipole is 3 mV. Assuming Einthoven frontal
plane configuration, what is the magnitude (in mV) of the electrical signal in lead
I1?7 (Round off the answer to two decimal places.)

Correct Answer: 0.78

Solution:

In the Einthoven frontal plane configuration, the standard lead axes are defined by specific
angles relative to the horizontal (Lead I axis):

Lead T axis: 0°.

Lead II axis: +60°.

Lead IIT axis: +120°.

The measured voltage in any lead is the projection of the cardiac dipole vector onto that lead’s

axis. The formula is:
Viead = M cos(6), where M is the magnitude of the dipole vector and € is the angle between
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the dipole vector and the lead axis.

We are given:

Dipole magnitude, M = 3 mV.

Dipole vector angle = 45°.

We need to find the signal in Lead II, whose axis is at +60°.

The angle 8 between the dipole vector and the Lead II axis is the difference between their
angles:

0 = (Angle of Lead II)(Angle of Dipole).

0 = 60°(45°) = 105°.

Now, calculate the voltage in Lead II:
Vir = M cos(f) = 3 mV x cos(105°).

Using a calculator, cos(105°) ~ 0.2588.
Vir =3 x (0.2588) = 0.7764 mV.

The question asks for the magnitude of the signal:
\Vrr| = |0.7764] = 0.7764 mV.

Rounding off to two decimal places, the magnitude is 0.78 mV.

Quick Tip

Memorize the standard angles for the Einthoven leads (I: 0°, II: 60°, III: 120°). The volt-
age measured is always the projection of the cardiac vector onto the lead axis, calculated
as M cos(f), where 6 is the angle *between™ the vector and the axis.

35. A 5 MHz ultrasound transducer is being used to measure the velocity of blood.
When the transducer is placed at an angle of 45° to the direction of blood flow,
a frequency shift of 200 Hz is observed in the echo. Assume that the velocity of
sound is 1500 m/s. What is the velocity (in cm/s) of the blood flow? (Round off
the answer to one decimal place.)

Correct Answer: 4.2

Solution:
The Doppler effect for ultrasound reflection from moving targets (like blood cells) is described

by the Doppler equation:
2 0
Af = fov (;OS( )

where:
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Af is the Doppler frequency shift (200 Hz).

fo is the transducer’s transmitted frequency (5 MHz).

v is the velocity of the blood flow (what we need to find).

6 is the angle between the ultrasound beam and the direction of blood flow (45°).
¢ is the speed of sound in the medium (1500 m/s).

We need to rearrange the formula to solve for v:
Af-c
2fo cos(0) "

v =

Substitute the given values:

Af =200 Hz.

¢ = 1500 m/s.

fo =15 MHz =5 x 10° Hz.

6 = 45°, 50 cos(45°) = %2 ~ 0.7071.

v — 200 1500
2x(5x10%)xcos(45°)

300,000 _3x10°

U = T0x10°x0.7071 — 7.071x10°"

v~ 0.0424 m/s.

The question asks for the velocity in ecm/s. To convert from m/s to cm/s, we multiply by 100.
v =0.0424 m/s x 100 cm/m = 4.24 cm/s.

Rounding the answer to one decimal place, we get 4.2 cm/s.

Quick Tip

The factor of 2 in the Doppler ultrasound equation, A f = M, is crucial. It accounts

for the round trip of the sound wave: from the transducer to the reflector, and from the
reflector back to the transducer. Don’t forget it.

36. The timedependent growth of a bacterial population is governed by the equa-
tion

‘é—f = x(lzg_o)’

where x is the population size at time t. The initial population size is x¢y = 100 at
t = 0. As t — oo, the population size of bacteria asymptotically approaches

(A) 150
(B) 200

(C) 300

41



(D) 500
Correct Answer: (B) 200

Solution:

The given differential equation is a classic example of the logistic growth model. The general
form is:

‘fl—f =rz(l%).

In this model:

x is the population size.

r is the maximum intrinsic growth rate.

K is the carrying capacity of the environment.

By comparing the given equation Cé—f = 2(lg55) with the general form, we can identify the
carrying capacity K.

Here, r =1 and K = 200.

The carrying capacity, K, represents the maximum population size that the environment can
sustain indefinitely. The solutions to the logistic equation always tend towards the carrying
capacity as time goes to infinity (tf — oco), provided the initial population is greater than zero.
The equilibrium points of the system are found by setting % =0:

r(1555) = 0.

This yields two equilibrium points: = 0 (extinction) and « = 200 (carrying capacity).

The equilibrium at * = K = 200 is a stable equilibrium. Since the initial population is
x(0) = 100, which is positive, the population will grow and asymptotically approach the stable
equilibrium.

Therefore, as t — 0o, the population size z(t) approaches 200.

For any logistic growth equation of the form ‘fl—f = rz(lax/K), the population z(t) will

always approach the carrying capacity K as ¢ — oo (assuming the initial population
zg > 0). You don’t need to solve the differential equation to find this longterm behavior.

37. A 20 mV DC signal has been superimposed with a 10 mV RMS bandlimited
Gaussian noise with a flat spectrum upto 5 kHz. If an integrating voltmeter is
used to measure this DC signal, what is the minimum averaging time (in seconds)
required to yield a 99% accurate result with 95% certainty?
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Correct Answer: (B) 1.0

Solution:

Step 1: Define the accuracy and certainty requirements.

DC Signal VDC =20 mV.

A 99% accurate result means the error must be no more than 1% of the signal value.
Maximum allowable error = 1% x 20 mV = 0.01 x 20 = 0.2 mV.

95% certainty for a Gaussian distribution means the measured value must lie within approxi-
mately +2 standard deviations of the true mean. (The exact value is 1.96, but 2 is a common
and acceptable approximation).

S0, 2 X Opeasured < Max Error.

2 X Omeasured < 0.2 mV, which means the standard deviation of the measured (averaged) noise
must be 0,eqsured < 0.1 MV,

Step 2: Relate the measured noise to the original noise.

Original noise RMS, 0,,0is¢ = 10 mV.

Noise bandwidth, B = 5 kHz = 5000 Hz.

An integrating voltmeter reduces the noise RMS over an averaging time T. The standard devi-
ation of the averaged noise is given by:

Onoise

Omeasured = V2BT"

Step 3: Solve for the averaging time T.

We substitute the condition from Step 1 into the formula from Step 2:
_ 10mV < 0.1 mV.

V2x5000xT

10
<0.1.
v/10000-T" — .

10
100v/T < 0.1

0.1
VT <0.1.

Divide both sides by 0.1:
L <1
VT

This implies VT > 1.

Squaring both sides gives:
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T > 1 second.

The minimum averaging time required is 1.0 second.

Quick Tip

This problem combines statistics with signal processing. Remember: ”Certainty” (e.g.,
95

38. In the circuit below, the two DC voltage sources have voltages of value V] and
V5. The expression for the power dissipated in the 60 k() resistor is proportional
to

10 kQ 20 kQ)

LT NN,

+

+
Vi — 60 kil _T: V,

(A) (V4 + Wo)?
(B) (3V1 + k)2
(C) (2V] + V)2

(D) (Vi + 2‘/2)2
Correct Answer: (C) (214 + 15)?

Solution: .
The power dissipated in the 60 k{2 resistor is given by P = 68/%, where Vgo is the voltage
across it. This means the power is proportional to \/620. We need to find V.

Let’s use nodal analysis. Let the bottom wire be the ground reference (0 V). Let the node
where the 10 k2, 20 k€2, and 60 k2 resistors meet be V.

The voltage at the node to the left of the 10 k{2 resistor is V.

The voltage at the node to the right of the 20 k2 resistor is V5.
The voltage across the 60 k(2 resistor is simply V.
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Apply Kirchhoff’s Current Law (KCL) at node V. The sum of currents leaving the node is
Z€ero:

Vi VaVa | Va0
ke T 0ka T goka = 0-

To simplify, we can ignore the 'k{)" as it will cancel out. Multiply the entire equation by 60
(the least common multiple of 10, 20, and 60) to eliminate the denominators:
6(VaV1) + 3(ViVa) + 1(Vy) = 0.

6Vz6V1 + 3Vi3Va + V,, = 0.

Combine the terms with V.:
6+3+ 1)V, =6V +3Vs.

10V, = 6V1 + 3V4s.

6V1+3V:
V, = Gl

Factor out a 3 from the numerator:
Ve = 13—0(2‘/1 + V3).

Since power P o< V.2, we have:
2
P x (%(2‘/1 + Vz)) )

P o 135(2V1 + Va)2.

The constant of proportionality does not matter for the expression. The power is proportional
to (2V4 + Vh)2

Nodal analysis is a very powerful and systematic method for solving complex circuits.
Identify all nodes, choose a reference (ground) node, and apply KCL at each nonreference
node to create a system of equations.

39. The Laplace transform of x1(t) = e'u(t) is X1(s), where u(t) is the unit step func-

tion. The Laplace transform of z2(t) = e'u(t) is X3(s). Which one of the following
statements is TRUE?
(A) The region of convergence of Xi(s) is Re(s) > 0.

(B) The region of convergence of Xs(s) is confined to the left halfplane of s.

(C) The region of convergence of X (s) is confined to the right halfplane of s.
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(D) The imaginary axis in the splane is included in both the region of convergence of Xj(s)
and the region of convergence of Xs(s).

Correct Answer: (D) The imaginary axis in the splane is included in both the region of
convergence of X (s) and the region of convergence of Xs(s).

Solution:
Let’s determine the Laplace transform and Region of Convergence (ROC) for each signal.

For z1(t) = etu(t):

This is a rightsided signal. The Laplace transform is X;(s) =
The pole is at s = 1.

For a rightsided signal, the ROC is a right halfplane to the right of the rightmost pole.
Thus, the ROC for X (s) is Re(s) > 1.

1
s+1°

For z5(t) = etu(t):

This is a leftsided signal. The Laplace transform is Xo(s) = .

The pole is at s = 1.

For a leftsided signal, the ROC is a left halfplane to the left of the leftmost pole.
Thus, the ROC for Xs(s) is Re(s) < 1.

Now let’s evaluate the statements:

(A) The ROC of Xj(s) is Re(s) > 0. This is FALSE. The ROC is Re(s) > 1.

(B) The ROC of X3(s) is confined to the left halfplane (Re(s) < 0). This is FALSE. The ROC
is Re(s) < 1, which includes the left halfplane, the imaginary axis, and a strip of the right
halfplane.

(C) The ROC of Xj(s) is confined to the right halfplane (Re(s) > 0). This is FALSE. The
ROC is Re(s) > 1, which includes the right halfplane, the imaginary axis, and a strip of the
left halfplane.

(D) The imaginary axis (Re(s) = 0) is included in both ROCs.

For Xi(s), the ROC is Re(s) > 1. Since 0 > 1, the imaginary axis is included.
For Xs(s), the ROC is Re(s) < 1. Since 0 < 1, the imaginary axis is included.
This statement is TRUE.

A continuoustime signal has a welldefined Fourier Transform if and only if the Region of
Convergence (ROC) of its Laplace Transform includes the imaginary axis (Re(s) = 0).
Both signals given here are absolutely integrable, so they must have Fourier Transforms,
and thus their ROCs must include the jwaxis.
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40. A circular disc of radius R (in cm) has a uniform absorption coefficient of 1
cm!. Consider a single ray passing through the disc in the plane of the disc. The
shortest distance from the center of the disc to the ray is t (in cm). If [; is the
intensity of the incident ray and [, is the intensity of the transmitted ray, then

log(}—i) isgivenby .

(A) 2V R2t2

Correct Answer: (A) 2V R2t?

Solution:

Step 1: Apply the BeerLambert Law for Xray attenuation.

The relationship between incident intensity (/;) and transmitted intensity (I,) is given by:

I, = I;e"", where i is the absorption coefficient and L is the path length through the material.

Rearranging the formula gives:
L _ e,uL.

o

Taking the natural logarithm (denoted by ’log’ in this context) of both sides:
log (}—O> = L.

Step 2: Determine the path length L from the geometry.

The ray travels along a chord of the circular disc. The radius of the disc is R, and the shortest
distance from the center to the chord is t.

We can form a rightangled triangle where:

The hypotenuse is the radius of the circle, R.

One leg is the shortest distance from the center to the chord, t.

The other leg is half the length of the chord, L/2.

Using the Pythagorean theorem:
R? =12+ (L/2)%

Now, solve for L:
(L/2)? = R*2.
L/2 = VR

L =2V R*2.
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Step 3: Substitute the path length L and the absorption coefficient p into the equation from
Step 1.

We are given u =1 em!.
log (}—O> = (1) x (2V R2t2).
log (}—O> = 2V R2t2,

For tomography and attenuation problems, being able to calculate the path length of
a ray through a geometric object is a common requirement. For a chord in a circle,
remember the rightangled triangle formed by the radius, half the chord length, and the
perpendicular distance from the center.

41. The free induction decay (FID) in the MRI of an object can be
s(t) = [[ m(x, y)e AKX+ (DY) dydy,

Ke(t) = [; Go(1)dT and

Ky (t) = [ G, ()dr.

Here G, and G, are pulses of identical period and are inphase. By changing the
amplitude of the pulses, one can obtain the two dimensional Fourier transform of
the object

(A) over radial lines in (K, K) space
(B) over a parabolic contour in (K, K) space
(C) along K, only

(D) along K, only
Correct Answer: (A) over radial lines in (K, K,) space

Solution:

The given equation for s(t) shows that the signal acquired at time ¢ corresponds to the
value of the 2D Fourier Transform of the object m(z,y) at the spatial frequency coordinate
(K1), K, (1),

The path traced in the spatial frequency domain (kspace) is determined by the relationship
between K,(t) and Ky(t).
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We are given that the gradient pulses G (t) and Gy (t) are inphase and have identical periods.
This means they have the same waveform shape, differing only by an amplitude factor.
Let Gy(17) = A- G,(7), where A is a constant ratio of their amplitudes.

Now, let’s find the relationship between K, (t) and Ky(t):
Ky(t) = [} Gy(r)dr = [ A-Gy(r)dr.

Since A is a c?nstant, we can take it out of the integral:
Ky(t)=A- fo Gy(r)dr = A- K.(t).

The equation K, = A - K, describes a straight line passing through the origin of the (K, K;)
plane (kspace) with a slope of A.

By changing the amplitude of the pulses, we change the value of A, which in turn changes the
slope of the line.

This process allows sampling the 2D Fourier transform along various radial lines emanating
from the origin. This is the principle behind projectionreconstruction MRI.

Quick Tip

In MRI, the path traced in kspace is determined by the time integrals of the x and y
gradients. If the gradients have a constant amplitude ratio (G,/G, = const), the kspace
trajectory will be a straight radial line.

42. In the circuit shown below, it is observed that the amplitude of the voltage
across the resistor is the same as the amplitude of the source voltage. What is the
angular frequency wy (in rad/s)?

10 k22 10mH
+
100 cos(wyt) Volts 1 pF T
(A) 10*
(B) 103
(C) 1037
(D) 10*7
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Correct Answer: (A) 10*

Solution:
The circuit shown is a series RLC circuit. Let the source voltage be V.
The total impedance of the circuit is Z;1q1 = R + jwol + ]w% =R+ j(woLw%C)'

Vs
Ztotal ’

The voltage across the resistor is Vg =1 - R = —}’: tRl

The current flowing through the circuit is I =

We are interested in the amplitudes (magnitudes):
Vg| = LRl [Vs[-R

|Ziotal]l — \/Rz wOLwSC 2'

The problem states that the amplitude of the voltage across the resistor is the same as the

amplitude of the source voltage: |Vg| = |Vs|.
[Vs|-R = V.
\/R2+ WQLWOC)

Dividing by |Vs| gives:

I =1.
VRl 5o
This implies that R = \/ R? + (woLwO—C)Q.
Squaring both sides: R? = R? + (wyL ch)z.

This equation is only true if ((,u()LwOLC)2 = 0, which means wol = w(}C'

This is the condition for series resonance.

Solving for wy:

1
p— \/Ti'

Substitute the given values: L = 10 mH = 10 x 103 H, C = 1 uF = 1 x 10° F.
1 1 1

wn = = = .
0 V/(10x10%)x (1x108)  V10x10° V108
wy = ﬁ = 10% rad/s.

Quick Tip

In a series RLC circuit, the condition where the voltage across the resistor equals the
source voltage occurs only at the resonant frequency. At resonance, the impedances of
the inductor and capacitor cancel each other out, making the total impedance purely
resistive and equal to R.

43. In a biomaterial, formation of hydrogen bonds on alcoholic groups will lead to
a
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(A) shift in the infrared peak around 1700 cm!
(B) shift in the infrared peak around 2800 cm?
(C) broadening of the infrared peak around 3500 cm?

(D) disappearance of the infrared peak around 1700 cm!
Correct Answer: (C) broadening of the infrared peak around 3500 cm®

Solution:
This question concerns the effect of hydrogen bonding on Infrared (IR) spectroscopy signals.

The alcoholic group is the hydroxyl group (OH). The stretching vibration of the OH bond is a
key feature in IR spectra.

In the absence of hydrogen bonding (e.g., in a dilute gas phase or nonpolar solvent), the OH
stretch appears as a relatively sharp, narrow peak around 36003650 cm®.

When hydrogen bonding occurs, the hydrogen of one OH group is attracted to the oxygen of a
neighboring molecule. This interaction effectively weakens and lengthens the covalent OH bond.

A weaker bond vibrates at a lower frequency. Therefore, the peak shifts to a lower wavenumber
(downfield shift).

Furthermore, hydrogen bonds have a wide range of strengths and geometries within the mate-
rial, so not all OH bonds vibrate at the exact same frequency. This distribution of vibrational
frequencies results in the peak becoming very broad.

The characteristic IR absorption for hydrogenbonded OH groups is a strong, very broad peak
typically centered in the range of 32003500 cm®.

Option (C) correctly describes this phenomenon as a ”broadening of the infrared peak around
3500 cm!”.

The other options are incorrect: 1700 ecm! is for carbonyl (C=0) groups and 2800 cm! is for
CH stretching.

Quick Tip

Remember the classic signs of hydrogen bonding in IR spectroscopy for OH and NH
groups: a significant shift to a lower frequency (lower wavenumber) and a dramatic
broadening of the absorption peak. A sharp peak at 3600 cm! means ”free” OH, while
a broad mountain at 3300 cm' screams ”hydrogenbonded” OH.
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44. In the circuit shown below, the input voltage is sinusoidal and 2.5 V peak
to peak. The capacitors are 20 uF each. Assume that the knee voltage of the
diodes is 0 V and Ry, is very large (almost infinite). Which one of the following op-
tions is closest to the peak to peak voltage across R, after a large number of cycles?

¢, D,
| a0

(m) Dl _‘_ Cz - RL

(A)1.25V
(B) 2.50 V
(C) 5.00 V

(D) 10.0 V

Correct Answer: (C) 5.00 V

Solution:

This circuit is a halfwave voltage doubler. The question likely contains a common typo, where
72.5 V peak to peak” should have been 72.5 V peak” to match the provided correct answer.
We will proceed with this assumption.

Assumption: The input peak voltage is V), = 2.5 V.

Step 1: Analyze the first negative halfcycle of the input.

The input voltage v, goes from 0 to 2.5 V. Diode D1 becomes forward biased, and diode D2
is reverse biased.

Current flows through C1 and D1, charging capacitor C1. C1 charges up to the peak voltage
Vp = 2.5 V, with the polarity being positive at the ground side.

Step 2: Analyze the first positive halfcycle of the input.

The input voltage v, goes from 0 to +2.5 V. Now, D1 is reverse biased.

The voltage at the node between C1 and D1 (let’s call it node A) is the sum of the input voltage
and the voltage stored on C1: V4 = v, + Vo1

The peak voltage at node A occurs when vy, is at its positive peak: V4 peqr = Vp + Vo1 =
25 V+25V=50V.

Step 3: Analyze the role of D2 and C2.
Diode D2 and capacitor C2 form a peak detector circuit. When the voltage at node A becomes
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positive, D2 is forward biased.
Current flows through D2 to charge capacitor C2. C2 will charge up to the peak voltage at
node A, which is 5.0 V.

Step 4: Analyze the steady state.

Since the load resistor Ry, is very large, C2 barely discharges. After a few cycles, the voltage
across C2 (and thus across Ry ) will reach and hold a steady DC value equal to the peak voltage
it sees, which is 5.0 V.

The output voltage is a DC voltage of 5.0 V. The peaktopeak ripple voltage is nearly zero. The
question is interpreted as asking for the DC output level.

Therefore, the value is 5.00 V.

Be aware of potential typos in exam questions. If your calculated answer (e.g., 2.5 V
from a 2.5 V pp input) doesn’t match any option, but altering a parameter based on a
common mistake (e.g., peak vs. peaktopeak) yields a perfect match (5.0 V from a 2.5 V
peak input), it is highly likely the question had an error.

45. An ultrasound plane wave of amplitude F, hits the semiinfinite boundary of
two media having acoustic impedances Z; and Z5. The sum of the amplitudes of
the reflected and the incident waves at the boundary is equal to

2Py 7o
(A) (Z1+Z2)

Po(Z2Z
<B) (Z1 +Z2))

(©) %2

PoZ4
<D) (Z1+72)

Correct Answer: (A) (%iorZZQg)

Solution:

Let the amplitude of the incident wave be P; = P.
Let the amplitude of the reflected wave be P;.

Let the amplitude of the transmitted wave be P;.

The amplitude of the reflected wave is related to the incident wave by the pressure amplitude

reflection coefficient, R

Po= Ry = (£) Py
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The question asks for the sum of the amplitudes of the reflected and incident waves, which is
P, + P,.

Sum = Py + P, = Py + (£4) Po.

Factor out Fp:

s = 1, (1+ ).

Find a common denominator:

_ (Z1+22)+(Z221)
Sum = B Tz

Simplify the numerator:

sun = Py (AF3542) = P (7).

_ 2PyZ
Sum = 77

This quantity is also equal to the amplitude of the transmitted wave, P, due to the boundary
condition that the total pressure on both sides of the boundary must be equal.

Quick Tip

At a boundary between two media, the total acoustic pressure on one side (incident +
reflected) must equal the total acoustic pressure on the other side (transmitted). So, the
question is effectively asking for the amplitude of the transmitted wave, P, = T, - Py,

where the transmission coefficient T}, = —222 .
p AR

46. In the circuit given below, what should be the value of the resistance R for
maximum dissipation of power in R?

2 k) 1 kQ
T YL AAAA,

+
10V — 3 k{} }

(A) 1.2 kQ
(B) 2.2 kO

(C) 3.2 kQ
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(D) 4.2 kQ

Correct Answer: (B) 2.2 kQ

Solution:

According to the maximum power transfer theorem, a load resistance R will receive maximum
power from a linear network when R is equal to the Thevenin equivalent resistance, Ry, of
the network as seen from the terminals of R.

Step 1: Remove the load resistor R from the circuit.

Step 2: Find the Thevenin resistance, Ry, looking into the terminals where R was connected.
To do this, all independent sources are deactivated. The 10 V voltage source is deactivated by
replacing it with a short circuit (a wire).

Step 3: Calculate the equivalent resistance of the resulting circuit.
After shorting the 10 V source, the 2 k{2 resistor and the 3 k{2 resistor are connected in parallel.

The equivalent resistance of this parallel combination is:
_ 2KkOx3kQ _ 6 _
Rp = 5105310 = 3 kK2 =12 kQ.
This parallel combination is in series with the 1 k() resistor.
The total Thevenin resistance is the sum of these resistances:

Ry = Ry +1 k2 =12 kO + 1 kO = 2.2 kQ.

Step 4: Set R equal to Ry, for maximum power transfer.
R = Rpp, = 2.2 kQ.

Quick Tip

To find the Thevenin equivalent resistance (Rpp) of a circuit, remember to ”turn off” all
independent sources: replace voltage sources with short circuits and current sources with
open circuits. Then, calculate the equivalent resistance from the perspective of the load
terminals.

47. Two sequences r[n] and x2[n] are described as follows:
x[1] = x;[2] =2
x[2] = x;[1] =1

x1In] = x2In] =0 forall n <0 and n > 2
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If z[n| is obtained by convolving x;[n] with x2[n], which of the following equations
is/are TRUE?

(A) z[2] = =[3]
(B) x[1] =2
(C) z[4] = 3
(D) z[2] = 5

Correct Answer: (A), (D)

Solution:

First, let’s write out the sequences clearly:

z1[n] = {1,2,1} for n = {0, 1, 2}.

xon] = {1,1,2} for n = {0, 1, 2}.

The convolution z[n] = x1[n] * x3[n] is given by the sum zn] =Y oo x1[k]zo[nk].
Let’s compute the values of z[n]:

z[0] = x1[0]z2[0] = (1)(1) = 1.

2[1] = 21[0)z2[1] + 21 [122[0] = (1)(1) + (2)(1) = 1 + 2 = 3.

z[4] = z1[2]z2[2] = (1)(2) = 2.
The resulting sequence is x[n] = {1,3,5,5,2} for n = {0,1,2,3,4}.

Now, let’s check the given options:
(A) z[2] = x[3]: We calculated z[2] = 5 and z[3] = 5. This is TRUE.

(B) z[1] = 2: We calculated z[1] = 3. This is FALSE.
(C) z[4] = 3: We calculated z[4] = 2. This is FALSE.
(D) z[2] = 5: We calculated z[2] = 5. This is TRUE.

Therefore, statements (A) and (D) are correct.
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Quick Tip

For discrete convolution of short, finite sequences, the tabular method or polynomial mul-
tiplication can be faster and less errorprone than using the summation formula directly
for each output sample.

48. The function f(7) = % of a complex variable Z is integrated on a closed con-
tour in an anticlockwise direction. For which of the following contours, does this
integral have a nonzero value?

(A) |22 = 0.01
(B) |Z1] = 0.1
(C) 23] =5
(D) 2] =2

Correct Answer: (B), (C), (D)

Solution:

According to Cauchy’s Integral Theorem and the Residue Theorem, the integral of a complex
function around a simple closed contour is nonzero if and only if the contour encloses at least
one singularity of the function.

The given function is f(Z) = 4.
This function has a single singularity, a simple pole, at the point where the denominator is
zero: 41 =0, which is Z = 1.

We need to determine for which of the given contours the point Z = 1 lies inside the enclosed
region.

The equation |ZZy| = R describes a circle with center Zy and radius R. A point Z, is inside
this circle if |Z,Zy| < R.

In our case, the point to check is Z), = 1.

(A) |Z2| = 0.01: Center is Zy = 2, radius is R = 0.01.
Check distance: |12| = |1| = 1. Since 1 > 0.01, the point is outside. The integral is zero.

(B) |Z1] = 0.1: Center is Zy = 1, radius is R = 0.1.
Check distance: |[11| = 0. Since 0 < 0.1, the point is inside (it’s the center). The integral is
nonzero.

(C) |Z3| = 5: Center is Zy = 3, radius is R = 5.
Check distance: |13]| = |2| = 2. Since 2 < 5, the point is inside. The integral is nonzero.
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(D) |Z| = 2: This is |Z0| = 2. Center is Zy = 0, radius is R = 2.
Check distance: |10| = 1. Since 1 < 2, the point is inside. The integral is nonzero.

Therefore, the integral is nonzero for contours (B), (C), and (D).

Quick Tip

To quickly check if a point Z, is inside a circle defined by |ZZy| = R, simply calculate
the distance between the point and the center, |Z,Zp|, and see if it’s less than the radius
R.

49. The continuous time signal z(¢) is described by
1, 0<t<1

0, elsewhere

)

If y(t) represents z(t) convolved with itself, which of the following statements is/are
TRUE?

(A)y(t)=0forallt <0
(B) y(t) =0 for all t > 1

(C)y(t)=0forallt >3

0.75
(D) fo” dt # 0

Correct Answer: (A), (C), (D)

Solution:
The signal z(t) is a rectangular pulse of duration 1, starting at ¢ = 0. The convolution of a
signal with itself is y(t) = z(t) * x(t).

Support of the Convolution:

The support of z(t) is the interval [0, 1].

The support of the convolution of two signals is the sum of their individual supports.
Support of y(t) = [start] + starte, end; + endz] = [0+ 0,1 + 1] = [0, 2].

This means y(t) is nonzero only on the interval [0, 2], and is zero everywhere else.

Shape of the Convolution:

The convolution of two identical rectangular pulses is a triangular pulse. The peak of the tri-
angle occurs at t = 1 (the duration of one pulse) and the pulse ends at ¢t = 2.
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t, 0<t<1
The equation for y(t) is: y(t) =< 2t, 1<t <2.

0, elsewhere

Let’s evaluate the statements:
(A) y(t) = 0 for all £ < 0: The support of y(t) starts at ¢ = 0, so this is TRUE.

(B) y(t) =0 for all t > 1: The support of y(t) extends to t = 2. For example, y(1.5) = 21.5 =
0.5 # 0. So this is FALSE.

(C) y(t) =0 for all t > 3: The support of y(t) ends at ¢t = 2, so it is certainly zero for all ¢t > 3.
This is TRUE.
(D) 0.75 dy(t)

o1 g dt # 0: By the Fundamental Theorem of Calculus, this integral is equal to

y(0.75)y(0.1).
In the interval [0.1,0.75], we are on the rising slope of the triangle where y(t) = ¢.

So, y(0.75) = 0.75 and y(0.1) = 0.1.
The integral equals 0.750.1 = 0.65, which is not zero. So this is TRUE.

Therefore, statements (A), (C), and (D) are correct.

The support (the range where the function is nonzero) of a convolved signal y(t) =
x1(t) * zo(t) is from [Tsiarer + Tstart2) 10 [Tend1 + Tengz). This is a very quick way to
eliminate options about the range of the resulting signal.

50. Which of the following relations is/are CORRECT in terms of various lung
volume measurements?

(A) Vital capacity minus expiratory reserve volume equals inspiratory capacity.
(B) Vital capacity plus expiratory reserve volume equals inspiratory capacity.
(C) Total lung capacity equals the sum of inspiratory capacity and functional residual capacity.

(D) Functional residual capacity is the difference between expiratory reserve volume and resid-
ual volume.

Correct Answer: (A), (C)

Solution:
Let’s define the fundamental lung volumes and capacities:
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Inspiratory Capacity (IC) = Tidal Volume (TV) + Inspiratory Reserve Volume (IRV)
Functional Residual Capacity (FRC) = Expiratory Reserve Volume (ERV) + Residual
Volume (RV)

Vital Capacity (VC) = IRV + TV + ERV = IC + ERV

Total Lung Capacity (TLC) = VC + RV = IC + FRC

Now, let’s evaluate each statement using these definitions.

(A) Vital capacity minus expiratory reserve volume equals inspiratory capacity.
From the definition, VC = IC + ERV.

Rearranging this gives VC ERV = IC.

This statement is CORRECT.

(B) Vital capacity plus expiratory reserve volume equals inspiratory capacity.
VC + ERV = (IC + ERV) + ERV = IC + 2(ERV).
This is not equal to IC. This statement is FALSE.

(C) Total lung capacity equals the sum of inspiratory capacity and functional residual capacity.
From the definition, TLC = IC + FRC.
This statement is CORRECT.

(D) Functional residual capacity is the difference between expiratory reserve volume and resid-
ual volume.

From the definition, FRC is the SUM of ERV and RV (FRC = ERV + RV).

This statement is FALSE.

Therefore, statements (A) and (C) are correct.

Drawing a simple diagram of the lung volumes can be extremely helpful. Sketch a vertical
bar representing total lung capacity and divide it into the four basic volumes: IRV, TV,
ERV, RV. Then you can visually see how the different capacities (IC, FRC, VC, TLC)
are formed by summing these basic volumes.

51. Assuming the operational amplifier in the circuit shown below to be ideal,
which of the following properties hold(s) TRUE for the circuit?
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V

(A) It acts as a voltage follower.

(B) It is bistable.
(C) It is astable.

(D) The output voltage is at saturation.

Correct Answer: (B), (D)

Solution:

Let’s analyze the given opamp circuit.

The circuit has positive feedback, as the output is connected back to the noninverting (+)
input.

The input signal is applied to the inverting () input, which is connected to ground.

Circuits with positive feedback generally do not operate in the linear region. They are typically
used as comparators or oscillators.

Let’s find the relationship between the output voltage V,,+ and the input voltages.

Let V4 be the voltage at the noninverting input and V be the voltage at the inverting input.
V=0 V (connected to ground).

The connection from the output to the noninverting input is a direct wire, so Vi = V.

The opamp’s output is given by V,ur = A(VJFV), where A is the openloop gain, which is very
large for an ideal opamp.

Vout = A(Vouto> = Vour = A- Vout-

This equation can only be satisfied if (A1)V,,; = 0. Since A > 1, this implies Vj,,; must be 0,
which is an unstable equilibrium.

Any small noise will cause the output to grow. If a small positive noise appears at the output,
V4 becomes positive, causing Vi to increase further until it hits the positive supply voltage
(""/tsat)-

If a small negative noise appears, V; becomes negative, causing V,; to decrease further until
it hits the negative supply voltage (Vsqt).

The circuit has two stable states: Vot = +Vsqt and Vit = Vige. This is the definition of a
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bistable circuit (a simple Schmitt trigger or latch with a threshold of 0 V).

Let’s evaluate the options:

(A) It acts as a voltage follower. A voltage follower has negative feedback and the output
follows the input. This is FALSE.

(B) It is bistable. The circuit has two stable output states. This is TRUE.

(C) It is astable. An astable multivibrator is an oscillator with no stable states. This circuit is
stable at the saturation voltages. This is FALSE.

(D) The output voltage is at saturation. As explained, the stable operating points are at the
positive or negative saturation levels. This is TRUE.

The type of feedback is the most important feature to check first in an opamp circuit.
Negative feedback leads to stable, linear operation (amplifiers, filters). Positive feedback
leads to nonlinear, switching behavior (comparators, Schmitt triggers, oscillators).

52. A water insoluble polymeric biomaterial can become water soluble in vivo by
which of the following mechanisms?

(A) Cleavage of crosslinks between water soluble polymer chains
(B) Cleavage of side chains leading to formation of nonpolar groups

(C) Cleavage of backbone linkages between polymer repeat units leading to the formation of
polar groups

(D) Enzymatic degradation of crosslinks between water soluble polymer chains

Correct Answer: (A), (C), (D)

Solution:

The question asks for mechanisms that can transform a waterinsoluble polymer into a water-
soluble one inside a biological environment (in vivo). Water solubility is primarily determined
by the ability of a polymer to form favorable interactions (like hydrogen bonds) with water.

(A) Cleavage of crosslinks between water soluble polymer chains: If individual polymer chains

are inherently watersoluble, but are rendered insoluble by being chemically crosslinked into a
network (forming a hydrogel), then breaking these crosslinks would release the soluble chains.
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This is a valid mechanism.

(B) Cleavage of side chains leading to formation of nonpolar groups: Nonpolar (hydrophobic)
groups decrease water solubility. So, forming more nonpolar groups would make the material
even less soluble, not more. This is FALSE.

(C) Cleavage of backbone linkages between polymer repeat units leading to the formation of
polar groups: This describes polymer degradation. For a polymer that is insoluble due to its
long chain length and/or nonpolar nature, breaking it down into smaller, more polar oligomers
or monomers can increase solubility. For example, hydrolysis of a polyester backbone creates
polar carboxylic acid and alcohol end groups. This is a valid mechanism.

(D) Enzymatic degradation of crosslinks between water soluble polymer chains: This is a spe-
cific case of mechanism (A). In vivo, enzymes are a primary means of cleaving chemical bonds.
If the crosslinks are susceptible to enzymatic attack, this would lead to the dissolution of the
polymer network. This is a valid mechanism.

Therefore, (A), (C), and (D) describe plausible mechanisms for increasing water solubility in
vivo.

Water solubility of polymers depends on two main factors: 1) Polarity (more polar groups
like OH, COOH, NH2 increase solubility) and 2) Molecular weight/Crosslinking (lower
molecular weight and absence of crosslinks increase solubility). Any process that increases
polarity or breaks down the polymer structure can enhance solubility.

53. For the function f(r) = 2*z%, which of the following statements is/are TRUE?
(A) The function is symmetric about = = 0.

(B) The minimum value of the function is 0.5.

(C) The function has two minima.

(D) The function is an odd function.
Correct Answer: (A), (C)

Solution:
Let’s analyze the function f(z) = z*22.
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(A) The function is symmetric about x = 0.

Symmetry about = 0 means the function is an even function, i.e., f(z) = f(z).

f(@) = (2)(2)® = 2%2? = f(2).

Since f(z) = f(z), the function is even and symmetric about the yaxis (x = 0). This statement
is TRUE.

(D) The function is an odd function.
An odd function satisfies f(z) = f(z). Since we found it to be an even function, it cannot be
odd (unless it’s the zero function). This statement is FALSE.

To check for minima, we need to find the critical points by taking the first derivative and setting
1t to zero.

f(x) = %(x‘le) = 4232

Set f'(z) = 0: 42322 =0 = 2x(222%1) = 0.

The critical points are £ = 0, 22?1 =0 = 22 =1/2 — 2 = :I:%.

Now, use the second derivative test to classify these points.
f(x) = L (42322) = 122%2.
Atz =0: f"(0) = 12(0)?2 = 2. Since f”(0) < 0, this is a local maximum.

At x = \%: f”(\%) = 12(\%)22 = 12(3)2 = 62 = 4. Since f” > 0, this is a local minimum.
Atz = \/%; f”(\/%) = 12(\/%)22 =12(3)2 = 62 = 4. Since f” > 0, this is a local minimum.

(C) The function has two minima.

We found two local minima at x = j:\/ig. This statement is TRUE.
(B) The minimum value of the function is 0.5.

Let’s find the value of the function at the minima.

FEd) = (=)l = (D) = 1 = 025
The minimum value is 0.25, not 0.5. This statement is FALSE.

To analyze a function for symmetry, extrema, etc.: 1. Check for symmetry: Test if
f(z) = f(x) (even) or f(z) = f(x) (odd). 2. Find critical points: Solve f’(z) = 0. 3.
Classify points: Use the second derivative test (f”(z) > 0 for minimum, f”(z) < 0 for
maximum). 4. Find values: Plug the xcoordinates of the minima/maxima back into the
original function f(x).

54. A system is described by the following differential equation

0.01280 4 0.2 4 41y = 6a:(1),

where time (t) is in seconds. If x(t) is the unit step input applied at t = Os to this
system, the magnitude of the output at t =1sis _ (Round off the answer
to two decimal places.)
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Correct Answer: 6.00

Solution:

This is a secondorder linear timeinvariant (LTI) system. Let’s analyze its properties by finding
the transfer function in the Laplace domain.

Taking the Laplace transform of the differential equation, assuming zero initial conditions:
0.0152Y (s) + 0.25Y (s) + Y (s) = 6X(s).

Y (5)(0.015% +0.25 + 1) = 6X(s).

The transfer function H(s) = )};((‘3 is:

_ 6
H(s) = 0.01s2+0.25+1"

. Kuw?
The standard form for a secondorder system is Tt T

Let’s convert our transfer function to this form by dividing the numerator and denominator by
0.01:
_ 600
H(s) = w05 100
By comparison:
DC Gain, K = 600/100 = 6.
w2 =100 = w, = 10 rad/s (natural frequency).
2Cwy, =20 = 2¢(10) =20 = (¢ = 1 (damping ratio).

Since the damping ratio ¢ = 1, the system is critically damped.
The input z(t) is a unit step, so X(s) = 1/s.

The output is Y (s) = H(s)X(s) = 5(32+382+100) = s(s(—jE?O)Z'

The step response of a critically damped system is of the form y(t) = K(1e“"t(1 + wyt))u(t).
Substituting the values K=6 and w,, = 10:
y(t) = 6(1e!%(1 4 10t)).

We need to find the magnitude of the output at ¢t =1 s.
y(1) = 6(1e'%(1 + 10(1))).
y(1) = 6(111e!Y).

The value of €!? is very small: e!? ~ 0.0000454.
So, 11e'9 2~ 11 x 0.0000454 ~ 0.0004994.
This term is negligible compared to 1.

y(1) =~ 6(10) = 6.

The question asks for the magnitude, which is 6.00.

The system reaches its steadystate value of 6 very quickly. At t=1s, it is practically at steady
state.
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Quick Tip

For secondorder systems, first calculate the damping ratio (. This tells you the type
of response (underdamped, critically damped, overdamped). For a step input, the final
value of the output is always the DC gain of the system, which can be found by setting
s = 0 in the transfer function H(s). If the time constant is small, the system will reach
this final value quickly.

55. The resistance of a thermistor is 1 k) at 25 °C and 500 2 at 50 °C. Find
the temperature coefficient of resistance (in units of °C!) at 35 °C. (Round off the
answer to three decimal places.)

Correct Answer: 0.028

Solution:
Thermistor resistance is commonly modelled by an exponential (Boltzmann / simplified Stein-
hart-Hart) form

R(T)= AT,

with 7" in Kelvin. From two known points we can determine [3:

S I 2]
2 S
T Ty

Convert temperatures to Kelvin:

Ty =25°C=298.15 K, T, =50°C =323.15 K,

and
R
1n<R—1) — In(1000/500) = In 2 ~ 0.693147.
2
Compute f:
0.693147
B =— — ~ 26876 K.

208.15  323.15
The temperature coefficient of resistance is

1dR

dR B
= (-5).

so (taking magnitude convention for «)

From R(T) = AeP/T we get



Evaluate at T'= 35°C = 308.15 K:

2687.6

—— ~0.02830 °C".
0405642 ~ 002830 °C

T? = (308.15)% ~ 94956.42,  «(35°C) =

Rounding to three decimal places:

a(35°C) ~ 0.028 °C~ 1.

The temperature coefficient («) for a thermistor is not constant but depends on temper-
ature itself (« = 3/T?). Be careful to calculate it at the specified temperature, not an
average over a range, unless the problem specifies a linear approximation.

56. A normally incident Xray of energy 140 keV passes through a tissue phan-
tom and is detected by the detector as shown in the figure below. The phantom
consists of tissue P with an absorption coefficient of 1 cm! and a thickness of 1
cm, and tissue Q with an absorption coefficient of 10 cm' and a thickness of 2 cm.
Calculate the intensity (in peV) detected by the detector. (Round off the answer
to one decimal place.)

—
—p

X-Rays

Correct Answer: 160.2

Solution:
We interpret the given 140 keV as the incident energy quantity Iy (same energy units used
for the detected quantity after attenuation). The Beer—Lambert law (exponential attenuation)

gives
I = Ioexp( — Z/LiLi).
1

Compute the total attenuation exponent:

> il = pplp+pgle = 1x1+10x2 = 1420 = 21.
1

Thus the transmission factor is
T = 2,
The detected energy (in keV) is

Loy = 140 keV x e 2L,
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Numerically,
e 2 & 7.5825604279 x 10719,

SO
Loy = 140 x 7.5825604279 x 10710 a2 1.06155846 x 107 keV.

Convert keV to peV. Since
1 keV =103 eV = 10° peV,

we have

1

v = Doy x 107 ~ 1.06155846 x 1077 x 109 = 106.15584599 eV.

Rounding to one decimal place:

|1 ~106.2 peV.|

When an Xray beam passes through multiple materials, the exponents in the BeerLam-
bert law add up: ef1Lr x etele — mlituala)  Ap exponent with a large negative value
(like 21) indicates extremely high attenuation, meaning the transmitted intensity will be
practically zero.

57. A twodimensional square plate (20 mm sides) contains a homogeneous circular
inclusion of 5 mm diameter in it. A parallel beam of Xrays (beam width 30 mm) is
used in a tomography system to determine the location of the inclusion. What is
the minimum number of views required to approximately determine the location
of the inclusion?

Correct Answer: 2

Solution:

The problem asks for the minimum number of views (projections) to determine the location of
a circular inclusion within a square plate. The location of the center of the circle is described
by two coordinates, (x, y).

A single tomographic view (projection) provides information about the object’s attenuation
along a set of parallel lines in one specific direction.

Consider the first view, for example, taken vertically (along the yaxis). This projection, or
shadowgram, will show a region of different attenuation corresponding to the circular inclusion.
This allows us to determine the horizontal position (xcoordinate) of the inclusion’s center.
However, it gives no information about its vertical position (ycoordinate). The circle could be
anywhere along the vertical line at that determined xcoordinate.

To find the second coordinate (ycoordinate), we need another projection from a different angle.
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Consider a second view taken horizontally (along the xaxis), which would be at a 90degree angle
to the first view. This projection will allow us to determine the vertical position (ycoordinate)
of the inclusion’s center.

With the xcoordinate from the first view and the ycoordinate from the second view, we can
uniquely pinpoint the location of the center of the circular inclusion. This technique is known
as backprojection.

Therefore, a minimum of two views, typically taken at 90 degrees to each other, are required
to determine the (x, y) location of the object.

The dimensions of the plate, inclusion, and beam width are extra information not needed to
determine the number of views required to find the location.

Quick Tip

To locate an object in Ndimensional space, you generally need N independent measure-
ments. To find the (x, y) coordinates in a 2D plane, you need at least two independent
projections (views) to solve for the two unknown variables.

58. Calculate the reciprocal of the coefficient of 23 in the Taylor series expansion
of the function f(z) = sin(z) around z = 0. (Provide the answer as an integer.)

Correct Answer: 6

Solution:

The Taylor series expansion of a function f(z) around z = 0 is also known as its Maclaurin
series.

The series is given by f(z) =Y~ f—-22"

n=0 n!

™) (0
! ( ). We need the coefficient of 23 , so we need to find the

The coefficient of the 2" term is
value for n = 3.
f///(o) .

The coefficient is ~—;

Let’s find the third derivative of f(z) = sin(z).
f(z) = sin(2).

f'(2) = cos(z).

f"(z) = sin(z).

f"(z) = cos(z).

Now, evaluate the third derivative at z = 0:

f"(0) = cos(0) = 1.

69



The factorial of 3is 3! =3 x 2 x 1 =6.

The coefficient of 23 is %.

The question asks for the reciprocal of this coefficient.
Reciprocal = % = 6.

The answer is an integer, 6.

Alternatively, one can recall the standard Maclaurin series for sin(z):
3 5

sin(z) =25 + 5 ...

From the series, we can directly see that the coefficient of 23 is % = %.

The reciprocal of this coefficient is 6.

Quick Tip

Memorizing the Maclaurin series for common functions like sin(z), cos(z), €7, and & is

extremely useful and can save a lot of time compared to calculating derivatives for the
Taylor series formula.

59. In a cell viability experiment, 10,000 cells were cultured in the absence and
presence of a compound Q for 24 h. The absorbance of a dye associated with
cellular metabolic activity was measured at a wavelength of 570 nm at 24 h. The
measured absorbances were 0.8 a.u. in the absence of the compound Q, and 0.5
a.u. in its presence. If the dye gives an absorbance (at 570 nm) of 0.1 a.u. in
the absence of cells, what is the percentage cell growth inhibition caused by the
compound Q? (Round off the answer to one decimal place.)

Correct Answer: 42.9

Solution:
This problem uses a colorimetric assay (like MTT or XTT) where absorbance is proportional
to the number of viable (metabolically active) cells.

Step 1: Correct the absorbance readings for the background absorbance.

The absorbance from the dye alone (without cells) is 0.1 a.u. This is the background that must
be subtracted from all readings.

Absorbance for control (no compound Q): Acpntror = 0.80.1 = 0.7 a.u. This represents 100%
cell viability /growth.

Absorbance for treated cells (with compound Q): Ayeqteq = 0.50.1 = 0.4 a.u.

Step 2: Calculate the percentage viability of the treated cells relative to the control.
Percentage Viability = % x 100%.
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Percentage Viability = % x 100% = % x 100% ~ 57.14%.

Step 3: Calculate the percentage of cell growth inhibition.
Inhibition is the reduction from 100% viability.
Percentage Inhibition = 100%Percentage Viability.
Percentage Inhibition = 100%57.14% = 42.86%.

Rounding the answer to one decimal place gives 42.9%.

In any assay measurement, the first step is always to subtract the background or blank
reading from all your sample readings. The ”control” or ”untreated” sample then becomes
your 100% reference point, against which all other samples are compared.

60. The volume percentage of oxygen in inspired air is 20 % and that of expired
air is 16%. A person is breathing at a rate of 12 breaths per minute. Each breath
is 500 ml in volume. The cardiac output is 5 liters per minute. Assuming ideal,
healthy lung and cardiac conditions, what is the change in percentage of oxygen in
blood over 1 minute? (Round off the answer to one decimal place.)

Correct Answer: 4.8

Solution:

Step 1: Calculate the total volume of oxygen taken up by the lungs per minute.
Respiratory rate = 12 breaths/min.

Tidal volume (volume per breath) = 500 ml/breath = 0.5 L /breath.

Total volume of air breathed per minute (minute ventilation) = 12 x 0.5 = 6 L/min.
Percentage of oxygen in inspired air = 20% = 0.20.

Percentage of oxygen in expired air = 16% = 0.16.

The net percentage of oxygen absorbed is the difference: 20%16% = 4%.

Volume of oxygen absorbed per minute = Total volume of air X net percentage absorbed.
Vo2 = 6 L/min x 0.04 = 0.24 L /min.

Step 2: Relate the oxygen uptake to the blood flow.

This absorbed oxygen (Vp2) is transferred to the blood flowing through the lungs.

The total blood flow through the lungs per minute is the cardiac output.

Cardiac output (Q) = 5 L/min.

The change in oxygen content in the blood is the amount of oxygen added (0.24 L) divided by
the total volume of blood it is added to (5 L).

Step 3: Calculate the change in percentage of oxygen in the blood.
Let Cy02 be the oxygen content in arterial blood (leaving lungs) and C,p2 be the oxygen con-
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tent in venous blood (entering lungs).

Fick’s principle states: Vo = Q X (Cu02Cv02)-

The term (Cy02Cy02) represents the volume of O2 added per volume of blood, which is what
we need to find.

Change in O2 content = (Cy02Cy02) = % = %.

Change in O2 content = 0.048 (L of O2 / L of blood).

Step 4: Express this as a percentage.

To express this change as a percentage, we multiply by 100.
Change in percentage = 0.048 x 100 = 4.8%.

This is often expressed as 4.8 ml of O2 per 100 ml of blood.

The change in percentage of oxygen in blood is 4.8.

Quick Tip

This problem is a direct application of the Fick principle, which relates oxygen consump-
tion (Vpg), cardiac output (Q), and the arteriovenous oxygen difference (Cy02C,02)-
First, calculate the oxygen consumption from the respiratory data, then use Fick’s prin-
ciple to find the change in blood oxygen content.

61. The intracellular and extracellular concentrations (in mM) of three important
ions are given in the table below. The relative permeability of the cell membrane
to each ion is provided. Universal gas constant is 8.31 J/(mol.K) and Faraday’s
constant is 96500 C/mol.

What is the absolute value of the resting membrane potential (in mV) across the
cell membrane at 27 °C? (Round off the answer to one decimal place.)

Ton

Extracellular
concentration
(mM)

Intracellular
concentration
(mM)

Relative
permeability

Sodium

140

10

0.02

Potassium

Chloride

3
90

140
3

1.00
0.38

Correct Answer: 83.2

Solution:
The resting membrane potential can be calculated using the Goldman-Hodgkin-Katz (GHK)
equation.

V _ ﬂ 1n PK[K+]out+PNa[Na+}out+PCl [Cli]zn
m— F PK [K+]in+PNa[Na+]in+PCl [Cli]out ’
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First, let’s list the given values:

R = 8.31 J/(mol.K).

F = 96500 C/mol.

T =27°C =27+ 273 = 300 K.

Pyno = 0.02, [Na™]out = 140 mM, [Na™];;, = 10 mM.
P = 1.00, [Kt]out = 3 mM, [K1];;, = 140 mM.

Poy = 0.38, [Cl7 |out = 90 mM, [C1™];;, = 3 mM.

Note that for anions like Chloride (Cl-), the ’in’ and ’out’ concentrations are flipped in the
GHK equation.

RT .
Calculate the pre-factor :

RT __ 8.31x300 ~ —
AL — 831300 & (,02585 V = 25.85 mV.

Calculate the numerator of the logarithm term:
Numerator = (1.00 x 3) + (0.02 x 140) + (0.38 x 3) =3+ 2.8 + 1.14 = 6.94.

Calculate the denominator of the logarithm term:
Denominator = (1.00 x 140) + (0.02 x 10) + (0.38 x 90) = 140 + 0.2 + 34.2 = 174.4.

Now, substitute these values into the GHK equation:
Vin =25.85 mV x In (29%).

Vin = 25.85 x In(0.03979).

Vin = 25.85 x (—3.224) ~ —83.33 mV.

The question asks for the absolute value of the resting membrane potential.
[Vin| = | — 83.33| = 83.33 mV.

Rounding off to one decimal place, the answer is 83.3 mV. The provided key is 83.2, which is
a minor difference due to rounding of constants. Using T=300.15K gives -83.2mV. Let’s use
that for precision.

RT _ 8.31x300.15 _

T = et ~ 0.02586 V = 25.86 mV.

Vi = 25.86 x (—3.224) ~ —83.19 mV.

Absolute value is 83.19 mV, which rounds to 83.2 mV.

Quick Tip

The Goldman-Hodgkin-Katz (GHK) equation is a cornerstone of electrophysiology. Re-
member that anions (like Cl-) are treated differently in the formula: their concentration
terms are inverted (in/out vs. out/in) compared to cations.

62. A metallic strain gauge with negligible piezoresistive effect is subjected to a
strain of 50 x 1076. For the metal, Young’s Modulus = 80 GPa and Poisson’s Ratio
= 0.42. What is the change in resistance (in m(?), if the unstrained resistance of
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the strain gauge is 200 27 (Round off the answer to one decimal place.)
Correct Answer: 18.4

Solution:
The change in resistance of a strain gauge is given by the formula % = G - €, where G is the
gauge factor and € is the strain.

The gauge factor G is defined as G =1+ 2v + ApT/p.

The term ApT/p represents the piezoresistive effect. The problem states this effect is negligible,
so this term is zero.

Therefore, the gauge factor is determined only by dimensional changes: G =1 + 2v.

Given values:

Unstrained resistance, R = 200 (2.
Strain, € = 50 x 1076.

Poisson’s Ratio, v = 0.42.

Step 1: Calculate the gauge factor, G.

G=1+2(042) =1+ 0.84 = 1.84.

Step 2: Calculate the fractional change in resistance, %.
SR =G e=1.84x% (50 x 1076) = 92 x 1076,

Step 3: Calculate the absolute change in resistance, AR.
AR = R x (92 x 1076) =200 x 92 x 1076 = 18400 x 1075Q = 0.0184%).

Step 4: Convert the change in resistance to milli-ohms (mf2).
AR = 0.0184 x 1000%* = 18.4 mQ.

The change in resistance is 18.4 mf).

For a metallic strain gauge where the piezoresistive effect is ignored, the gauge factor is
simply G = 1+ 2v. The "1’ comes from the change in length, and the 20’ term comes
from the change in cross-sectional area (related to the change in diameter via Poisson’s
ratio).

63. Consider the total hip joint prosthesis as shown in the figure. The geometric
parameters of the prosthesis are such that Ly = 40 mm, Ly = 60 mm, #; = 45°,
02 = 90°. Assume that, when standing symmetrically on both feet, a joint reaction
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force of 400 N is acting vertically at the femoral head (point A) due to the body
weight of the subject. Calculate the magnitude of the moment (in Nm) about
point C. (Round off the answer to one decimal place.)

Joint Reaction

A Force
-
. Ll A
B

Correct Answer: 11.3

Solution:

The moment (or torque) about a point is calculated as the product of the force and the per-
pendicular distance from the point to the line of action of the force.

Moment Mo = F x d | .

Given:

Force, F = 400 N, acting vertically downwards at point A.

We need to find the perpendicular distance from point C to the vertical line of action of the
force. This distance is the horizontal distance between C and A.

Let’s establish a coordinate system with point C at the origin (0, 0).
The angle 62 = 90° and the diagram imply that the segment CB is vertical.
Point B is at a distance Ly = 60 mm from C. So, the coordinates of B are (0, 60 mm).

Point A is at a distance L; = 40 mm from B. The angle 6; = 45° is between the line segment
BA and the vertical.

The horizontal coordinate of A (x4) can be found using trigonometry on the triangle formed
by A, B, and the vertical line through B.

The horizontal distance from B to A is the opposite side to the angle 6.

TA= L1 Sin(@l).

This horizontal coordinate z 4 is the perpendicular distance (d ) from point C to the vertical
line of action of the force passing through A.
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d; = x4 =40 mm X sin(45°).
d) =40 x %2 = 20y/2 mm ~ 28.284 mm.

Convert this distance to meters:
d; =~ 0.028284 m.

Now, calculate the magnitude of the moment about C:
Mo =F xd; =400 N x 0.028284 m.
M =~ 11.3136 Nm.

Rounding off the answer to one decimal place, we get 11.3 Nm.

Quick Tip

In moment calculations, always identify the line of action of the force and find the short-
est (perpendicular) distance from the pivot point to that line. Breaking down position
vectors into horizontal and vertical components often simplifies finding this perpendicular
distance.

64. A Wheatstone bridge strain gauge transducer is constructed on a diaphragm in
such a way that when a force is applied on the diaphragm, the resistors R, and Ry
will be in compression, and the resistors Ry and R3 will be in tension. The bridge
excitation voltage (E;,) is 10 Volts. If all the resistors have a resistance of 200
in the absence of any force, and each resistance changes by 20 2 upon application
of a force, what is the output voltage V,,; (in Volts) from the Wheatstone bridge?
(Round off your answer to the nearest integer.)
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Correct Answer: 1

Solution:
For the given Wheatstone bridge configuration, the output voltage V,,; is the difference be-
tween the voltages at the two intermediate nodes. Based on the diagram:

V;)ut = Vnode(Rg,R4) - Vnode(R1,R3)'
R

_ . Ry _ 3
Vour = Ein (7 5m; R1+R3>’

Initial state (no force):
Ri =Ry =R3= Ry = Ry =2001.
The bridge is balanced, and V,; = 0.

Under force application:

Change in resistance, AR = 20 (2.

Resistors in compression (Rj, R4) decrease in resistance (conventionally).
R1 =Ry =Ry — AR =200 — 20 = 180€2.

Resistors in tension (Rg, R3) increase in resistance.

Ry = R3 = Ry + AR = 200 + 20 = 220 ).

Excitation voltage, F;, = 10 V.

Now, substitute these values into the output voltage equation:

_ 180 220
Vout = 10 (%584—18%23 180+220)'
o = 0B B)
Vout =10 <W) =10 (W)
Vout = 10(—0.1) = —1 V.

The question asks for the output voltage, which could be positive or negative depending on
which terminal is measured relative to the other. If the polarity is reversed, the output is +1
V. Since the answer should be rounded to the nearest integer, and 1 is a likely intended answer
representing the magnitude of the change, we will state the magnitude.

A simplified formula for a full-bridge configuration where all resistors change symmetrically is
‘/out - EznAR_?

Vour =10 Vx 2L =10x 0.1 =1V,

This formula gives the magnitude of the output. Rounding to the nearest integer gives 1.

Quick Tip

For a full Wheatstone bridge where opposite arms change in opposite directions (e.g.,
R1, Ry by —AR and Ra, R3 by +AR), the output voltage is approximated by the simple
linear formula V,,; ~ Vm%. This is very accurate for small changes in resistance.

65. A stone is thrown from an elevation of 2 m above ground level, at an angle of
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30° to the horizontal axis. If the stone hits the ground at a horizontal distance of
6 m from the point of release, at what speed (in m/s) was the stone thrown? Use
g = 10 m/s? and assume that there is no air resistance. (Round off your answer to
one decimal place.)

2m
r

.

Correct Answer: 6.6

Solution:

Let’s set up a coordinate system with the origin at the point of release. The ground is at
y=—2m.

Let the initial speed be vg.

The equations for projectile motion are:
1. Horizontal position: x(t) = (vg cos 0)t.
2. Vertical position: y(t) = (vosin )t — Jgt2.

We are given:

Initial height = 2 m, so the final vertical position is y; = —2 m.
Final horizontal position, zy = 6 m.

Launch angle, 6 = 30°.

g=10m/s%

At the time of impact, ¢y, we have two conditions:
6 = (vpcos30°)ty  (Equation A)
—2 = (vosin30°)ty — %(10)15? (Equation B)

From Equation A, we can express ¢y in terms of vp:

te — 6
= vg cos 30° °

Now, substitute this into Equation B:
—2 = (09 8in 30°) (=g ) — 5 (st )

vo cos 30° v cos 30°

. . . 1 300 _ o
Simplify the equation. Note that > 55 = tan 30°.
—2:6tan30°—5( A0

v2 cos? 30°

Substitute the values for the trigonometric functions:

o_ 1
tan 30° = 7
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Now, solve for vgz

240 _ 6
=2+ 2=2+ 2/3.
Using v/3 ~ 1.732:

20 ~ 24 2(1.732) = 2 + 3.464 = 5.464.

2
Yo

vo = V43.924 ~ 6.627 m/s.

Rounding the answer to one decimal place gives 6.6 m/s.

For projectile motion problems where the start and end heights are different, it’s often
easiest to write the trajectory equation, which expresses y as a function of x by eliminating

time t. The trajectory equation is y = xtanf — %07 coZ0"
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