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General Instructions

1. The AP PGECET 2025 examination will be conducted in Computer-Based
Test (CBT) mode by the Andhra University, Visakhapatnam on behalf of the
AP State Council of Higher Education (APSCHE).

2. The duration of the examination is 2 hours.

3. The question paper consists of 120 multiple-choice questions (MCQs), each
carrying 1 mark.

4. There is no negative marking for incorrect answers.

5. Candidates must carry a printed copy of their Admit Card and a valid Photo ID
proof to the examination centre.

6. Use of calculators, mobile phones, or any electronic gadgets is strictly pro-
hibited inside the examination hall.

7. Rough work should be done only in the space provided in the question paper or on
the rough sheet supplied.

8. Candidates must report to the examination centre at least 60 minutes before the
commencement of the test.

9. The test timer will automatically stop once the allotted time (2 hours) is over.

10. Do not leave the examination hall until the invigilator instructs you to do so.

1. The absolute humidity of air at 101.325 kPa is measured to be 0.02 kg of water
per kg of dry air. Then the partial pressure of water vapour in the air is:

(A) 1.99 kPa

(B) 2.55 kPa

(C) 3.16 kPa

(D) 3.87 kPa

Correct Answer: (D) 3.87 kPa

Solution:

Step 1: Understanding the Concept:

Absolute humidity (or humidity ratio, H) is the mass of water vapor per unit mass of dry air.
It is related to the partial pressure of water vapor (p,) and the total atmospheric pressure (P)
through a standard formula derived from the ideal gas law.



Step 2: Key Formula or Approach:
The relationship between absolute humidity (H), partial pressure of water vapor (p,), and
total pressure (P) is given by:

_My_p
Mgy P — py

where M, is the molar mass of water (approx. 18.015 g/mol) and M, is the molar mass of dry

air (approx. 28.97 g/mol). The ratio %Z is approximately 0.622.

So, the formula is:
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Step 3: Detailed Explanation:

Given values are:

- Absolute Humidity, H = 0.02 kg water/kg dry air
- Total Pressure, P = 101.325 kPa

Substitute these values into the formula:

Pv

0.02 = 0.622 x — 20
" 101.325 — py

To solve for p,,, we first rearrange the equation:

0.02 Do

0.622  101.325 — p,
Dy

101.325 — p,

0.032154 x (101.325 — py) = py
3.258 — 0.032154p, = p,
3.258 = p, + 0.032154p,

3.258 = 1.032154p,
o 3.258
~ 1.032154
This calculated value is approximately 3.16 kPa, which corresponds to option (C).
Justification for the Marked Answer:

The provided answer is 3.87 kPa. Let’s analyze if this could be correct under a different
assumption. If we work backward from the answer p, = 3.87 kPa:

0.032154 =

Do ~ 3.156 kPa

3.87 3.87
H =0.622 x 101395 — 387 — 0.622 x 97455 — 0.622 x 0.03971 ~ 0.0247 kg/kg

This suggests that the correct answer would be 3.87 kPa if the absolute humidity were
approximately 0.025 kg/kg instead of 0.02 kg/kg. It is highly likely there is a typo in the
question’s given humidity value. Following the provided answer key, we select 3.87 kPa.
Step 4: Final Answer:

Based on the provided answer key, despite the calculation indicating a discrepancy, the
correct option is 3.87 kPa. This assumes a likely typo in the question’s data.




9 Quick Tip

In psychrometric calculations, always use the full formula H = O.622PPT“M. A common
mistake is to use the approximation H =~ 0.622%, which is only valid for very low hu-
midity. Also, be aware that questions in exams can sometimes contain typos; if your
calculated answer is one of the options, but not the keyed answer, double-check your
work and consider the possibility of an error in the question itself.

2. The minimum amount of work required to operate a refrigerator which
removes 1000 Cal heat at 0°C and rejects at 50°C will be:

(A) 170 Cal

(B) 120 Cal

(C) 150 Cal

(D) 183.15 Cal

Correct Answer: (D) 183.15 Cal

Solution:
Step 1: Understanding the Concept:
The minimum amount of work required to operate a refrigerator corresponds to the work
done in a reversible refrigeration cycle, also known as a Carnot refrigerator. The efficiency of
such a refrigerator is measured by its Coefficient of Performance (COP).
Step 2: Key Formula or Approach:
The Coefficient of Performance for a Carnot refrigerator (COPpg) is defined as the ratio of the
heat removed from the cold reservoir (Q¢) to the work input (W). It is also related to the
absolute temperatures of the hot (Tp) and cold (T¢) reservoirs.
Qc Tc

COPR=W =Ty — 1o
All temperatures must be in an absolute scale (Kelvin).
Step 3: Detailed Explanation:
Given values are:
- Heat removed from the cold reservoir, Q¢ = 1000 Cal
- Temperature of the cold reservoir, Ty = 0°C
- Temperature of the hot reservoir, Ty = 50°C
First, convert the temperatures to Kelvin:

To =0+4273.15=273.15 K
Ty =50+273.15 =323.15 K
Now, calculate the COP of the Carnot refrigerator:

Te 273.15 27315
Ty —Te  323.15—273.15 50

Finally, calculate the minimum work required (W):

COPr = = 5.463



Q¢ 1000 Cal
~ COPr  5.463
This value is closest to 183.15 Cal.

Step 4: Final Answer:

The minimum amount of work required is approximately 183.15 Cal.

w ~ 183.05 Cal

9 Quick Tip

Always remember to convert temperatures from Celsius to Kelvin when dealing with
thermodynamic cycles and laws (like Carnot efficiency, ideal gas law, entropy calcula-
tions). The formula is K = °C + 273.15. Forgetting this conversion is a very common
erTor.

3. The entropy of single crystalline Silicon at absolute zero will be:
A) 2
B) 1
C)o0
D) 10
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Correct Answer: (C) 0

Solution:

Step 1: Understanding the Concept:

This question relates to the Third Law of Thermodynamics. This law provides a fundamental
reference point for the determination of entropy.

Step 2: Detailed Explanation:

The Third Law of Thermodynamics states that the entropy of a perfect, pure crystalline
substance approaches zero as the temperature approaches absolute zero (0 Kelvin).

- A "perfect crystalline substance” means a solid where atoms are arranged in a perfectly
ordered, repeating lattice with no defects.

- ”Single crystalline Silicon” is a very good approximation of such a perfect crystal.

- At absolute zero, all thermal motion ceases, and if the substance is a perfect crystal, there is
only one possible microstate (the ground state).

- According to the Boltzmann entropy formula, S = kg In W, where W is the number of
microstates. If W=1, then In(1) = 0, and thus the entropy S is zero.

Step 3: Final Answer:

Therefore, the entropy of single crystalline Silicon at absolute zero is 0.

9 Quick Tip

The Third Law of Thermodynamics (entropy at absolute zero is zero) applies specif-
ically to perfect crystalline substances. For amorphous or glassy substances, there is
residual entropy at 0 K because they lack perfect order.




4. Which statement about entropy is incorrect?
(A) Entropy is zero at 0 K (Third Law)

(B) Entropy decreases in spontaneous adiabatic processes
(C) Entropy production is irreversible

(D) Entropy measures energy dispersal

Correct Answer: (B) Entropy decreases in spontaneous adiabatic processes

Solution:

Step 1: Understanding the Concept:

Entropy is a fundamental concept in thermodynamics related to disorder, energy dispersal,
and the direction of spontaneous processes. The question asks to identify the incorrect
statement among the given options based on the laws of thermodynamics.

Step 2: Detailed Explanation:

Let’s analyze each statement:

(A) Entropy is zero at 0 K (Third Law): This is a statement of the Third Law of
Thermodynamics for a perfect crystalline substance. It is considered a correct principle.

(B) Entropy decreases in spontaneous adiabatic processes: This statement contradicts
the Second Law of Thermodynamics. An adiabatic process is one with no heat exchange with
the surroundings, making the system isolated in terms of heat. The Second Law states that
for any spontaneous process in an isolated system, the total entropy must increase or, in the
limit of a reversible process, remain constant. Mathematically, AS;so1ated = 0. Therefore,
entropy cannot decrease in a spontaneous adiabatic process. This statement is incorrect.

(C) Entropy production is irreversible: Entropy can be transferred (with heat) or
produced (due to irreversibilities). Entropy production (or generation) is always positive for
any real (irreversible) process and zero for a reversible process. This is a key aspect of the
Second Law. So, this statement is correct.

(D) Entropy measures energy dispersal: This is a modern and intuitive interpretation of
entropy. A system with higher entropy has its energy spread out or dispersed over more
available microstates. This concept helps explain why heat flows from hot to cold
spontaneously. This statement is correct.

Step 3: Final Answer:

The incorrect statement is that entropy decreases in spontaneous adiabatic processes.
According to the Second Law, it must increase for such processes.

Q Quick Tip

Remember the core statement of the Second Law for isolated systems: AS > 0. Spon-
taneous processes are irreversible, meaning AS > 0. A reversible process in an isolated
system would have AS = 0. A decrease in entropy (AS < 0) is only possible for non-
spontaneous processes or for a subsystem that is not isolated (i.e., it is exporting en-
tropy to its surroundings).

5. If the vapour pressure at two temperatures of a solid phase in equilibrium with
its liquid phase is known, then the latent heat of fusion can be calculated by the:
(A) Nernst Heat Theorem



(B) Maxwell’s equation
(C) Van Laar equation
(D) Clayperon-Claussius equation

Correct Answer: (D) Clayperon-Claussius equation

Solution:

Step 1: Understanding the Concept:

The question asks for a thermodynamic relationship that connects vapor pressure,
temperature, and latent heat of fusion. This involves phase equilibria. The
Clausius-Clapeyron (or Clayperon-Claussius) equation is central to describing the relationship
between pressure and temperature along a phase boundary.

Step 2: Detailed Explanation:

Let’s examine the options and the problem statement carefully:

- The problem describes knowing vapor pressures. The Clausius-Clapeyron equation
relates the vapor pressure (p) of a substance to its temperature (T) and its latent heat of
vaporization (AH,gp) or sublimation (AHg,,). The integrated form is:

| P AH (1 1
n — e — RN —
P R \1Ty Ty

- The question asks for the latent heat of fusion (AHy,s). At the triple point, a substance
can exist as a solid, liquid, and gas in equilibrium. The latent heats are related by Hess’s law:

AI—Isub - AI{fus + AI_—’vap

- The question states ”vapour pressure... of a solid phase in equilibrium with its liquid
phase”. This is slightly confusingly worded. It likely means we have vapor pressure data for
the solid-gas (sublimation) curve and the liquid-gas (vaporization) curve near the melting
point. - Using the Clausius-Clapeyron equation with vapor pressure data for the solid, we can
find AHg,p. - Using the Clausius-Clapeyron equation with vapor pressure data for the liquid,
we can find AHyqp. - Then, we can calculate the latent heat of fusion using the relation:
AI—Ifus = AHgup — AHfuap

Therefore, the Clausius-Clapeyron equation is the essential tool needed.

- Nernst Heat Theorem is a precursor to the Third Law of Thermodynamics.

- Maxwell’s equations in thermodynamics are relations between second derivatives of
thermodynamic potentials.

- Van Laar equation is used to model activity coefficients in liquid mixtures.

Step 3: Final Answer:

The Clayperon-Claussius (Clausius-Clapeyron) equation is the correct choice as it allows
calculation of latent heats from vapor pressure data, from which the latent heat of fusion can
be derived.

9 Quick Tip

The Clapeyron equation (dP/dT = AH/(TAV)) is the general form for any phase
transition. The Clausius-Clapeyron equation is a simplified version for solid-gas and
liquid-gas equilibria, assuming the vapor behaves as an ideal gas and the volume of the
condensed phase is negligible.




6. The theoretical minimum work required to separate one mole of a liquid
mixture at 1 atm, containing 50 mole % each of n-heptane and n-octane into pure
compounds, each at 1 atm, is:

(A)-2 RT In 0.5

(B) 2 RT

(C)-RT In 0.5

(D) 0.5 RT

Correct Answer: (A) -2 RT In 0.5

Solution:

Step 1: Understanding the Concept:

The process of mixing ideal solutions is spontaneous, resulting in a decrease in Gibbs free
energy (AGpmiz < 0). The separation process is non-spontaneous and requires work input.
The theoretical minimum work required for separation is equal to the negative of the Gibbs
free energy of mixing.

Step 2: Key Formula or Approach:

The Gibbs free energy of mixing (AG),iz) for an ideal solution is given by:

AGpmiz = Niotal BT Z z;lnz;
7

where 14444 18 the total number of moles, R is the ideal gas constant, T is the absolute
temperature, and z; is the mole fraction of component i.
The minimum work of separation (W) is:

Wmin - _AGmix

Step 3: Detailed Explanation:

Given values are:

- Total moles of mixture, nsy, = 1 mole

- Mole fraction of n-heptane, x; = 0.50 (50 mole %)
- Mole fraction of n-octane, o = 0.50 (50 mole %)
First, calculate the Gibbs free energy of mixing:

AGmiz = (1)RT(z1Inz1 + 22 Inx9)
AGmiz = RT(0.5100.5 + 0.51n0.5)
AGymiz = RT(2 x 0.51n0.5)
AGpiz = RT'In0.5

Since In 0.5 is negative, AG,;, is negative, as expected for a spontaneous process.
Now, calculate the minimum work of separation:
Winin = —AGnpiz = —(RT'In0.5) = —RT'In0.5

This calculated result matches option (C).
Justification for the Marked Answer:



The provided answer key indicates option (A) —2RT In0.5. This result is exactly double the
standard thermodynamic result (—R7 In0.5). There might be an unconventional definition or
a typo in the question or the answer key. One possibility is a misinterpretation of the formula
for the entropy of mixing, which sometimes leads to confusion. However, based on the
standard definition of Gibbs energy of mixing, the calculated answer is —R7T' In0.5. To obtain
—2RT 1In 0.5, the Gibbs energy of mixing would have to be 2RT In 0.5, which is not standard.
Following the provided key, we select (A). Note that —2RT'In0.5 = —2RT'In(1/2) = 2RT In 2,
a positive value, which is physically correct for work input. Similarly, —RT In0.5 = RT' In2 is
also positive.

Step 4: Final Answer:

Following the provided answer key, the correct answer is —2R7T'In 0.5, acknowledging a
discrepancy with the standard formula.

9 Quick Tip

Always remember that the work required for separation must be a positive quantity.
Since In(x) is negative for # < 1, expressions like —RT In(x) will be positive. Be cau-
tious with exam questions that might have typos or follow non-standard conventions.
The standard formula for 1 mole of a binary mixture is Wy, = —RT(z1Inz; +
xoInxg).

7. Design an approach to estimate the activity coefficient of a component in a
non-ideal liquid mixture:

(A) Use the ideal gas law

(B) Apply the Gibbs-Duhem equation with experimental data

(C) Assume it equals mole fraction

(D) Use the Second Law only

Correct Answer: (B) Apply the Gibbs-Duhem equation with experimental data

Solution:

Step 1: Understanding the Concept:

Activity coefficients () are used to account for the deviation of a real mixture from ideal
behavior. The activity (a;) of a component is related to its mole fraction (z;) by a; = 7;z;. For
an ideal solution, 7; = 1. The question asks for a valid method to determine these coefficients.
Step 2: Detailed Explanation:

Let’s evaluate the given options:

(A) Use the ideal gas law: The ideal gas law applies to gases, not to describing
non-idealities in liquid mixtures. This is incorrect.

(B) Apply the Gibbs-Duhem equation with experimental data: The Gibbs-Duhem
equation provides a thermodynamic relationship between the chemical potentials (and
therefore activities or activity coefficients) of all components in a mixture. For a binary
mixture at constant T and P, it is written as x1d(In~v1) + z2d(Invz) = 0. If we can
experimentally measure properties that give us v as a function of composition (e.g., from
vapor-liquid equilibrium data), we can integrate the Gibbs-Duhem equation to find 75. This is



a standard and powerful thermodynamic consistency test and calculation method. This is a
correct approach.

(C) Assume it equals mole fraction: Assuming v; = z; has no thermodynamic basis. The
definition of activity is a; = v;z;. Assuming v; = 1 would mean the solution is ideal, which
contradicts the premise of a non-ideal mixture. This is incorrect.

(D) Use the Second Law only: The Second Law of Thermodynamics is a very general
principle about entropy and spontaneity. While it underlies all of chemical thermodynamics,
it is not a direct computational tool for finding activity coefficients without more specific
relations like the Gibbs-Duhem equation. This is too general and thus incorrect.

Step 3: Final Answer:

The best approach among the options is to apply the Gibbs-Duhem equation in conjunction
with experimental data.

9 Quick Tip

The Gibbs-Duhem equation is crucial for checking the thermodynamic consistency of
experimental VLE (Vapor-Liquid Equilibrium) data and for calculating the activity
coefficient of one component when the other is known.

8. Which of the following equation must be perfunctorily satisfied while dealing
with fluid flow problems?

(A) Newton’s third law

(B) Law of conservation of momentum

(C) Continuity equation

(D) Newton’s second law

Correct Answer: (C) Continuity equation

Solution:

Step 1: Understanding the Concept:

The question asks for the equation that must be satisfied as a routine or fundamental
requirement in any fluid flow problem. This points to the most basic conservation law
applicable to fluid motion.

Step 2: Detailed Explanation:

In fluid mechanics, three fundamental physical principles are always considered: 1.
Conservation of Mass: This principle states that mass cannot be created or destroyed. In
fluid mechanics, this is expressed by the Continuity Equation. For any control volume, the
net rate of mass flowing in must equal the rate of accumulation of mass within the volume. It
is the most fundamental equation and must be satisfied by every flow. 2. Conservation of
Momentum (Newton’s Second Law): This states that the rate of change of momentum
of a fluid particle is equal to the sum of the forces acting on it. This leads to the momentum
equation (e.g., Euler’s equation for inviscid flow or the Navier-Stokes equations for viscous
flow). While fundamental, its application can be complex. 3. Conservation of Energy
(First Law of Thermodynamics): This leads to the energy equation, which accounts for
heat transfer and work done.



The term "perfunctorily” suggests a routine, indispensable check. The continuity equation
(conservation of mass) is the most basic and universal constraint that any velocity field must
satisfy, making it the first and most perfunctory requirement.

- Newton’s third law (action-reaction) is implicit in the derivation of the momentum
equation but isn’t an equation solved directly for the flow field. - Law of conservation of
momentum and Newton’s second law are essentially the same principle for fluids and are
fundamental, but the continuity equation is arguably more primary.

Step 3: Final Answer:

The Continuity Equation, representing the conservation of mass, must be satisfied in all fluid
flow problems.

Q Quick Tip

Think of the hierarchy of fluid dynamics equations. The continuity equation (mass
balance) is the starting point. The momentum equation (force balance) describes the
cause of motion. The energy equation (energy balance) is needed when thermal effects
are important. Mass conservation is always the first constraint.

9. 1 mole of Argon gas is heated at constant pressure from 200K to 600K, If
Cp =4 Cal.deg'mol*, then the change in entropy will be: (Given In 3 = 1.09)
(A) 4.36 Cal.deg!-mol*
(B) 2.76 Cal.deg!-mol*
(C) 3.34 Cal.deg!-mol*
(D) 5.39 Cal.deg!-mol*

Correct Answer: (A) 4.36 Cal.deg®-mol*

Solution:

Step 1: Understanding the Concept:

This problem requires the calculation of the change in entropy (AS) for a substance
undergoing a change in temperature at constant pressure. Argon is an ideal monatomic gas,
and its heat capacity is given as constant.

Step 2: Key Formula or Approach:

The change in entropy for a process at constant pressure is given by the integral:

T
2nC
AS = —Pqr
s /T -

If the heat capacity C), is constant over the temperature range, the formula simplifies to:

T

AS =nC,ln (ﬁ)

The question asks for the molar entropy change, so we can set n=1.
Step 3: Detailed Explanation:

Given values are:

- Number of moles, n = 1 mole

10



- Molar heat capacity at constant pressure, C, = 4 Cal.deg'mol* (Note: deg® is equivalent to
K?)

- Initial temperature, 77 = 200 K

- Final temperature, 75 = 600 K

- Value of In(3) = 1.09

Substitute the values into the simplified formula for one mole:

Ty
AS = Op IIl (E)

600 K
AS =4 CalK'mol' x In | ——
S Cal.K*mol* x In (200 K)
AS =4 x In(3)
Using the given value In(3) = 1.09:
AS =4 x1.09

AS = 4.36 Cal. K'mol?

Step 4: Final Answer:
The change in entropy is 4.36 Cal.deglmol!.

¢ Quick Tip

Remember the two main formulas for entropy change with temperature: AS =
nCyIn(T5/T1) for constant pressure processes and AS = nC, In(T>/T}) for constant
volume processes. Make sure you use the correct heat capacity (Cp or C,) based on the
process conditions.

10. The change in enthalpy of a system is related to the heat absorbed at a:
(A) Constant volume

(B) Constant temperature

(C) Constant mole fraction

(D) Constant pressure

Correct Answer: (D) Constant pressure

Solution:

Step 1: Understanding the Concept:

This question relates to the definition and physical significance of the thermodynamic
property enthalpy (H). Enthalpy is a state function defined to be particularly useful for
analyzing processes occurring at constant pressure.

Step 2: Key Formula or Approach:

The definition of enthalpy is H = U + PV, where U is internal energy, P is pressure, and V is
volume.

The first law of thermodynamics states dU = d@Q + dW. For a simple compressible system
undergoing a reversible process, dW = —PdV, so dU = dQ — PdV.

11



Step 3: Detailed Explanation:
Let’s start with the differential form of the enthalpy definition:

dH = dU + d(PV)
Using the product rule, d(PV') = PdV + VdP.

dH = dU + PdV + VdP

Now, substitute the expression for dU from the first law into this equation:

dH = (dQ — PdV') + PdV + VdP
The —PdV and +PdV terms cancel out:

dH = dQ + VdP

This is a general relation. Now, consider the specific condition of a constant pressure process.
If the pressure is constant, then dP = 0. The equation simplifies to:

dH = dQ,

where the subscript 'p’ denotes that heat is transferred at constant pressure.

Thus, the change in enthalpy (AH) is equal to the heat absorbed or released (@) during a
constant-pressure process.

For a constant volume process, from the first law, dU = d@,, so the change in internal energy
equals the heat absorbed at constant volume.

Step 4: Final Answer:

The change in enthalpy of a system is equal to the heat absorbed at constant pressure.

9 Quick Tip

A simple way to remember the relationship is: Enthalpy (H) is for heat at constant
Pressure (P), while Internal Energy (U) is for heat at constant Volume (V). The let-
ters don’t match, but the concepts are paired. AH = @), and AU = Q.

11. If in a combustion, 4kg of organic compound gives 11kg of CO, the
percentage of carbon in the compound will be _____

(A) 50

(B) 75
(C) 25
(D) 60
Correct Answer: (B) 75

Solution:

Step 1: Understanding the Concept:

This is a stoichiometry problem based on the law of conservation of mass. During the
combustion of an organic compound, all the carbon (C) present in the original compound is

12



converted into carbon dioxide (CO). By finding the mass of carbon in the CO produced, we
can determine the mass of carbon in the initial compound.
Step 2: Key Formula or Approach:
1. Find the mass fraction of carbon in CO using molar masses. 2. Calculate the total mass of
carbon in the 11 kg of CO produced. 3. Calculate the percentage of carbon in the original
organic compound.

Mass of Carbon

Percentage of Carbon = 100
creettage ot Larbol = mtal Mass of Compound 100

Step 3: Detailed Explanation:

Part 1: Find the mass fraction of carbon in CO.

- Atomic mass of Carbon (C) ~ 12 u.

- Atomic mass of Oxygen (O) =~ 16 u.

- Molar mass of CO = (mass of C) + 2 x (mass of O) =12 4+ 2 x 16 = 12 4 32 = 44 u.
The fraction of mass in CO that is carbon is:

Molar mass of C 12 3

Molar mass of COy 4 11

Part 2: Calculate the mass of carbon produced.

- Total mass of CO produced = 11 kg.

- Mass of carbon in the produced CO = (Total mass of CO) x (Mass fraction of C).

Mass fraction of C =

3
Massoszllkgxﬁ:?)kg

Part 3: Calculate the percentage of carbon in the original compound.

- According to the conservation of mass, the 3 kg of carbon must have come from the original
organic compound.

- Mass of the organic compound = 4 kg.

Mass of Carbon

P t f bon = 1
ercentage of Carbon Mass of Compound x 100%
3k
Percentage of Carbon = 4_kg x 100% = 0.75 x 100% = 75%
g

Step 4: Final Answer:
The percentage of carbon in the compound is 75%.

9 Quick Tip

In combustion analysis problems, remember the conservation of elements. All Carbon
goes to CO, all Hydrogen goes to HO, etc. Knowing the mass ratios within these prod-
ucts (like C in CO is 12/44) is a quick way to solve these problems.

12. Why is the equilibrium constant (K) temperature-dependent?
(A) Because AG° depends on T

(B) Because pressure affects K

13



(C) Because entropy is temperature-independent
(D) Because fugacity coefficients change with T

Correct Answer: (A) Because AG° depends on T

Solution:

Step 1: Understanding the Concept:

The equilibrium constant (K) is a measure of the extent to which a reaction proceeds at
equilibrium. Its dependence on temperature is one of the most important principles in
chemical thermodynamics, described by the van 't Hoff equation. The question asks for the
fundamental reason for this dependence.

Step 2: Key Formula or Approach:

The relationship between the standard Gibbs free energy change (AG®) and the equilibrium
constant (K) is:

AG°=—-RTIn K

Furthermore, the standard Gibbs free energy change is defined in terms of standard enthalpy
(AH®) and standard entropy (AS®°) changes:

AG® = AH® —TAS®

Step 3: Detailed Explanation:
Let’s analyze the relationship. From AG° = —RT'In K, we can see that K is related to AG°
and T.
The reason K depends on temperature is fundamentally because AG® itself is a function of
temperature. As shown by the equation AG° = AH® — TAS°, the Gibbs free energy changes
linearly with temperature (assuming AH° and AS° are approximately constant).
Because AG® changes with T, and K is directly related to AG°, K must also change with T.
Combining the two equations gives the van 't Hoff equation, which explicitly shows the
temperature dependence:

AG° AH® —TAS® AH® AS°

InK =— = = — -

RT RT RT R
This equation clearly shows that In K is a function of T'. Therefore, statement (A) is the most
direct and fundamental reason.
Let’s look at the other options:
(B) Pressure does not affect the thermodynamic equilibrium constant K, although it can shift
the position of equilibrium (Le Chatelier’s principle).
(C) Entropy is fundamentally temperature-dependent (dS = dQye,/T"). This statement is
incorrect.
(D) Fugacity coefficients are related to non-ideal gas behavior. While they are
temperature-dependent, the temperature dependence of K is a more fundamental concept
that exists even for ideal systems where fugacity coefficients are unity.
Step 4: Final Answer:
The equilibrium constant (K) is temperature-dependent because the standard Gibbs free
energy change (AG°) is a function of temperature.

14



9 Quick Tip

Remember the key linking equation: AG® = —RT'In K. This immediately shows that
K depends on T and AG®. Since AG® itself depends on T (AG® = AH® — TAS®),
the dependence of K on T is fundamental. The van 't Hoff equation describes precisely
how K changes with T.

13. Filter aids are added to the slurry prior to filtration in order to form
(A) Compact cakes of low porosity

(B) Cakes of increased porosity

(C) Crystalline cakes

(D) Baked cake

Correct Answer: (B) Cakes of increased porosity

Solution:

Step 1: Understanding the Concept:

Filtration is a process used to separate solids from fluids (liquids or gases) by interposing a
medium through which only the fluid can pass. The solid that accumulates on the filter is
called the filter cake. The rate of filtration depends on the resistance to flow, which includes
the resistance of the filter medium and the filter cake.

Step 2: Detailed Explanation:

Some slurries contain very fine or gelatinous solids. When these are filtered, they form a
dense, slimy, and relatively impermeable filter cake. This ”compact cake of low porosity”
offers very high resistance to the flow of the filtrate, making the filtration process extremely
slow or even impossible.

To overcome this problem, filter aids are used. Filter aids are granular or fibrous solids (like
diatomaceous earth, perlite, or cellulose) that have a rigid and highly porous structure. They
are added to the slurry before filtration (a technique called body feed).

When the slurry containing the filter aid is filtered, the filter aid particles co-deposit with the
fine solid particles. The rigid structure of the filter aid prevents the fine particles from
packing tightly together. The result is a combined filter cake that is much more porous and
less compressible than the cake formed from the solids alone.

- Cakes of increased porosity have a more open structure, creating channels through
which the liquid can flow more easily. This significantly reduces the resistance of the filter
cake and increases the rate of filtration.

- Option (A) is the problem that filter aids are meant to solve, not the result.

- Options (C) and (D) are irrelevant to the function of filter aids.

Step 3: Final Answer:

Filter aids are used to form cakes of increased porosity, thereby reducing filtration resistance
and increasing flow rate.
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9 Quick Tip

The primary goal of using a filter aid is to increase permeability (or decrease resis-
tance) of the filter cake. This is achieved by creating a more porous and rigid cake
structure. Common filter aids include diatomaceous earth (DE) and perlite.

14. Pick the best difference between mixing and blending.

(A) Mixing can only be done for a solid-solid system, while blending is done for solid-liquid
mixture

(B) Mixing is done for liquid-liquid, gas-liquid and solid-liquid systems, while blending is done
for solid-solid mixture

(C) Blending is done for liquid-liquid and gas-liquid systems, while mixing is done for
solid-solid mixture

(D) Mixing is done for liquid-liquid and gas-liquid systems, while blending is done for
solid-solid mixture

Correct Answer: (B) Mixing is done for liquid-liquid, gas-liquid and solid-liquid systems,
while blending is done for solid-solid mixture

Solution:

Step 1: Understanding the Concept:

In chemical and process engineering, the terms 'mixing’ and 'blending’ describe processes for
combining materials. While often used interchangeably in everyday language, they have more
specific technical meanings that distinguish the types of materials involved and the intensity
of the operation.

Step 2: Detailed Explanation:

Let’s analyze the typical technical distinction:

- Mixing: This is a broader term that generally refers to the homogenization of dissimilar
materials. It is often used for processes that involve at least one fluid phase (liquid or gas)
and may require significant energy input to create shear and break down agglomerates or
disperse one phase into another. Examples include dissolving a solid in a liquid (solid-liquid
mixing), creating an emulsion of two immiscible liquids (liquid-liquid mixing), or bubbling a
gas through a liquid (gas-liquid mixing).

- Blending: This term is more specifically and commonly used for the gentle combination of
dry, solid materials (powders, granules). The goal is to achieve a uniform distribution of the
components without causing significant particle size reduction or phase change. An example
is combining different types of powders in a V-blender or a ribbon blender.

Now let’s evaluate the options based on this distinction:

(A) Incorrect. This is the reverse of the common definition.

(B) Correct. This option accurately reflects the common technical usage: ”mixing” for
systems involving fluids (liquid-liquid, gas-liquid, solid-liquid) and ”blending” for solid-solid
systems.

(C) Incorrect. This is also the reverse of the common definition.

(D) This option appears to be a duplicate of (C) in the OCR text and is also incorrect.
Step 3: Final Answer:
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The best distinction is that mixing is typically for fluid-based systems, while blending is for
solid-solid systems.

Q Quick Tip

A simple way to remember the difference: think of a kitchen blender. It uses high
shear to "mix” solids and liquids into a smoothie. For solids, like combining flour and
sugar, you might gently ”"blend” them with a whisk. In industry, blending is the gentle
combination of powders, while mixing is the more energetic combination involving flu-

ids.

15. For transportation of boiler ash, which one of the following conveyors will be
useful?

(A) Belt Conveyor

(B) Screw Conveyor

(C) Pipe Conveyor

(D) Bucket elevator

Correct Answer: (B) Screw Conveyor

Solution:

Step 1: Understanding the Concept:

The question asks for a suitable conveyor for boiler ash. To answer this, we must consider the
properties of boiler ash and match them with the characteristics of different types of
conveyors.

Properties of Boiler Ash:

- Abrasive: It can cause wear and tear on equipment. - Dusty /Fine Particles: It can
easily become airborne, causing environmental and health hazards. - Potentially Hot: Ash
coming directly from the boiler can be at a high temperature.

Step 2: Detailed Explanation:

Let’s evaluate the suitability of each conveyor type:

(A) Belt Conveyor: This consists of an open, moving belt. It is not ideal for boiler ash
because the fine, dusty material can easily be blown off by wind, creating a mess and a health
hazard. Also, hot ash can damage the rubber or polymer belt.

(B) Screw Conveyor (Auger Conveyor): This conveyor uses a rotating helical screw
blade (an auger) within a tube or trough to move material. - Enclosed System: The tube
or trough completely encloses the ash, preventing dust from escaping. This is a major
advantage. - Robust Construction: They can be built from heavy-duty, abrasion-resistant
metals to handle abrasive materials. - Heat Tolerance: Metal construction allows them to
handle materials at higher temperatures than a standard belt conveyor. For these reasons,
screw conveyors are very commonly used for handling boiler ash.

(C) Pipe Conveyor: This is a special type of belt conveyor where the belt folds into a
circular pipe shape after the loading point, enclosing the material. It is good for dust
containment, but as a belt-based system, it may still have limitations with very high
temperatures. It is a viable but perhaps less common option than a screw conveyor for this
specific application.
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(D) Bucket Elevator: This conveyor is designed for lifting materials vertically. While it
might be part of a larger ash handling system, it is not used for general horizontal
transportation.

Step 3: Final Answer:

Considering the enclosed nature, robustness, and ability to handle abrasive and dusty
materials, the screw conveyor is a very useful and common choice for transporting boiler ash.

9 Quick Tip

When selecting equipment for solids handling, always consider the material’s proper-
ties: particle size, abrasiveness, temperature, dustiness, and flowability. For dusty and
abrasive materials like ash or cement, enclosed systems like screw conveyors or pneu-
matic conveyors are often preferred over open systems like belt conveyors.

A) rotor to fluid
fluid to rotor

)

)
C) draft to rotor
D) rotor to draft

Correct Answer: (A) rotor to fluid

Solution:

Step 1: Understanding the Concept:

This question asks about the fundamental working principle of a centrifugal pump,
specifically the direction of energy transfer. A pump is a device that adds energy to a fluid.
Step 2: Detailed Explanation:

A centrifugal pump is a type of rotodynamic machine. Its operation involves the following
steps: 1. A motor or engine provides mechanical energy to the pump’s shaft, causing it to
rotate. 2. The rotating shaft is connected to an impeller, which is the main rotating part, or
rotor, inside the pump casing. 3. As the impeller rotates, it spins the fluid that enters it. The
rotating vanes of the impeller exert a force on the fluid, pushing it outwards at high velocity.
4. This process transfers kinetic energy from the moving solid parts (the rotor/impeller) to
the fluid. 5. The high-velocity fluid then flows into the pump casing (volute), where its
velocity is decreased, and the kinetic energy is converted into pressure energy (head).
Therefore, the primary energy transfer is from the mechanical motion of the rotor to the fluid,
increasing the fluid’s total energy (kinetic 4+ potential/pressure).

- Option (B) fluid to rotor describes a turbine, where the moving fluid does work on a rotor to
extract energy. - Options (C) and (D) are incorrect as "draft” is not the primary component
involved in this energy transfer.

Step 3: Final Answer:

Centrifugal pumps transfer energy from the rotor (impeller) to the fluid.
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9 Quick Tip

Remember the basic function of pumps and turbines. Pumps put energy IN: Rotor —
Fluid. Turbines take energy OUT: Fluid — Rotor. A centrifugal pump uses a spinning
impeller (rotor) to throw the fluid outwards, giving it energy.

17. Which of the following is true, when operating speed is less than critical speed?
(A) Bold grinding

(B) Effective grinding

(C) No grinding

(D) Best grinding

Correct Answer: (C) No grinding

Solution:

Step 1: Understanding the Concept:

The question refers to the operation of a ball mill, which is used for grinding materials. The
effectiveness of grinding depends on the rotational speed of the mill relative to its ”critical
speed”.

The critical speed is the theoretical rotational speed at which the grinding media (e.g., balls)
would centrifuge, meaning they would stick to the inner surface of the mill due to centrifugal
force and would not fall back down to cause grinding.

Step 2: Detailed Explanation:

Let’s analyze the behavior of the grinding media at different speeds:

e Low Speed (Less than critical speed): If the mill rotates too slowly, the balls will
just slide or roll over each other at the bottom of the mill. They do not get lifted high
enough to create the cascading and cataracting motion required for effective impact and
attrition grinding. This results in very little or no grinding action. The term ”bold
grinding” is not a standard term, and ”effective” or "best” grinding occurs at an optimal
speed, not a very low speed. Therefore, at speeds significantly less than the critical
speed, there is essentially no grinding.

e Optimal Speed (Typically 65-75% of critical speed): At this speed, the balls are
carried up the side of the mill and then tumble back down in a cascading or cataracting
motion. This creates the maximum impact and attrition forces needed for efficient
grinding. This is where "effective” or "best” grinding occurs.

e At or Above Critical Speed: The centrifugal force overcomes gravity, and the balls
are pinned against the mill’s inner wall. They rotate with the mill without falling, and
no grinding occurs.

The question asks what happens when the operating speed is "less than critical speed”. While
optimal grinding occurs at a speed that is also less than critical, a very low speed (which is
also "less than critical speed”) results in no effective grinding action. Among the given
options, ”No grinding” is the most accurate description for very low operational speeds. The
checkmark in the provided image points to ”No grinding,” suggesting the question implies a
speed too low for the grinding action to initiate.
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Step 3: Final Answer:

When the operating speed is significantly less than the critical speed, the grinding media do
not achieve the necessary cataracting motion for impact grinding. They merely slide or roll at
the bottom, leading to negligible or no grinding. Hence, the correct option is (C).

Q Quick Tip

Remember the relationship between mill speed and grinding efficiency. The optimal
speed for most ball mills is a percentage of the critical speed (around 70%). Speeds
that are too low or too high (at or above critical) are ineffective for grinding.

18. What is the term for the ratio of the actual flow rate to the maximum rated flow rate of a
flow meter?

(A) Repeatability

(B) Linearity

(C) Turndown ratio

(D) Accuracy

Correct Answer: (C) Turndown ratio

Solution:

Step 1: Understanding the Concept:

The question asks for a specific performance metric of a low meter. Each option represents a
different characteristic of an instrument’s performance.

e Accuracy: How close a measured value is to the true value.

e Repeatability: The ability of an instrument to give the same output for repeated
inputs under the same conditions.

e Linearity: How well the instrument’s output follows a straight-line relationship with the
input.

e Turndown Ratio (or Rangeability): The range over which a flow meter can
accurately measure the flow. It is defined as the ratio of the maximum measurable flow
rate to the minimum measurable flow rate, within a specified accuracy.

Step 2: Detailed Explanation:

The question asks for the ratio of the actual flow rate to the mazimum rated flow rate. This
phrasing is slightly different from the standard definition of turndown ratio. The standard
definition is:

Maximum Measurable Flow Rate

Turnd Ratio =
HERAOWI a0 = A nimum Measurable Flow Rate

However, let’s re-examine the options in the context of the question’s wording. The question
as stated ("ratio of the actual flow rate to the maximum rated flow rate”) does not perfectly
match any standard definition. It seems there might be a misunderstanding in the question’s
phrasing. A more likely intended question is about the concept that defines the operational
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range of the meter. The turndown ratio is the key concept that defines this range. It indicates
the breadth of flow rates a meter can handle effectively. For example, a meter with a 10:1
turndown ratio can measure flow accurately from 100% down to 10% of its maximum capacity.
Given the options, " Turndown ratio” is the only term related to the range of flow rates a
meter can handle, which involves the maximum and minimum flow rates. The other terms
describe different aspects of measurement quality. The provided solution indicates ” Turndown
ratio,” supporting the idea that the question is about the operational range of the flow meter,
despite the slightly imprecise wording.

Step 3: Final Answer:

The turndown ratio defines the usable range of a flow meter, expressed as a ratio of the
maximum to the minimum flow rate it can measure accurately. This is the concept being
tested. Therefore, the correct option is (C).

)

Q Quick Tip

For instrumentation questions, clearly distinguish between accuracy, precision (repeata-
bility), linearity, and rangeability (turndown ratio). The turndown ratio is crucial for
selecting a meter that can handle the expected variations in flow rate for a specific ap-
plication.

19. Which among the following is an assumption of Hagen-Poiseuille equation?
(A) Fluid is uniform

(B) Fluid is laminar

(C) Fluid is turbulent

(D) Fluid is compressible

Correct Answer: (B) Fluid is laminar

Solution:

Step 1: Understanding the Concept:

The Hagen-Poiseuille equation is a fundamental equation in fluid dynamics that describes the
pressure drop of an incompressible and Newtonian fluid in laminar flow through a long
cylindrical pipe of constant cross-section.

Step 2: Key Formula or Approach:

The Hagen-Poiseuille equation is given by:

AP = 8“L4Q
wr
where:
AP is the pressure drop
i is the dynamic viscosity of the fluid
L is the length of the pipe
@ is the volumetric flow rate
r is the pipe radius
Step 3: Detailed Explanation:
The derivation of this equation relies on several key assumptions about the fluid and the flow

conditions:
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e Laminar Flow: The flow must be laminar (not turbulent). This is the most critical
assumption. The equation is derived from the balance of pressure and viscous forces,
which is characteristic of smooth, layered laminar flow. It is generally valid for a
Reynolds number (Re) less than 2100.

e Incompressible Fluid: The density of the fluid is assumed to be constant. This means
the equation is not applicable to gases undergoing significant pressure changes. So,
"Fluid is compressible” is incorrect.

e Newtonian Fluid: The fluid’s viscosity is constant and does not depend on the shear
rate.

e Steady Flow: The flow rate is constant over time.

e Fully Developed Flow: The velocity profile is assumed to be fully developed and
parabolic, which means the pipe must be long enough for entrance effects to be negligible.

e No Slip at the Walls: The fluid velocity at the pipe wall is zero.

From the options provided:

(A) ”Fluid is uniform” is vague, but typically this is covered by the incompressibility and
steady flow assumptions.

(B) ”Fluid is laminar” is a core and explicit assumption for the equation to be valid.

(C) ”Fluid is turbulent” is incorrect. For turbulent flow, different equations like the
Darcy-Weisbach equation with an empirical friction factor are used.

(D) "Fluid is compressible” is incorrect. The equation assumes an incompressible fluid.
Step 4: Final Answer:

The most important assumption for the validity of the Hagen-Poiseuille equation is that the
flow must be laminar. Therefore, the correct option is (B).

@ Quick Tip

Always associate the Hagen-Poiseuille equation with laminar, incompressible, steady
flow in a pipe. For turbulent flow, you must use the Darcy-Weisbach equation, which
relies on the Moody chart to find the friction factor.

20. While a propeller gives an axial liquid circulation pattern, a turbine gives __
(A) Lateral

(B) Parallel

(C) Axial

(D) Radial

Correct Answer: (D) Radial

Solution:

Step 1: Understanding the Concept:

The question compares the flow patterns generated by two common types of impellers used in
mixing tanks: propellers and turbines. The flow pattern is crucial for achieving the desired
mixing objective (e.g., blending, solid suspension, heat transfer).
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Step 2: Detailed Explanation:
Impellers are broadly classified based on the direction of flow they generate relative to the
impeller shaft.

e Axial Flow Impellers: These impellers generate flow parallel to the axis of the shaft.
Propellers are the classic example. They create a strong downward (or upward) current
that circulates through the entire tank, making them effective for blending and solid
suspension in tall tanks.

e Radial Flow Impellers: These impellers discharge fluid radially, moving it outwards
from the impeller towards the tank wall. The flow then moves up or down the wall and
returns to the center to be drawn into the impeller again. The most common type of
radial flow impeller is the Rushton turbine (a flat-bladed disk turbine). These impellers
are excellent for creating high shear and are used for gas dispersion and liquid-liquid
emulsification.

e Mixed Flow Impellers: Some impellers, like pitched-blade turbines, generate both
axial and radial flow components.

The question states that a propeller gives an axial flow pattern. It then asks for the flow
pattern given by a turbine. While there are different types of turbines (pitched-blade turbines
create mixed flow), the standard, unqualified term ”turbine” in this context usually refers to a
flat-blade or Rushton turbine, which is the archetypal radial low impeller.

Step 3: Final Answer:

A propeller is an axial flow impeller. A standard flat-blade turbine is a radial flow impeller,
discharging fluid outwards towards the tank wall. Therefore, the correct answer is (D) Radial.

@ Quick Tip

To remember impeller flow patterns, visualize the fluid’s path. Axial = Along the axis
(like a fan). Radial = Radiating outwards from the center (like a spinning sprinkler).
Propellers are axial; Rushton turbines are radial.

21. In S.I. system, the unit of filter medium resistance is

Correct Answer: (D) m™!

Solution:

Step 1: Understanding the Concept:

The question asks for the SI unit of filter medium resistance (R,,). This quantity appears in
the fundamental filtration equation, which relates the flow rate of filtrate to the pressure drop
across the filter cake and the filter medium.

Step 2: Key Formula or Approach:
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The general filtration equation for constant pressure filtration is often written as:

v AP
Adt ~ pu(Re+ Ry)

where:

% = Volumetric flow rate of filtrate (m?3/s)

A = Filter area (m?)

,il&_gzt = Filtrate flux or velocity, u (m/s)

AP = Pressure drop across the filter (Pa or N/m? or kg/(m-s?))

p = Viscosity of the filtrate (Pa-s or kg/(m-s))

R. = Resistance of the filter cake

R,, = Resistance of the filter medium

Step 3: Detailed Explanation:

To find the unit of R,,, we can rearrange the equation and perform a dimensional analysis.
The units of cake resistance (R.) and medium resistance (R,,) are the same. Let’s analyze the
units of the term - Ry, which must have the same units as the pressure drop (AP) divided
by the flux (u). A

) Units of AP

Units of (1- Rp,) = Units of o

Let’s substitute the SI units for each term:

Pa _N/mz_N-s
m/s m/s  m3

Units of (1 - Rp,) =

Now, we know the unit of viscosity, u, is Pa-s or N-s/m?. We can now solve for the units of

R,,:
Units of Ry, = Units of (u fim)

Units of
) _(%)_N~S mz_l_ 1
Umtsome—<%)_ 3 .N'S_B_m

Step 4: Final Answer:
The dimensional analysis shows that the SI unit for filter medium resistance (R,,) is inverse
meters, or m~1. Therefore, the correct option is (D).

@ Quick Tip

When faced with a question about units, start with the fundamental formula that con-
tains the term. Isolate the term and perform a dimensional analysis using the base SI
units for all other quantities in the equation.

22. Surging is a phenomenon associated with:
(A) Reciprocating pumps

(B) Centrifugal compressors

(C) Gear pumps

(D) Diaphragm pumps
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Correct Answer: (B) Centrifugal compressors

Solution:

Step 1: Understanding the Concept:

Surging is a dangerous aerodynamic instability that can occur in dynamic compressors, such
as centrifugal and axial compressors. It is a condition of flow reversal where the fluid
periodically flows backward through the compressor.

Step 2: Detailed Explanation:

e How Surging Occurs: A centrifugal compressor increases the pressure of a fluid by
imparting kinetic energy (velocity) and then converting it into potential energy
(pressure) in a diffuser. Surging happens when the discharge pressure is too high for the
compressor to overcome, causing the flow to stall and temporarily reverse direction.
When the flow reverses, the pressure in the discharge line drops, allowing the compressor
to re-establish forward flow. This cycle of flow reversal and recovery can repeat rapidly,
causing violent pressure and flow oscillations.

e Consequences: This phenomenon is characterized by loud banging noises and severe
vibrations. It can cause significant mechanical damage to the compressor’s bearings,
seals, and impellers, and can disrupt the entire process.

e Associated Equipment: Surging is specific to dynamic compressors (centrifugal and
axial) because their operation depends on the dynamic interaction between the fluid and
the rotating blades. It does not occur in positive displacement machines like
reciprocating pumps, gear pumps, or diaphragm pumps. These pumps work by trapping
a fixed volume of fluid and forcing it into the discharge pipe, so their flow rate is less
sensitive to the discharge pressure (though over-pressurization can cause other types of
failure).

Step 3: Final Answer:
Surging is a characteristic instability of dynamic compressors. Among the given options, only
centrifugal compressors fall into this category. Therefore, the correct option is (B).

9 Quick Tip

Remember the key difference: Dynamic machines (like centrifugal compres-
sors/pumps) are prone to instabilities like surging (for compressors) and cavitation (for
pumps). Positive displacement machines (like reciprocating/gear pumps) are not
prone to surging but can generate very high pressures if the discharge is blocked.

23. What type of filtration relies on gravity to pull liquid through the filter medium?
(A) Vacuum filtration

(B) Centrifugal filtration

(C) Gravity filtration

(D) Pressure filtration

Correct Answer: (C) Gravity filtration
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Solution:

Step 1: Understanding the Concept:

Filtration is the process of separating solids from a fluid (liquid or gas) by passing the
mixture through a porous medium that retains the solids but allows the fluid to pass through.
The driving force for the fluid to pass through the medium can be of different types.

Step 2: Detailed Explanation:

The question asks to identify the type of filtration where gravity is the driving force. Let’s
analyze the options:

e (A) Vacuum filtration: In this method, a vacuum is applied to the downstream side of

the filter medium. This creates a pressure differential across the medium, which pulls the
liquid through much faster than gravity alone.

e (B) Centrifugal filtration: Here, the slurry is spun at high speeds in a centrifuge. The

centrifugal force acts as the driving force, forcing the denser liquid through the filter
medium lining the centrifuge basket, leaving the solids behind.

e (C) Gravity filtration: This is the simplest form of filtration. The driving force is the

hydrostatic head of the slurry above the filter medium. The force of gravity pulls the
liquid down through the filter paper or cloth. This is a common laboratory technique for
simple separations but is generally slow.

e (D) Pressure filtration: In this method, pressure greater than atmospheric pressure is

applied to the slurry on the upstream side of the filter medium. This applied pressure is
the primary driving force that pushes the liquid through the medium.

Step 3: Final Answer:
The type of filtration that explicitly relies on the force of gravity to move the liquid through
the filter is called gravity filtration. Therefore, the correct option is (C).

¢ Quick Tip

Identify the driving force for each filtration type: Gravity -; Gravity filtration. Pres-
sure above atmospheric -; Pressure filtration. Pressure below atmospheric
(vacuum) -; Vacuum filtration. Centrifugal force -; Centrifugal filtration.

24. Which one of the following is not a Newtonian fluid?
(A) Water
(B) Toothpaste

(C) Glycerol

(D) Alcohol

Correct Answer: (B) Toothpaste

Solution:

Step 1: Understanding the Concept:

The distinction between Newtonian and non-Newtonian fluids lies in how their viscosity
responds to shear stress.
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e Newtonian Fluid: A fluid whose viscosity remains constant regardless of the applied
shear stress or shear rate. The relationship between shear stress (7) and shear rate () is
linear: 7 = py, where p is the constant viscosity.

e Non-Newtonian Fluid: A fluid whose viscosity changes when shear stress is applied.
There are several types, including pseudoplastics (shear-thinning), dilatants
(shear-thickening), and Bingham plastics.

Step 2: Detailed Explanation:
Let’s analyze the options:

e (A) Water: Water is the classic example of a Newtonian fluid. Its viscosity is constant
(at a given temperature and pressure) regardless of how it is stirred or pumped.

e (B) Toothpaste: Toothpaste is a classic example of a Bingham plastic, which is a type
of non-Newtonian fluid. It behaves like a solid at low stresses (it doesn’t flow out of the
tube on its own) but flows like a liquid once a certain yield stress is exceeded (when you
squeeze the tube). Its viscosity decreases as the shear rate increases.

e (C) Glycerol: Glycerol is a highly viscous liquid, but it is a Newtonian fluid. Its
viscosity is high but constant with respect to shear rate.

e (D) Alcohol: Simple alcohols like ethanol or methanol are Newtonian fluids, similar to
water.

Step 3: Final Answer:

Water, glycerol, and alcohol are Newtonian fluids. Toothpaste is a non-Newtonian fluid
(specifically, a Bingham plastic) because its flow behavior depends on the applied stress.
Therefore, the correct option is (B).

@ Quick Tip

A simple real-world test for a non-Newtonian fluid is to see if its ”thickness” changes
when you stir it or let it sit. Think of ketchup or paint (shear-thinning) or toothpaste
(Bingham plastic). Simple liquids like water, oil, and alcohol are generally Newtonian.

25. The property of the fluid accounts for the major losses in pipes is
(A) density

(B) specific gravity

(C) viscosity

(D) compressibility

Correct Answer: (C) viscosity

Solution:

Step 1: Understanding the Concept:

”Major losses” in pipe flow refer to the energy loss (or pressure drop) due to friction between
the flowing fluid and the internal surface of the pipe. This is a continuous loss that occurs
along the entire length of the pipe.
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Step 2: Key Formula or Approach:
The major head loss (hy) is calculated using the Darcy-Weisbach equation:

LV?

hy=f D3y
where:
f is the Darcy friction factor
L is the pipe length
D is the pipe diameter
V' is the average fluid velocity
g is the acceleration due to gravity
The friction factor, f, is the key term that accounts for the frictional effects. Its value
depends on the flow regime (laminar or turbulent) and the pipe’s relative roughness. The flow
regime is determined by the Reynolds number (Re):

_pVD
i

where p is the fluid density and p is the fluid’s dynamic viscosity.
Step 3: Detailed Explanation:
Viscosity is a measure of a fluid’s internal resistance to flow, or its ”internal friction”.

Re

e In laminar flow, friction is caused by layers of fluid sliding over one another. This
sliding is resisted by the fluid’s viscosity. The friction factor is directly proportional to
viscosity (f = 64/Re = 64u/pV D).

e In turbulent flow, friction is a more complex phenomenon involving both viscous effects
at the pipe wall (in the viscous sublayer) and turbulent eddies in the bulk flow. Viscosity
still plays a fundamental role in creating the velocity profile and dissipating energy.

Let’s consider the other options:

e (A) Density (p): Density appears in the Reynolds number and in the kinetic energy
term (V2/2g). It is a factor in determining the magnitude of the losses, but it is not the
root cause of the frictional resistance itself. Viscosity is the property that causes the
friction.

e (B) Specific gravity: This is just the ratio of the fluid’s density to the density of
water, so it’s directly related to density and not the primary cause of friction.

e (D) Compressibility: This is important for gas flow at high velocities but is generally
negligible for liquids and is not the cause of frictional losses. Frictional losses occur even
in incompressible fluids.

Therefore, viscosity is the fundamental fluid property that accounts for the existence of
friction and thus the major losses in pipe flow.

Step 4: Final Answer:

The fluid property that represents internal friction and is the primary cause of major energy
losses in pipes is viscosity. Hence, the correct option is (C).
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9 Quick Tip

Remember that friction loss in pipes is all about resistance to flow. The fluid property
that defines resistance to flow is viscosity. Think of it as the "stickiness” of the fluid
that causes it to drag against the pipe wall.

26. If we have very small dp/di < 0.01, then we may use _____.
(A) Ergun Equation

(B) Kozeny Carman Equation

(C) Sieder Tate Equation

(D) Arrhenius Equation

Correct Answer: (B) Kozeny Carman Equation

Solution:

Step 1: Understanding the Concept:

The question is about selecting the appropriate equation to describe fluid flow through a
packed bed. The choice between the major equations (Kozeny-Carman and Ergun) depends
on the flow regime, which is characterized by the particle Reynolds number. The condition
‘dp/di j 0.01° is not standard notation. It is likely a typo for D,/L < 0.01 or, more commonly,
it refers to a condition of low Reynolds number where viscous forces dominate. Let’s analyze
the equations.

Step 2: Detailed Explanation:

Let’s review the purpose of each equation listed:

e (A) Ergun Equation: This is a comprehensive equation used to calculate the pressure
drop across a packed bed for a wide range of Reynolds numbers. It combines the viscous
term (from the Kozeny-Carman equation) and the kinetic energy term (from the
Burke-Plummer equation) into a single expression. It is valid for both laminar and
turbulent flow regimes.

¢ (B) Kozeny-Carman Equation: This equation is a special case of the Ergun equation
that applies only to the laminar flow regime (low particle Reynolds number, typically
Rey, < 10). In this regime, the pressure drop is primarily due to viscous drag forces, and
the kinetic energy losses are negligible. The Ergun equation simplifies to the
Kozeny-Carman equation at low Re,.

e (C) Sieder-Tate Equation: This is an empirical correlation used in heat transfer to
calculate the Nusselt number for flow inside pipes, accounting for the effect of
temperature-dependent viscosity. It is not related to pressure drop in packed beds.

e (D) Arrhenius Equation: This equation relates the rate of a chemical reaction to the
temperature and activation energy. It is not related to fluid flow.

The condition ‘dp/di j 0.01° is likely intended to represent a situation with very low flow
velocity or very small particles, which corresponds to a very low particle Reynolds number.
This is the domain of laminar flow where viscous forces are dominant. The Kozeny-Carman
equation is specifically derived for this condition.
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Step 3: Final Answer:

For flow through a packed bed where viscous forces dominate (laminar flow, low Reynolds
number), the Kozeny-Carman equation is the appropriate model for pressure drop. The given
condition, despite its unclear notation, points towards this regime. Therefore, the correct
option is (B).

@ Quick Tip

For pressure drop in packed beds, remember this hierarchy:
e Laminar Flow (Re, < 10): Use the Kozeny-Carman equation.

e Turbulent Flow (Re, > 1000): Use the Burke-Plummer equation.

e All Flow Regimes: Use the Ergun equation, which combines both.

27. Which of the following is true about the speed of the conveyor belt?
(A) Fixed conveyors need not be shut down during any speed change
(B) Adjustable speed belts can be changed only manually

(C) Fixed speed drives can undergo minor speed changes

(D) Variations of speed is not possible with conveyors

Correct Answer: (C) Fixed speed drives can undergo minor speed changes

Solution:

Step 1: Understanding the Concept:

The question asks about the speed control capabilities of conveyor belts. Conveyor drives can
be either fixed speed or adjustable (variable) speed.

Step 2: Detailed Explanation:

Let’s analyze the options:

e (A) Fixed conveyors need not be shut down during any speed change: This is
contradictory. A "fixed speed” conveyor, by definition, is designed to run at a single
speed. Changing this speed would require mechanical modification (e.g., changing
pulleys or gears), which would certainly require the conveyor to be shut down.

e (B) Adjustable speed belts can be changed only manually: This is incorrect.
While some older systems might use manual adjustments (like changing the position of a
belt on a stepped pulley), modern adjustable speed drives are typically controlled
electronically using Variable Frequency Drives (VEDs) or other automated systems.
Speed can be changed automatically based on process needs.

e (C) Fixed speed drives can undergo minor speed changes: This statement is
plausible. A standard ”fixed speed” drive, typically an AC induction motor running
directly from the mains, will have its speed determined by the line frequency and the
number of motor poles. While this is nominally fixed, the actual speed can vary slightly
due to changes in load (this is called ”"slip” in induction motors). As the load on the belt
increases, the motor slows down slightly. So, minor, load-dependent speed changes do
occur. This is the most technically accurate statement among the choices.
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e (D) Variations of speed is not possible with conveyors: This is incorrect.
Adjustable or variable speed drives are very common for conveyors, allowing their speed
to be matched to production rates, product spacing, and other process requirements.

Step 3: Final Answer:

Based on the analysis, the most accurate statement is that fixed speed drives can experience
slight speed variations due to changes in load. This phenomenon is known as motor slip.
Therefore, the correct option is (C).

9 Quick Tip

Distinguish between the drive type and its performance. A fixed speed drive aims for
a constant speed but will show minor fluctuations with load (slip). A variable speed
drive (VSD/VFD) is designed to allow significant, controlled changes in speed, often
automatically.

28. The number of tube and shell passes of a 3-6 pass exchanger will be:
3 and 6

Correct Answer: (D) 6 and 3

Solution:

Step 1: Understanding the Concept:

The question refers to the standard notation for shell-and-tube heat exchangers. This
notation specifies the number of times the fluid flows through the shell and the number of
times the fluid flows through the tubes.

Step 2: Detailed Explanation:

The common convention for describing a shell-and-tube heat exchanger is:

(Number of shell passes) — (Number of tube passes)

For example, a ”1-2 exchanger” has one shell pass and two tube passes. This means the
shell-side fluid flows once from one end of the shell to the other, while the tube-side fluid flows
down one set of tubes and returns through another set.

In this question, we have a ”3-6 pass exchanger”. Following the convention, this means:

e Number of shell passes = 3
e Number of tube passes = 6

The question asks for " The number of tube and shell passes”. This means we should state the
number of tube passes first, and then the number of shell passes.

e Number of tube passes = 6

e Number of shell passes = 3
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So the answer should be 6 and 3.

Step 3: Final Answer:

Matching our result with the options provided:

(A) 3 and 6 (Incorrect order)

(B) 3 and 3 (Incorrect numbers)

(C) 3 and 5 (Incorrect numbers)

(D) 6 and 3 (Correct numbers and order as requested by the question)
Therefore, the correct option is (D).

@ Quick Tip

Remember the convention for shell-and-tube exchangers is ”Shell passes - Tube
passes”. A common example is a 1-2 exchanger. Read the question carefully to see in
which order it asks for the numbers (e.g., "tube and shell” vs. ”shell and tube”).

29. A multiple effect evaporator has a capacity to process 40000 kg of solid caustic soda per
day when it is concentrating from 10% to 25% solids. The water evaporated in kilograms per
day is:

(A) 800

(B) 24000

(C) 60000

(D) 48000

Correct Answer: (B) 24000

Solution:

Step 1: Understanding the Concept:

This is a mass balance problem for an evaporator. The total mass entering the system must
equal the total mass leaving. Similarly, the mass of the non-volatile component (solids)
entering must equal the mass of solids leaving. The amount of water evaporated is the
difference between the mass of the incoming feed and the mass of the outgoing concentrated
product.

Step 2: Key Formula or Approach:

Let:

F = Mass flow rate of the feed (kg/day)

P = Mass flow rate of the product (concentrated solution) (kg/day)

W = Mass flow rate of water evaporated (kg/day)

rp = Mass fraction of solids in the feed (10% = 0.10)

xrp = Mass fraction of solids in the product (25% = 0.25)

The mass balance equations are:

1. Overall Mass Balance: F'= P 4+ W

2. Solids Mass Balance: F -zp = P -xp

Step 3: Detailed Explanation:

The question states the evaporator processes 40000 kg of solid caustic soda per day”. This
phrasing is ambiguous. Let’s analyze two interpretations.
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Interpretation 1: The mass of the solids themselves is 40,000 kg/day. In this case, the
amount of solids entering and leaving is constant at 40,000 kg/day.

Mass of solids = F' - xp = P - zp = 40000 kg/day

We can calculate the feed rate F:

P,__40000 ~ 40000
zp  0.10

— 400000 kg/day

And the product rate P:

P__amm)_4mmo
zp 025

— 160000 kg/day

Now, calculate the water evaporated W using the overall mass balance:
W = F — P = 400000 — 160000 = 240000 kg/day

This result (240,000) does not match any of the options closely.

Interpretation 2: The total mass of the feed solution processed is 40,000 kg/day. This is a
more common way such problems are intended, despite the wording. Here, F' = 40000 kg/day.
First, calculate the mass of solids entering, which must also be the mass of solids leaving:

Mass of solids = F' - xp = 40000 kg/day - 0.10 = 4000 kg/day
Now, use the solids balance to find the mass of the product P:

P - xp = 4000 kg/day

4000 4000
P=""" 2 22 16000 ke/d
op 0.2 g/day

Finally, use the overall mass balance to find the water evaporated W:
W = F — P = 40000 — 16000 = 24000 kg/day

This result matches option (B).

Step 4: Final Answer:

Given the options, the question intended to state that the total feed rate to the evaporator is
40,000 kg/day. Based on this interpretation, the amount of water evaporated is 24,000
kg/day. Therefore, the correct option is (B).

9 Quick Tip

In evaporator mass balance problems, always start by setting up the overall and com-
ponent (solids) balance equations. Be careful with the problem statement; if one in-
terpretation of the ”given” value leads to an answer that is not among the options, try
another logical interpretation.

30. The surface temperature of a blackbody is 400 K. What will be the emissive power?
(A) 1451.26 Wm 2
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(B) 4521.56 Wm 2
(C) 2890 Wm 2
(D) 5500 Wm 2

Correct Answer: (A) 1451.26 Wm 2

Solution:
Step 1: Understanding the Concept:
The question asks for the total emissive power of a blackbody at a given temperature. A
blackbody is an idealized physical body that absorbs all incident electromagnetic radiation
and is also a perfect emitter of thermal radiation. The total energy radiated per unit surface
area of a blackbody across all wavelengths per unit time is given by the Stefan-Boltzmann
Law.
Step 2: Key Formula or Approach:
The Stefan-Boltzmann Law is given by:
E, =oT*
where:
Ey = Emissive power of the blackbody (in W/m?)
o = Stefan-Boltzmann constant, approximately 5.67 x 1078 W/(m?-K*)
T = Absolute temperature of the surface (in Kelvin, K)
Step 3: Detailed Explanation:
We are given:
Temperature, T' = 400 K
Stefan-Boltzmann constant, o = 5.67 x 1078 W/(m?-K*)
Substitute these values into the Stefan-Boltzmann equation:

Ey = (5.67 x 1078) x (400)*
First, calculate T%:
(400)* = (4 x 10%)* = 4% x (10%)* = 256 x 10°
Now, substitute this back into the equation:
Ey = (5.67 x 1078) x (256 x 108)
The 1078 and 10® terms cancel out:

Ey =5.67 x 256

Performing the multiplication:
Ep = 1451.52 W/m?
Step 4: Final Answer:
The calculated emissive power is 1451.52 W/m?. This value is very close to option (A). The

minor difference is likely due to using a more precise value for the Stefan-Boltzmann constant.
Option (A), 1451.26 Wm™2, is the correct answer.

9 Quick Tip

The Stefan-Boltzmann Law is fundamental for radiation heat transfer. Always ensure
the temperature is in Kelvin (K) before using it in the formula. Remember that the
emissive power is highly sensitive to temperature, scaling with 7.
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31. A cavity with a small hole will always behave as a:
(A) White body

(B) Transparent body

(C) Black body

(D) Opaque body

Correct Answer: (C) Black body

Solution:

Step 1: Understanding the Concept:

The question is about the physical realization of an ideal blackbody. In thermodynamics and
heat transfer, we define bodies based on how they interact with incident radiation:

e Black Body: A body that absorbs all incident radiation, regardless of wavelength or
direction. Its absorptivity («) is 1. By Kirchhoff’s law of thermal radiation, a good
absorber is also a good emitter, so its emissivity () is also 1.

e White Body: An ideal body that reflects all incident radiation perfectly. Its reflectivity
(p)is 1.

e Transparent Body: A body that transmits all incident radiation. Its transmissivity (7)
is 1.

e Opaque Body: A body that does not transmit any radiation (7 = 0). For an opaque
body, a4+ p = 1.

Step 2: Detailed Explanation:
A perfect blackbody does not exist in nature. However, it can be closely approximated by a
cavity (like a hollow sphere or box) with a very small hole. This setup is known as a cavity

radiator.
Here’s why it behaves like a blackbody:

e Any radiation that enters the small hole from the outside will strike the inner surface of
the cavity.

e A portion of this radiation will be absorbed by the inner wall, and a portion will be
reflected.

e The reflected radiation will then strike another part of the inner surface. Again, some
will be absorbed and some reflected.

e This process of multiple internal reflections continues. At each reflection, a fraction of
the radiation’s energy is absorbed.

e Because the hole is very small compared to the internal surface area, the probability of
the radiation finding its way back out of the hole is extremely low.

e As a result, virtually all the radiation that enters the hole is trapped and absorbed by
the cavity.
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Therefore, the small hole acts as a perfect absorber, which is the definition of a blackbody.
When the cavity is heated, the radiation escaping from the hole will have the characteristic
spectrum of blackbody radiation at the temperature of the cavity walls.

Step 3: Final Answer:

A cavity with a small hole is the classic laboratory approximation of an ideal blackbody
because it absorbs nearly all radiation that enters it. The correct option is (C).

9 Quick Tip

Remember the cavity-with-a-small-hole (or hohlraum) as the quintessential example of
a man-made blackbody. It’s a key concept in the history of quantum mechanics and
the study of thermal radiation.

32. The temperature of the liquid is below the saturation temperature and boiling takes place
only in vicinity of the heated surface. This type of boiling is known as:

(A) Subcooled

(B) Forces

(C) Saturated

(D) Pool

Correct Answer: (A) Subcooled

Solution:

Step 1: Understanding the Concept:

The question describes a specific regime of boiling heat transfer. Boiling can be classified
based on the temperature of the bulk liquid relative to its saturation temperature (the boiling
point at a given pressure).

e Pool Boiling: Boiling that occurs on a heated surface submerged in a large volume of
stagnant liquid.

e Flow Boiling: Boiling that occurs in a flowing fluid.

Both pool and flow boiling can be further classified as either subcooled or saturated.
Step 2: Detailed Explanation:
Let’s analyze the definitions based on liquid temperature:

e (C) Saturated Boiling: This occurs when the temperature of the bulk liquid is equal
to its saturation temperature (Tpur = Tsqt). Bubbles that form at the heated surface rise
through the liquid and escape from the free surface.

e (A) Subcooled Boiling (or Local Boiling): This occurs when the temperature of the
bulk liquid is below its saturation temperature (Tp,x < Tsqt). The heated surface itself
must be at a temperature above the saturation point (T face > Tsat) for bubbles to
form. Bubbles are generated at the hot surface, but as they detach and move into the
cooler bulk liquid, they condense and collapse. Boiling is confined to a thin layer of
liquid adjacent to the heated surface. This is precisely what the question describes.
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e (B) Forces: "Forces” is not a type of boiling.

e (D) Pool: "Pool” describes the condition of the bulk liquid (stagnant) but not its
thermal state (subcooled vs. saturated). The phenomenon described could be subcooled
pool boiling. However, ”Subcooled” is the more specific and correct term for the thermal
condition described.

Step 3: Final Answer:
The scenario where the bulk liquid is below the boiling point but bubbles form and collapse
near the hot surface is the definition of subcooled boiling. Therefore, the correct option is (A).

¢ Quick Tip

For boiling heat transfer, remember the two key classifications:

1. Based on motion: Pool Boiling (stagnant) vs. Flow Boiling (moving).

2. Based on temperature: Saturated Boiling (Tyux = Tsat) vs. Subcooled
Boiling (Tbulk < Tsat)'

33. Drop wise condensation usually occurs on:
(A) Oily surface

(B) Glazed surface

(C) Smooth surface

(D) Coated surface

Correct Answer: (A) Oily surface

Solution:

Step 1: Understanding the Concept:

Condensation is the process of a substance in a gaseous state changing to a liquid state. In
heat transfer, there are two primary modes of condensation on a surface: film-wise and

drop-wise.

e Film-wise condensation: The condensate wets the surface and forms a continuous
liquid film. This film acts as a resistance to heat transfer. This typically occurs on clean,
uncontaminated, and wettable surfaces.

e Drop-wise condensation: The condensate does not wet the surface but instead forms
small droplets. These droplets grow, coalesce, and run off the surface, exposing fresh
surface area for new droplets to form. This mode of condensation has a much higher heat
transfer rate.

Step 2: Detailed Explanation:

Drop-wise condensation occurs on surfaces that are non-wettable or hydrophobic. On such
surfaces, the cohesive forces within the water molecules are stronger than the adhesive forces
between the water and the surface. This causes the water to bead up into droplets rather
than spreading out into a film.

Let’s analyze the options:
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e (A) Oily surface: An oily surface is a classic example of a non-wettable (hydrophobic)
surface. Water will bead up on it, promoting drop-wise condensation. Special chemicals
used to promote this type of condensation are often called ”promoters” and are
frequently oil-based.

e (B) Glazed surface: A glazed surface (like ceramic) can be either wettable or
non-wettable, but it is typically smooth and can be wetted.

e (C) Smooth surface: A smooth surface is more likely to promote film-wise
condensation if it is clean and wettable.

e (D) Coated surface: The effect of a coating depends entirely on the nature of the
coating. It could be designed to be either wettable or non-wettable. However, ”oily
surface” is the most specific and universally correct answer for a surface that naturally
promotes drop-wise condensation.

Step 3: Final Answer:
Drop-wise condensation occurs on non-wettable surfaces, and an oily surface is the best
example of such a surface among the given options. Therefore, the correct option is (A).

@ Quick Tip

Associate drop-wise condensation with high heat transfer rates and non-wettable sur-
faces (like a waxed car or an oily pan). Associate film-wise condensation with lower
heat transfer rates and clean, wettable surfaces.

34. The dimensions of diffusion coefficient is given by:

Correct Answer: (B) L2T~!

Solution:

Step 1: Understanding the Concept:

The diffusion coefficient (or diffusivity), denoted by D, quantifies the rate of diffusion of a
substance. It is defined by Fick’s First Law of Diffusion, which relates the diffusive flux to the
concentration gradient.

Step 2: Key Formula or Approach:

Fick’s First Law is given by:
ac
J=-D—
dx

where:
J = Molar or mass flux (amount of substance per unit area per unit time)
D = Diffusion coefficient

% = Concentration gradient (change in concentration per unit length)

38



Step 3: Detailed Explanation:
We can determine the dimensions of D by performing a dimensional analysis of Fick’s Law.
Let’s use M, L, and T to represent Mass, Length, and Time, respectively.

e The dimension of mass flux (/) is mass per area per time:

[Mass| M

= =ML?T!
[Area] - [Time] L2.T

] =

e The dimension of concentration (C') is mass per volume:

[Mass|] M

I i B Y T
[Volume] I3

[C]=

e The dimension of the concentration gradient (%) is concentration per length:

| = - — ML~
dx

[dc} [Le[fg]th] - Mi_g

Now, rearrange Fick’s Law to solve for the dimensions of D:

D) = g

aC
(%]
Substitute the dimensions we found:

D) = ML 2T}
- ML

Step 4: Final Answer:
The dimensions of the diffusion coefficient are L2T~!. A typical unit is m?/s. Therefore, the
correct option is (B).

9 Quick Tip

A useful shortcut to remember is that all transport diffusivities—mass diffusivity (D),
momentum diffusivity (kinematic viscosity, v), and thermal diffusivity («)—share the
same dimensions: [Length]?/[Time].

35. Which of the following materials has the highest thermal conductivity?
(A) Wood

(B) Air

(C) Copper

(D) Glass

Correct Answer: (C) Copper

Solution:
Step 1: Understanding the Concept:
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Thermal conductivity (k) is an intrinsic property of a material that measures its ability to

conduct heat. Materials with high thermal conductivity transfer heat more effectively than
materials with low thermal conductivity.

Step 2: Detailed Explanation:

The mechanism of heat conduction differs significantly between different types of materials,
leading to a wide range of thermal conductivity values.

e Metals (like Copper): Heat is primarily conducted by the movement of free electrons.
Since these electrons can move easily and rapidly, metals are excellent conductors of both
heat and electricity.

e Non-metallic solids (like Glass and Wood): Heat is conducted through lattice
vibrations (phonons). This mechanism is much less effective than conduction by free
electrons, so these materials are generally poor conductors (insulators).

e Gases (like Air): Heat is conducted through collisions between molecules that are
relatively far apart. This is a very inefficient process, making gases very good thermal
insulators.

Let’s compare the approximate thermal conductivity (k) values at room temperature for the
given materials in units of W/(m-K):

e Copper: k ~ 400 W/(m-K)
e Glass: k ~ 1 W/(m-K)

e Wood: k ~ 0.15 W/(m-K)
e Air: k ~ 0.026 W/(m-K)

From these values, it is clear that copper has a significantly higher thermal conductivity than
the other materials.

Step 3: Final Answer:

Among the given options, copper, being a metal, possesses the highest thermal conductivity
due to the presence of free electrons that efficiently transport thermal energy. The correct
option is (C).

Q Quick Tip

Remember the general order of thermal conductivity: Metals ; Non-metallic Solids
{, Liquids ; Gases. Metals are almost always the best conductors, and gases are the
best insulators.

36. The Wien’s Displacement Law relates the wavelength at which maximum emission occurs
to:

(A) Emissivity of the surface

(B) Absolute temperature of the blackbody

(C) Surface area of the emitter

(D)

Stefan-Boltzmann constant
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Correct Answer: (B) Absolute temperature of the blackbody

Solution:

Step 1: Understanding the Concept:

Wien’s Displacement Law is a fundamental law of thermal radiation. It describes how the
spectral distribution of emitted radiation from a blackbody changes with temperature.
Specifically, it identifies the wavelength at which the emitted radiation is most intense.
Step 2: Key Formula or Approach:

The law is mathematically expressed as:

Amaz - T =b

where:

Amaz = The wavelength of peak emission (in meters)

T = The absolute temperature of the blackbody (in Kelvin)

b = Wien’s displacement constant, approximately 2.898 x 1073 m-K

Step 3: Detailed Explanation:

The formula clearly shows that the wavelength of maximum emission (Ayqz) is inversely
proportional to the absolute temperature (T'). As a blackbody gets hotter, the peak of its
emission spectrum shifts to shorter wavelengths. This is why an object glows red at lower
temperatures and shifts towards blue or white as it gets hotter.

Let’s analyze the options:

e (A) Emissivity of the surface: Emissivity relates to the total amount of radiation
emitted by a real surface compared to a blackbody (used in the Stefan-Boltzmann law
for real surfaces), not the peak wavelength.

e (B) Absolute temperature of the blackbody: This is the correct variable, as shown
by the formula A4y o< 1/T.

e (C) Surface area of the emitter: Surface area affects the total heat radiated
(Q = FE - A), not the wavelength distribution.

e (D) Stefan-Boltzmann constant: This constant relates total emissive power to
temperature (E = ¢T%), not the peak wavelength.

Step 4: Final Answer:
Wien’s Displacement Law directly relates the peak emission wavelength to the absolute
temperature of the blackbody. Therefore, the correct option is (B).

Q Quick Tip

Remember Wien’s Law as the ”color-temperature” law. As an object gets hotter, its
color shifts from red to blue because the peak emission wavelength gets shorter. Hotter
objects are ”bluer.”

37. A smaller HT'U indicates:
(A) Poor mass transfer efficiency
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(B) Higher column height required
(C) Less height needed per transfer unit
(D) Lower gas flow rates

Correct Answer: (C) Less height needed per transfer unit

Solution:

Step 1: Understanding the Concept:

In the context of packed columns for mass transfer operations (like absorption or distillation),
the total required height of the packing (Z) is determined by two factors: the difficulty of the
separation and the efficiency of the equipment.

e NTU (Number of Transfer Units): This represents the difficulty of the separation.
A larger change in concentration requires a higher NTU.

e HTU (Height of a Transfer Unit): This represents the efficiency of the packing
material and operating conditions. It is the height of packing required to accomplish one
transfer unit.

Step 2: Key Formula or Approach:
The total packed height is calculated as:

Z =HTU x NTU

Step 3: Detailed Explanation:
From the formula, we can interpret the meaning of HTU. The HTU is a measure of the
effectiveness of the mass transfer.

e A smaller HTU means that only a short height of packing is needed to achieve one unit
of transfer. This indicates that the mass transfer is very efficient.

e A larger HTU means a greater height of packing is needed for the same amount of
transfer, indicating less efficient mass transfer.

Let’s analyze the options:

e (A) Poor mass transfer efficiency: This is incorrect. A smaller HT'U indicates high
efficiency.

¢ (B) Higher column height required: This is incorrect. For a given separation (fixed
NTU), a smaller HT'U results in a shorter required column height (7).

e (C) Less height needed per transfer unit: This is the direct definition of HTU. A
smaller HT'U means exactly this, indicating high efficiency.

e (D) Lower gas flow rates: While HTU is affected by flow rates, a smaller HTU is a
consequence of efficient operation, not the cause. It doesn’t directly indicate the gas flow
rate itself.

Step 4: Final Answer:

A smaller HT'U signifies that the mass transfer process is more efficient, meaning less packing
height is required to achieve one transfer unit. The statement ” Less height needed per
transfer unit” is the definition of HTU. Therefore, the correct option is (C).
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9 Quick Tip

Think of the analogy: NTU is the number of steps you need to climb (difficulty), and
HTU is the height of each step (efficiency). A smaller step height (small HTU) means
the process is more efficient, requiring less effort (height) for each step.

38. A hydraulic system operating at 80°C must be cooled to 45°C using a heat transfer oil. A
water source of 30°C is available. The effectiveness of heat exchanger will be

(A) 0.7

(B) 0
(C)1
(D) 0.5

Correct Answer: (A) 0.7

Solution:

Step 1: Understanding the Concept:

The effectiveness (¢) of a heat exchanger is a dimensionless parameter that measures its
thermal performance. It is defined as the ratio of the actual rate of heat transfer to the
maximum possible rate of heat transfer.

Step 2: Key Formula or Approach:

The formula for effectiveness is:
€ — Qactual

Qmax

where:
Qactual = The actual heat transferred between the two fluids.
@max = The maximum possible heat that could be transferred. This would occur in an
infinitely long counter-flow heat exchanger where one of the fluids undergoes the maximum
possible temperature change, which is the difference between the inlet temperatures of the hot
and cold fluids (T}, iy, — Tt in)-
The formulas are:

Quactual = Ch(Th,in - Th,out) = Cc(Tc,out - Tc,in)

Qmaa: = min(Thﬂ'n - Tc,in)

Here, C}, and C, are the heat capacity rates (mC)) of the hot and cold fluids, and Cy,y, is the
smaller of the two.
Therefore, effectiveness can be written as:

o Oh(Th,z'n - Th,out) Cc(Tc,out - Tc,m)

Cmin(Tth - Tc,in) Omin(Th,in - Tc,in)

Step 3: Detailed Explanation:

We are given the temperatures for the hot fluid (heat transfer oil) and the inlet for the cold
fluid (water):

Hot fluid inlet temperature, T}, ;, = 80°C

Hot fluid outlet temperature, T}, 5,4 = 45°C

Cold fluid inlet temperature, T¢ i, = 30°C
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The problem does not provide the heat capacity rates (Cj, C.), so we cannot determine Cypn
directly. However, if the hot fluid happens to be the fluid with the minimum heat capacity
rate (Cp, = Cpin), the effectiveness formula simplifies to:

¢ — Oh(Th,in - Th,out) _ Th,in - Th,out
Ch(Th,in - Tc,z’n) Th,in - Tc,in

This is a common scenario in exam questions where insufficient data is given. Let’s calculate
the effectiveness under this assumption.

Step 4: Calculation:

Assuming the hot fluid has the minimum heat capacity rate:

80—45 35

“=%0-30 5 7

This result matches one of the options.

Step 5: Final Answer:

The calculated effectiveness is 0.7. This implies that the problem assumes the hot fluid (heat
transfer oil) has the minimum heat capacity rate. Therefore, the correct option is (A).

9 Quick Tip

In heat exchanger effectiveness problems, if you only have the inlet and outlet temper-
atures for one fluid, you can calculate the effectiveness by assuming that fluid has the
minimum heat capacity rate (C' = Cp). If the result matches an answer choice, this
assumption was intended.

39. With respect to incident radiation, transmissivity varies with
(A) Time

(B) Temperature

(C) Surface area

(D) Wavelength

Correct Answer: (D) Wavelength

Solution:

Step 1: Understanding the Concept:

When electromagnetic radiation strikes a surface, three things can happen: it can be
reflected, absorbed, or transmitted through the material.

e Reflectivity (p): Fraction of incident radiation that is reflected.
e Absorptivity («): Fraction of incident radiation that is absorbed.
e Transmissivity (7): Fraction of incident radiation that passes through the material.

For any body, the sum of these properties is one: o + p + 7 = 1. These properties describe
how a material interacts with incident radiation.
Step 2: Detailed Explanation:
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The radiative properties of a material are not constant values. They depend on several
factors, most notably the wavelength of the incident radiation. A material can be
transparent to radiation of one wavelength but opaque to another.

A classic example is window glass:

e Glass has a high transmissivity for visible light (short wavelengths, approx. 0.4 to 0.7
pum), which is why we can see through it.

e However, glass has a very low transmissivity (it is opaque) to long-wavelength infrared
radiation (thermal radiation, ; 3 um).

This wavelength-dependent behavior is the principle behind the greenhouse effect.
Let’s review the other options:

e (A) Time: Transmissivity is a material property and does not typically vary with time
unless the material itself is changing (e.g., degrading).

e (B) Temperature: The temperature of the material primarily affects the radiation it
*emits™® not its interaction with *incident* radiation. While there can be a slight
temperature dependence of radiative properties, the primary factor is wavelength.

e (C) Surface area: This is an extensive property related to the whole object, while
transmissivity is an intensive property of the material itself.

Step 3: Final Answer:
The transmissivity of a material is strongly dependent on the wavelength of the incident
radiation. Therefore, the correct option is (D).

9 Quick Tip

Remember the greenhouse effect: glass is transparent to short-wavelength solar radi-
ation but opaque to long-wavelength thermal radiation. This is a perfect example of
transmissivity’s dependence on wavelength.

40. The evaporative heat transfer coefficient is typically
(A) Dependent on the latent heat of vaporization

(B) Independent of air velocity

(C) Higher for still air compared to moving air

(D) Not affected by the liquid surface area

Correct Answer: (A) Dependent on the latent heat of vaporization

Solution:

Step 1: Understanding the Concept:

Evaporative heat transfer is a process that involves both heat transfer (sensible heat) and
mass transfer (latent heat). Heat is transferred from a liquid surface to the surrounding gas,
causing the liquid to evaporate. The ”evaporative heat transfer coefficient” is a term that
combines both effects.

Step 2: Detailed Explanation:
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The total heat flux (¢/A) from a wet surface to the air is the sum of sensible heat transfer
(convection) and latent heat transfer (due to evaporation):

% = he(Ts — Too) + ki (Cs — OOO))\fg

where h. is the convective heat transfer coefficient, &y, is the mass transfer coefficient, Az, is
the latent heat of vaporization, T is temperature, and C is vapor concentration.

Often, an overall coefficient is used that incorporates both effects. The Chilton-Colburn
analogy links the heat and mass transfer coefficients, showing they are not independent. The
entire process is driven by the phase change from liquid to vapor, the energy cost of which is
the latent heat of vaporization.

Let’s analyze the options:

e (A) Dependent on the latent heat of vaporization: Yes. The amount of heat
transferred due to evaporation is directly proportional to the mass of liquid evaporated
multiplied by the latent heat. Therefore, any coefficient describing this combined process
must be fundamentally related to the latent heat.

e (B) Independent of air velocity: This is incorrect. Higher air velocity reduces the
thickness of the boundary layer over the liquid, increasing both convective heat transfer
and mass transfer (evaporation). Think of how clothes dry faster on a windy day.

e (C) Higher for still air compared to moving air: This is incorrect. The coefficient
is lower for still air and higher for moving air.

e (D) Not affected by the liquid surface area: The total heat transfer is directly
proportional to the surface area. The coefficient itself is an intensive property, but the
overall process it describes is critically dependent on having an area over which to occur.

Step 3: Final Answer:

The process of evaporative heat transfer is fundamentally about the energy required for a
phase change, which is the latent heat of vaporization. The coefficient describing this process
is therefore intrinsically dependent on it. The correct option is (A).

9 Quick Tip

Evaporation = Phase Change. Phase Change = Latent Heat. Therefore, anything re-
lated to the rate of evaporative heat transfer must be connected to the latent heat of
vaporization.

41. Double-pipe heat exchangers are used for cases where the heat transfer area requirement
is around

(A) 10 to 20 m?

(B) 100 to 200 m?

(C) 500 to 1000 m?

(D) 5000 to 10000 m?

Correct Answer: (A) 10 to 20 m?
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Solution:

Step 1: Understanding the Concept:

A double-pipe heat exchanger is the simplest type of heat exchanger, consisting of one pipe
concentric within a larger pipe. One fluid flows through the inner pipe, and the other flows
through the annular space between the two pipes.

Step 2: Detailed Explanation:

Characteristics of Double-Pipe Heat Exchangers:

e Simplicity: They are simple to design and manufacture.
e Versatility: They can handle high pressures and temperatures.

e Lack of Compactness: They provide a relatively small amount of heat transfer area for
the physical space they occupy. To achieve a large surface area, many sections must be
connected in series or parallel, which becomes expensive and requires a lot of floor space.

Application Range:

Due to their lack of compactness, double-pipe heat exchangers are generally not economical
for large-scale applications. They are typically used for small duties where the required heat
transfer area is modest.

e For very large heat transfer areas (hundreds or thousands of m?), shell-and-tube or
plate-and-frame heat exchangers are far more common because they are much more
compact.

e A general rule of thumb in process engineering is that double-pipe heat exchangers are
economically viable for heat transfer areas up to approximately 10-20 m?. Above this
range, a shell-and-tube exchanger is usually the preferred choice.

The options provided represent different scales of heat transfer area. The range 710 to 20 m?”
perfectly aligns with the typical application niche for double-pipe heat exchangers.

Step 3: Final Answer:

Double-pipe heat exchangers are best suited for small-scale heat transfer duties. The typical
range for their application is around 10 to 20 m?. Therefore, the correct option is (A).

9 Quick Tip

Remember the general size hierarchy for common heat exchangers:
e Small Area (< 20 m?): Double-Pipe Exchangers
e Medium to Large Area: Shell-and-Tube Exchangers

e Compact, Medium Area: Plate-and-Frame Exchangers

42. Consider a uniformly tapered steel rod of circular cross-section of 1 m length. The
diameter of the rod at one end is 5 cm, and that at the other end is 2.5 cm. If the heat flux at
the end of the larger cross-section is 2500 Kcal/m?2.hr the heat flux at the other end is equal to
(A) 2500 kcal/m?.h
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(B) 5000 kcal/m?2.h
(C) 7500 kcal/m?.h
(D) 10,000 kcal/m?2.h

Correct Answer: (D) 10,000 kcal/m?2.h

Solution:

Step 1: Understanding the Concept:

The problem involves one-dimensional, steady-state heat conduction through an object with a
varying cross-sectional area. The key principle is the conservation of energy: under
steady-state conditions and with no heat generation, the total rate of heat flow (Q) must be
constant through every cross-section of the rod.

Step 2: Key Formula or Approach:

The heat transfer rate (Q) is related to the heat flux (q) and the cross-sectional area (A) by
the equation:

Q=qx A

Since the heat rate Q is constant along the rod:
Q1= Q2
where subscripts 1 and 2 refer to the larger and smaller ends, respectively. Therefore:
1 A1 = g2 A2

Step 3: Detailed Explanation:

We are given:

Diameter at the large end, D1 = 5 cm

Diameter at the small end, Dy = 2.5 cm

Heat flux at the large end, ¢; = 2500 Kcal/m? hr

We need to find the heat flux at the small end, ¢5. Rearranging the formula:

g2 = q1 A,
The cross-sectional area of a circular rod is A = “TDQ. The ratio of the areas is:
2
AT (D
A2 mD3 Do

4

Substitute the given diameter values:

2.5 cm

Step 4: Calculation:
Now, calculate ga:

@ =q x4
Kcal Kcal
a2 500 T X 0,000 T n

Step 5: Final Answer:
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The heat flux at the smaller end is 10,000 kcal/m?.h. The correct option is (D).

9 Quick Tip

For steady-state conduction, remember that the heat rate (Q, in Watts or Kcal/hr) is
constant, but the heat flux (q = Q/A, in W/m?) is inversely proportional to the area.
Where the rod is thinner, the heat is more ”concentrated,” so the flux is higher.

43. What type of process is used to separate liquid mixtures based on differences in volatility?
(A) Filtration

(B) Extraction
(C) Adsorption
(D) Distillation

Correct Answer: (D) Distillation

Solution:

Step 1: Understanding the Concept:

The question asks to identify the separation process that utilizes differences in the volatility
of components in a liquid mixture. Volatility is the tendency of a substance to vaporize. It is
directly related to the substance’s vapor pressure at a given temperature; a more volatile
substance has a higher vapor pressure and a lower boiling point.

Step 2: Detailed Explanation:

Let’s analyze the given separation processes:

e (A) Filtration: This is a mechanical process used to separate solid particles from a
fluid (liquid or gas) by passing the fluid through a porous medium. The separation is
based on particle size.

e (B) Extraction (Liquid-Liquid Extraction): This process separates a component
from a liquid mixture by contacting it with another, immiscible liquid (a solvent) in
which the component is preferentially soluble. The separation is based on differences in
solubility:.

e (C) Adsorption: This is a process where atoms, ions, or molecules from a substance
(gas, liquid, or dissolved solid) adhere to a surface of an adsorbent. The separation is
based on differences in the affinity of components for the adsorbent surface.

e (D) Distillation: This is a thermal separation process. A liquid mixture is heated to
create vapor. Since the components have different volatilities, the vapor will be enriched
in the more volatile component(s). This vapor is then cooled and condensed to form a
liquid with a different composition. This process is fundamentally based on separating
components with different boiling points, i.e., different volatilities.

Step 3: Final Answer:
Distillation is the process specifically designed to separate liquid mixtures based on the
differences in the volatility of their components. Therefore, the correct option is (D).
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9 Quick Tip

Match the separation process to its underlying physical principle:
e Distillation — Volatility / Boiling Point
e Extraction — Solubility
e Adsorption — Surface Affinity
e Filtration — Particle Size

e Crystallization — Solubility / Freezing Point

44. According to penetration theory, the relationship between mass transfer coefficient (k)
and diffusivity (D) is given by

(A) k oc DI

(B) k o< D?

(C) k oc D2

(D) k x D

Correct Answer: (C) k oc D

Solution:

Step 1: Understanding the Concept:

Mass transfer theories are models used to predict the mass transfer coefficient (k). The
penetration theory, proposed by Higbie, is one such model. It visualizes the mass transfer
process as follows: packets of fluid from the bulk are exposed to the gas-liquid interface for a
short, constant period of time. During this exposure, unsteady-state diffusion of the solute
into the fluid packet occurs.

Step 2: Key Formula or Approach:

The mathematical derivation based on Higbie’s penetration model leads to the following
expression for the average liquid-phase mass transfer coefficient (kr):

Dap

kr =2
L Tte

where:

D sp is the molecular diffusivity of solute A in solvent B.

te is the constant exposure time of the fluid packet at the interface.

Step 3: Detailed Explanation:

From the formula derived from the penetration theory, we can see the relationship between
the mass transfer coefficient (kp) and the diffusivity (Dap).

k‘L X \/DAB

The square root of a number is the same as raising it to the power of 0.5. Therefore, the

relationship is:
ko D0.5

Step 4: Final Answer:
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According to the penetration theory, the mass transfer coefficient is proportional to the
square root of the diffusivity. The correct option is (C).

@ Quick Tip

It is useful to memorize the relationship between k and D for the main mass transfer
theories:

e Film Theory: k o« D!
e Penetration Theory (Higbie): k oc D0

e Surface Renewal Theory (Danckwerts): k oc D5

45. Pendular state in drying of wet solids generally refers to:
(A) Constant rate

(B) First falling rate

(C) Second falling rate

(D) Equilibrium

Correct Answer: (C) Second falling rate

Solution:

Step 1: Understanding the Concept:

The drying of wet solids involves the removal of moisture. The process is often characterized
by different periods or stages, based on the drying rate. As the solid dries, the nature of the

remaining moisture changes. These are described as different ”states” of moisture saturation.
Step 2: Detailed Explanation:

Drying Rate Periods:

e Constant Rate Period: The surface of the solid is fully saturated with water. The
drying rate is constant and limited by the rate of heat and mass transfer from the
surroundings, similar to evaporation from a free water surface.

e Falling Rate Period: This begins when the critical moisture content is reached, and
dry spots appear on the surface. The drying rate decreases as the solid becomes drier.
This period is often divided into two parts:

— First Falling Rate Period: The surface is partially wet. The rate of drying
decreases as the wetted area of the surface decreases.

— Second Falling Rate Period: The surface is completely dry. Evaporation occurs
from within the pores of the solid. The rate-limiting step is the diffusion of water
vapor from the interior to the surface. This is a much slower process.

Moisture States in Porous Solids:

e Funicular State: At high moisture content, the liquid exists as a continuous film across
the solid particles. This state corresponds to the constant rate and first falling rate
periods.
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e Pendular State: At very low moisture content, the continuous liquid film breaks, and
the remaining liquid is held as discrete rings or "pendants” at the points of contact
between individual solid particles. Liquid movement is negligible, and moisture transfer
occurs primarily by vapor diffusion. This physical state corresponds to the second
falling rate period.

Step 3: Final Answer:

The pendular state, where moisture is held as isolated rings at particle contact points, occurs
at low moisture content and corresponds to the second falling rate period of drying.
Therefore, the correct option is (C).

9 Quick Tip

Visualize the drying process:
e Wet sponge (Constant Rate): Funicular State (continuous water).
e Damp sponge (Falling Rate): Funicular state breaks down.

e Almost dry sponge (Second Falling Rate): Pendular State (isolated water
droplets at junctions).

46. Which of the following equipment is essential in a simple distillation setup?
(A) Separating funnel

(B) Condenser

(C) Chromatography column

(D) Bunsen burner only

Correct Answer: (B) Condenser

Solution:

Step 1: Understanding the Concept:

Simple distillation is a laboratory technique used to separate a volatile liquid from a
non-volatile solute, or to separate two liquids with significantly different boiling points. The
process consists of two main stages:

1. Vaporization: The liquid mixture is heated to its boiling point to create vapor.

2. Condensation: The vapor is cooled and turned back into a liquid (the distillate), which
is then collected separately.

Step 2: Detailed Explanation:
To carry out these two stages, a set of essential equipment is required:

e A heat source (like a heating mantle or Bunsen burner) to boil the liquid.
e A distillation flask (or boiling flask) to contain the liquid mixture.
e A distillation head or adapter to direct the vapor.

e A thermometer to monitor the temperature of the vapor.
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e A condenser to cool the vapor. This is a crucial piece of equipment, typically a glass
tube with an outer jacket through which a coolant (like cold water) flows.

e A receiving flask to collect the condensed liquid (distillate).
Let’s analyze the options:

e (A) Separating funnel: This is used for liquid-liquid extraction to separate immiscible
liquids. It is not used in distillation.

e (B) Condenser: This is absolutely essential. Without a condenser, the vapor would
simply escape into the atmosphere, and no liquid distillate could be collected. The
condenser performs the vital second step of the distillation process.

e (C) Chromatography column: This is used for chromatography, another type of
separation technique.

e (D) Bunsen burner only: A heat source is necessary, but it is not sufficient. The
“only” makes this option incorrect, and the condenser is arguably the most defining piece
of equipment for the separation aspect of distillation.

Step 3: Final Answer:

The condenser is an indispensable piece of equipment for any distillation setup, as its function
is to convert the separated vapor back into a liquid for collection. Therefore, the correct
option is (B).

9 Quick Tip

Remember the two core processes of distillation: boiling (vaporization) and cooling
(condensation). The equipment that performs the cooling is the condenser, making it
essential for the technique.

47. Which of the following is NOT a type of distillation?
(A) Simple distillation

(B) Fractional distillation

(C) Steam distillation

(D) Magnetic distillation

Correct Answer: (D) Magnetic distillation

Solution:

Step 1: Understanding the Concept:

Distillation is a family of separation techniques based on differences in the volatilities (or
boiling points) of the components in a liquid mixture. There are many variations of
distillation, each adapted for specific types of mixtures.

Step 2: Detailed Explanation:

Let’s review the options provided:

e (A) Simple distillation: This is the most basic form, used for separating liquids with
large differences in boiling points or for separating a liquid from a non-volatile solid.
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e (B) Fractional distillation: This is an enhancement of simple distillation that uses a
fractionating column. It is used to separate liquids with close boiling points by providing
a large surface area for repeated vaporization-condensation cycles.

e (C) Steam distillation: This technique is used for purifying temperature-sensitive
organic compounds. Steam is passed through the mixture, allowing the components to
distill at temperatures below their normal boiling points, thus preventing decomposition.

e (D) Magnetic distillation: This is not a recognized or standard type of distillation
process. Distillation relies on thermal energy to induce phase changes based on volatility.
Magnetic fields are used in other types of separations (e.g., separating ferromagnetic
materials) but are not the basis for a distillation process. The term ”magnetic
distillation” does not correspond to a known chemical engineering or chemistry
separation technique.

Step 3: Final Answer:

Simple, fractional, and steam distillation are all well-established types of distillation.
"Magnetic distillation” is not a standard chemical separation process. Therefore, it is the
correct answer to the question ”Which of the following is NOT a type of distillation?”. The
correct option is (D).

9 Quick Tip

In ”Which is NOT...” questions, look for the term that doesn’t fit the underlying prin-
ciple. Distillation is a thermal process based on volatility. The term "magnetic” relates
to a completely different physical principle and is the outlier.

48. In a gas absorption process, the gas phase is typically:
(A) The solvent

(B) The solute

(C) The carrier

(D) The product

Correct Answer: (B) The solute

Solution:

Step 1: Understanding the Concept:

Gas absorption is a mass transfer operation where one or more components from a gas
mixture are selectively transferred into a liquid solvent. The purpose is to separate the gases
or to produce a solution.

Step 2: Detailed Explanation:

Let’s define the roles of the substances involved in gas absorption:

e Solute: This is the component that is being absorbed. It is initially present in the gas
mixture and is transferred to the liquid phase.

e Carrier Gas: This is the inert or insoluble gas that makes up the rest of the initial gas
mixture. It passes through the equipment largely unchanged.
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e Solvent: This is the liquid that is used to absorb the solute.

Example: Removing ammonia (NHg3) from air using water.
e Solute: Ammonia (NHj)
e Carrier Gas: Air
e Solvent: Water
e The initial gas phase is a mixture of the solute (ammonia) and the carrier gas (air).

The question "the gas phase is typically:” is poorly phrased. It could be interpreted as ”What
is the key component of interest in the gas phase?” or ”What is being transferred from the
gas phase?”. In the context of the process’s purpose, the most important component in the
gas phase is the solute, as it is the substance being separated. The options provided are roles,
not phases. ”The solute” is the component that is transferred from the gas phase to the liquid
phase. The checkmark in the provided image confirms this interpretation.

Step 3: Final Answer:

In gas absorption, the component of interest that is transferred from the gas phase to the
liquid phase is the solute. Therefore, the correct option is (B).

Q Quick Tip

Remember the key terminology for absorption: A solute (gas) is absorbed from a car-
rier gas by a solvent (liquid). In the reverse process, stripping, a solute is removed
from a solvent by a stripping agent (gas).

49. The distribution of a solute between two immiscible liquids is governed by:
(A) Henry’s Law

(B) Le Chatelier’s Principle

(C) Distribution coefficient

(D)

Dalton’s Law
Correct Answer: (C) Distribution coefficient

Solution:

Step 1: Understanding the Concept:

The question describes the equilibrium condition in a liquid-liquid extraction process. In this
process, a solute is partitioned, or distributed, between two liquid phases that do not mix (are
immiscible), such as oil and water.

Step 2: Detailed Explanation:

The principle governing this partitioning is the Nernst distribution law. It states that at
equilibrium, the ratio of the concentrations of a solute in two immiscible solvents is constant
at a given temperature. This constant ratio is known as the distribution coefficient (Kp)
or partition coefficient.

KD _ [SOIUte]solvent 1

[SOIUte] solvent 2
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This coefficient is the fundamental parameter that determines the feasibility and efficiency of
a liquid-liquid extraction.
Let’s review the other laws:

e (A) Henry’s Law: Governs the equilibrium of a gas solute dissolving in a liquid
solvent. It states that the partial pressure of the gas above the liquid is proportional to
the concentration of the gas in the liquid.

e (B) Le Chatelier’s Principle: This is a general principle of chemical equilibrium. It
states that if a change of condition is applied to a system in equilibrium, the system will
shift in a direction that counteracts the change. While it applies to this situation, the
"distribution coefficient” is the specific quantitative law that governs it.

e (D) Dalton’s Law: This law applies to ideal gas mixtures and states that the total
pressure of the mixture is the sum of the partial pressures of the individual gases.

Step 3: Final Answer:
The equilibrium partitioning of a solute between two immiscible liquids is specifically
described by the distribution coefficient. Therefore, the correct option is (C).

9 Quick Tip

Associate the key equilibrium laws with their specific phase pairings:

e Gas-Liquid: Henry’s Law
e Liquid-Liquid: Distribution Coefficient

e Gas-Gas: Dalton’s Law

50. Which of the following increases the efficiency of liquid-liquid extraction?
(A) Multiple extractions with small volumes of solvent

(B) Using the same solvent multiple times

(C) Increasing the temperature excessively

(D) Using highly miscible solvents

Correct Answer: (A) Multiple extractions with small volumes of solvent

Solution:

Step 1: Understanding the Concept:

The efficiency of a liquid-liquid extraction refers to how effectively a solute is transferred from
its original solvent (the feed) to the new extracting solvent. The goal is to maximize the
amount of solute recovered.

Step 2: Detailed Explanation:

Let’s analyze the options for increasing efficiency:

e (A) Multiple extractions with small volumes of solvent: This is a standard and
highly effective technique. For a fixed total volume of solvent, it can be mathematically
proven that performing several sequential extractions with smaller portions of the solvent
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is more efficient than performing a single extraction with the entire volume. Each
successive extraction with fresh solvent establishes a new concentration gradient,
allowing more solute to be removed from the feed.

e (B) Using the same solvent multiple times: This is incorrect. If you reuse the
solvent from the first extraction, it is already partially saturated with the solute. Its
ability to extract more solute is diminished or nonexistent, as the system may be close to
equilibrium. Efficient extraction requires fresh solvent for each stage.

e (C) Increasing the temperature excessively: The effect of temperature on the
distribution coefficient varies. For some systems, solubility increases with temperature,
which might improve extraction, but for others, it might decrease. Excessive temperature
can also cause degradation of the solute or solvent or decrease the immiscibility of the
solvents. It is not a universally reliable method for increasing efficiency.

e (D) Using highly miscible solvents: This is fundamentally wrong. Liquid-liquid
extraction requires two immiscible liquids. If the solvents are miscible, they will mix to
form a single phase, and no separation can be achieved.

Step 3: Final Answer:

The most effective and universally applicable method to increase the efficiency of a
liquid-liquid extraction is to perform multiple extractions using smaller portions of the total
available solvent. Therefore, the correct option is (A).

9 Quick Tip

This principle applies not just to extraction but also to washing precipitates in a lab.
It is always more effective to wash a solid with three 10 mL portions of water than
with a single 30 mL portion.

51. What type of dryer is typically used for drying granular materials like grains?
(A) Freeze dryer

(B) Rotary dryer

(C) Tunnel dryer

(D) Tray dryer

Correct Answer: (B) Rotary dryer

Solution:

Step 1: Understanding the Concept:

The question asks for the most suitable type of dryer for large quantities of free-flowing
granular materials, such as grains. The choice of a dryer depends on the material’s properties
(particle size, temperature sensitivity, flowability) and the required throughput.

Step 2: Detailed Explanation:

Let’s analyze the dryer types:

e (A) Freeze dryer (Lyophilizer): This is used for heat-sensitive, high-value materials
like pharmaceuticals and biological samples. It works by freezing the material and then
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reducing the pressure to allow the frozen water to sublimate directly from solid to gas. It
is a slow, expensive, batch process, not suitable for bulk materials like grains.

e (B) Rotary dryer: This consists of a large, rotating cylindrical tube, usually slightly
inclined. Wet granular material is fed into the upper end, and as the cylinder rotates,
internal flights lift the material and shower it down through a stream of hot gas flowing
through the dryer. This design provides excellent contact between the hot gas and the
solid particles, making it very effective for continuous, large-scale drying of free-flowing
granular materials. Grains, sand, and fertilizers are common applications.

e (C) Tunnel dryer: In this dryer, materials are placed on trays or racks that move
through a long tunnel on carts or a conveyor belt. Hot air is circulated through the
tunnel. It is a continuous or semi-continuous process, often used for food products like
fruits and vegetables, but it is less efficient for agitating and uniformly drying large
volumes of small grains compared to a rotary dryer.

e (D) Tray dryer: This is a batch dryer where wet material is spread on trays placed in a
cabinet. Hot air is circulated over the trays. It is suitable for small-scale production and
for materials that cannot be agitated, but not for the high-throughput, continuous
processing required for grains.

Step 3: Final Answer:

For continuous, large-scale drying of granular, free-flowing materials like grains, the rotary
dryer is the most common and efficient choice due to its ability to tumble the material and
ensure good contact with the drying medium. Therefore, the correct option is (B).

Q Quick Tip

Associate dryer types with their typical applications:
e Rotary dryer — Bulk granular solids (grains, sand, minerals).
e Spray dryer — Liquids, slurries, pastes (milk powder, detergents).

e Freeze dryer — Delicate, high-value materials (pharmaceuticals, coffee).

e Tray dryer — Small batch, non-flowing solids.

52. For temperature sensitive pharmaceuticals which one of the following drying methods is
ideal?

(A) Vacuum Rotary Drying

(B) Agitated pan Drying

(C) Vacuum Shelf Drying

(D) Sublimation Drying

Correct Answer: (D) Sublimation Drying

Solution:
Step 1: Understanding the Concept:
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Temperature-sensitive pharmaceuticals, such as vaccines, proteins, and antibiotics, can be
easily degraded or denatured by heat. Therefore, the drying method used for these materials
must operate at very low temperatures to preserve their chemical structure and biological
activity.

Step 2: Detailed Explanation:

Let’s evaluate the given drying methods:

e (A) Vacuum Rotary Drying and (C) Vacuum Shelf Drying: Both methods use
vacuum to lower the boiling point of water, allowing drying to occur at lower
temperatures than at atmospheric pressure. This is better than atmospheric drying, but
still involves heating the product to a certain degree (e.g., 30-60°C) to provide the latent
heat of vaporization. This can still be too high for extremely sensitive materials.

e (B) Agitated Pan Drying: This involves heating and agitating the material, which is
generally not suitable for delicate pharmaceuticals due to both thermal and mechanical
stress.

e (D) Sublimation Drying: This is another name for freeze-drying or lyophilization.
The process involves:

1. Freezing the material to a solid state.
2. Placing it under a high vacuum.

3. Gently heating it (often just to room temperature) to provide the energy for
sublimation, where the frozen water turns directly from a solid (ice) into a gas
(vapor) without passing through a liquid phase.

This method keeps the product at very low temperatures (below 0°C) throughout the
primary drying phase, making it the gentlest drying technique and ideal for preserving
the integrity of highly temperature-sensitive materials like pharmaceuticals.

Step 3: Final Answer:

Sublimation drying (freeze-drying) is the ideal method for drying temperature-sensitive
pharmaceuticals because it removes water at very low temperatures, minimizing thermal
degradation. Therefore, the correct option is (D).

9 Quick Tip

When you see ”temperature sensitive pharmaceuticals” or ”biological materi-
als” in a drying question, the answer is almost always freeze-drying (lyophiliza-
tion/sublimation drying).

53. Tannin is extracted from tree barks by leaching with:
(A) Alkaline solution
(B) Acidic solution
(C) Hot water

(D) Organic solvents

Correct Answer: (C) Hot water
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Solution:

Step 1: Understanding the Concept:

Leaching (or solid-liquid extraction) is the process of extracting a soluble component from a
solid matrix by dissolving it in a liquid solvent. The question asks for the appropriate solvent
to leach tannins from tree barks. Tannins are a class of water-soluble polyphenolic
compounds.

Step 2: Detailed Explanation:

Tannins are naturally occurring compounds found in various plant parts, including bark,
leaves, and wood. They are known for their ability to tan hides into leather. Historically and
industrially, the extraction of tannins has been a well-established process.

e Solubility of Tannins: Tannins are polyphenols, which means they have multiple
hydroxyl (-OH) groups attached to aromatic rings. These hydroxyl groups can form
hydrogen bonds with water molecules, making tannins soluble in water.

e Effect of Temperature: The solubility of most solids in water, including tannins,
increases with temperature. Therefore, using hot water as a solvent significantly
improves the rate and extent of extraction compared to cold water. This is a common
practice in both traditional and industrial extraction of tannins.

e Other Solvents:

— Alkaline and Acidic solutions: While pH can affect the stability and solubility of
tannins, extreme pH values can also cause them to degrade or hydrolyze. Hot water
is a simpler, cheaper, and less destructive solvent.

— Organic solvents: Solvents like ethanol or acetone can also dissolve tannins, and
are sometimes used in laboratories to obtain high-purity extracts. However, for bulk
industrial extraction from tree bark, hot water is the most common, economical, and
environmentally friendly choice.

The process is analogous to brewing tea or coffee, where hot water is used to extract soluble
compounds (including tannins) from plant material.

Step 3: Final Answer:

Hot water is the most effective, economical, and widely used solvent for leaching tannins from
tree barks. Therefore, the correct option is (C).

9 Quick Tip

Think of making tea. Tea contains tannins, and you use hot water to extract them
from the tea leaves. The same principle applies to extracting tannins from tree bark
on a larger scale.

54. In order to have efficient leaching of the desired material, the process Flaking is done to
which of the following raw material:

(A) Sugar extraction from Sugar beet

(B) Oil extraction from vegetable seeds

(C) Iron extraction from hematite
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(D) Aluminium extraction from bauxite
Correct Answer: (B) Oil extraction from vegetable seeds

Solution:

Step 1: Understanding the Concept:

Leaching efficiency depends heavily on the surface area available for contact between the solid
and the solvent, and the distance the solvent must penetrate to reach the solute.
Pre-treatment of the raw material is often done to maximize this contact area and reduce
diffusion path lengths. Flaking is one such pre-treatment method.

Step 2: Detailed Explanation:

What is Flaking?

Flaking is a size reduction and shaping process where a material is passed between large,
smooth rollers under high pressure. This process crushes the material into thin flakes. The
primary purpose of flaking in the context of leaching is to rupture the cell walls of the raw
material, exposing the solute (e.g., oil) and creating a very large surface area for the solvent
to act upon.

Let’s analyze the raw materials:

e (A) Sugar extraction from Sugar beet: Sugar beets are typically sliced into thin
strips called ”cossettes” to increase surface area before leaching with hot water. This is a
form of size reduction, but ”"flaking” is not the standard term.

e (B) Oil extraction from vegetable seeds: This is the classic application for flaking.
Oilseeds like soybeans or sunflower seeds have their oil contained within cellular
structures. Simply crushing them is not enough. Flaking the seeds breaks open the
oil-bearing cells and creates thin flakes (=~ 0.25 mm thick) that provide a massive surface
area for the solvent (usually hexane) to efficiently leach out the oil.

e (C) Iron extraction from hematite and (D) Aluminium extraction from
bauxite: These are metallurgical processes involving chemical reactions at high
temperatures (smelting, Bayer process), not solvent leaching in the same sense. The ore
is typically crushed and ground to a fine powder, not flaked.

Step 3: Final Answer:

Flaking is a crucial pre-treatment step specifically used in the extraction of oil from vegetable
seeds to rupture cell walls and maximize the surface area for efficient leaching. Therefore, the
correct option is (B).

9 Quick Tip

Associate the pre-treatment method with the material structure. For materials with
cellular structures containing the solute (like oilseeds), a process like flaking is needed
to rupture the cells. For porous solids (like ore), grinding is used to reduce particle
size.

55. The constant rate period in drying refers to the stage when:
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(A) Surface moisture is completely removed
(B) Internal moisture starts to migrate

(C) Drying rate remains constant

(D) The temperature of the material drops

Correct Answer: (C) Drying rate remains constant

Solution:

Step 1: Understanding the Concept:

The drying process of a wet solid under constant drying conditions (constant air temperature,
humidity, and velocity) is typically characterized by different periods based on how the drying
rate changes over time. The ”constant rate period” is the initial phase of this process.

Step 2: Detailed Explanation:

Let’s describe the characteristics of the constant rate period:

e The surface of the solid is completely covered with a film of unbound moisture. The solid
behaves as if it were a pool of liquid.

e The rate of evaporation is controlled by the external conditions (heat and mass transfer
from the air to the surface) and not by the properties of the solid itself.

e As long as the surface remains saturated and the external conditions are constant, the
rate of moisture removal (kg/hr - m?) remains constant. This is the defining
characteristic of this period.

e During this period, the surface temperature of the material remains at the wet-bulb
temperature of the drying air, because the heat supplied is used as latent heat of
vaporization.

Now let’s analyze the options:

e (A) Surface moisture is completely removed: This marks the end of the constant
rate period and the beginning of the falling rate period.

e (B) Internal moisture starts to migrate: While internal moisture migrates to the
surface throughout this period to keep it saturated, this is a mechanism, not the defining
characteristic. The rate of migration is sufficient to match the rate of evaporation.

e (C) Drying rate remains constant: This is the direct definition of the constant rate
period. The rate of mass loss per unit area is constant.

e (D) The temperature of the material drops: The temperature of the material’s
surface actually remains constant at the wet-bulb temperature during this period.

Step 3: Final Answer:
The constant rate period of drying is, by definition, the stage during which the rate of drying
is constant. Therefore, the correct option is (C).

9 Quick Tip

The name says it all: in the constant rate period, the drying rate is constant. In
the falling rate period, the drying rate is falling (decreasing).
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56. What happens to the air in a cooling and dehumidification process?
(A) Temperature and humidity increase

(B) Temperature increases, humidity decreases

(C) Temperature and humidity decrease

(D) Only humidity increases

Correct Answer: (C) Temperature and humidity decrease

Solution:

Step 1: Understanding the Concept:

The question describes a common air conditioning process: cooling and dehumidification.
This process involves passing moist air over a surface that is colder than the dew point
temperature of the air.

Step 2: Detailed Explanation:

Let’s break down the process:

1. Cooling: When warm air comes into contact with a cold surface (like the evaporator
coils in an air conditioner), heat is transferred from the air to the surface. This causes
the air’s dry-bulb temperature to decrease. So, temperature decreases.

2. Dehumidification: The cooling surface is maintained at a temperature below the dew
point of the incoming air. The dew point is the temperature at which the water vapor in
the air begins to condense into liquid water. As the air is cooled below its dew point,
water vapor condenses out of the air onto the cold surface. This removal of water vapor
from the air reduces its moisture content. A reduction in moisture content means the
absolute humidity (and usually the relative humidity) decreases. So, humidity
decreases.

Therefore, in a cooling and dehumidification process, both the temperature and the humidity
of the air are reduced.

Step 3: Final Answer:

The process involves cooling the air, which lowers its temperature, and condensing out
moisture, which lowers its humidity. Therefore, both temperature and humidity decrease. The
correct option is (C).

9 Quick Tip

Think of a standard home air conditioner. It blows out cold air (temperature decrease)
and also removes water, which you can see dripping from the outdoor unit (humidity
decrease).

57. The rate-determining step in a reaction mechanism is the one with:
(A) The lowest activation energy

(B) The highest activation energy

(C) No energy barrier
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(D) The fastest rate
Correct Answer: (B) The highest activation energy

Solution:

Step 1: Understanding the Concept:

Many chemical reactions occur through a sequence of elementary steps, collectively known as
the reaction mechanism. The overall rate of the reaction is governed by the slowest step in this
sequence. This slowest step is called the rate-determining step (RDS) or rate-limiting step.
Step 2: Detailed Explanation:

The rate of a chemical reaction step is related to its activation energy (F,) by the Arrhenius

equation:
k= AcFo/ BT

where k is the rate constant. This equation shows an inverse exponential relationship between
the rate constant and the activation energy.

e A high activation energy means a large energy barrier must be overcome for the
reaction to proceed. This results in a small rate constant (k) and a slow reaction rate.

e A low activation energy means a small energy barrier. This results in a large rate
constant (k) and a fast reaction rate.

Since the rate-determining step is the slowest step in the mechanism, it must be the step with
the largest energy barrier to overcome. Therefore, the rate-determining step is the one with
the highest activation energy.

An analogy is a multi-stage assembly line or a group of people walking through a series of
gates. The overall speed of the group is limited by the narrowest gate (the one that lets
people through the slowest). In chemistry, the "narrowest gate” is the step with the highest
energy barrier.

Step 3: Final Answer:

The rate-determining step is the slowest step in a reaction mechanism, and the slowest step is
the one with the highest activation energy. Therefore, the correct option is (B).

@ Quick Tip

Remember this relationship: Highest Activation Energy <> Smallest Rate Con-
stant <> Slowest Step <> Rate-Determining Step.

58. When the conversion of a liquid phase reaction of first order occurring in a CSTR is 60%,
and the molar feed rate is 10 mol/min, and the volume of the reactor is 0.50 litre, then the
reaction rate in mol/lit/min will be:

(A) 12

Correct Answer: (A) 12
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Solution:

Step 1: Understanding the Concept:

The question asks for the reaction rate (—r4) inside a Continuous Stirred-Tank Reactor
(CSTR). A key characteristic of an ideal CSTR is that the contents are perfectly mixed,
meaning the concentration, temperature, and reaction rate are uniform throughout the
reactor and are equal to the values in the exit stream.

Step 2: Key Formula or Approach:

The design equation for a CSTR is:
% Xa

Fao —ra
where:
V' = Volume of the reactor (litres)
F49 = Molar feed rate of reactant A (mol/min)
X 4 = Fractional conversion of reactant A
—r4 = Rate of reaction of A (mol/lit/min)
We can rearrange this equation to solve for the reaction rate —ry4.
Step 3: Detailed Explanation:
First, identify the given values:
Conversion, X4 = 60% = 0.60
Molar feed rate, F49 = 10 mol/min
Reactor volume, V' = 0.50 litres
Rearrange the CSTR design equation to solve for —r4:

_ Fao-Xa
V

Now, substitute the given values into the equation.
Step 4: Calculation:

(10 mol/min) - (0.60)
0.50 litre

6 mol/min

0.50 litre

—r4 = 12 mol/lit/min

_TA:

_TA:

Step 5: Final Answer:
The reaction rate inside the CSTR is 12 mol/lit/min. Therefore, the correct option is (A).

@ Quick Tip

The CSTR. design equation is fundamental. A helpful way to remember it is that the
residence time 7 = V/vg is equal to C'40Xa/(—r4). Multiplying both sides by the ini-
tial concentration C'4¢ and using Flq9 = Cagvg gives the form used in this problem:
V/Fao = Xa/(=74).

59. The reaction type for acid catalysed ester hydrolysis will be:
(A) Zero order reaction
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(B) First order reaction
(C) Pseudo first order reaction
(D) Second order reaction

Correct Answer: (C) Pseudo first order reaction

Solution:

Step 1: Understanding the Concept:

Ester hydrolysis is the reaction of an ester with water to produce a carboxylic acid and an
alcohol. This reaction can be catalyzed by an acid. The question asks for the kinetic order of
this reaction.

The reaction is:

Ester + H2O E) Carboxylic Acid + Alcohol

Step 2: Detailed Explanation:
The rate of this reaction depends on the concentration of the ester and the concentration of
water. The true rate law would be:

Rate = k'[Ester][HyO]

This is a second-order reaction overall (first order with respect to ester and first order with
respect to water).

However, in most practical situations, the hydrolysis is carried out in an aqueous solution
where water is the solvent. In this case, the concentration of water is very large compared to
the concentration of the ester, and it remains essentially constant throughout the reaction.
Since [H20] is a constant, we can combine it with the rate constant k’ to define a new,
observed rate constant, k:

k= k:’[HQO]
The rate law can then be rewritten as:

Rate = k[Ester]

This rate law is first order. Because the reaction is truly second order but behaves as if it
were first order under these specific conditions (one reactant in large excess), it is called a
pseudo-first-order reaction.

Step 3: Final Answer:

Acid-catalyzed ester hydrolysis is a second-order reaction, but because water is typically
present in large excess as the solvent, its concentration is constant, and the reaction follows
first-order kinetics. This is known as a pseudo-first-order reaction. The correct option is (C).

9 Quick Tip

Look for reactions where one reactant is the solvent (often water). If that reactant ap-
pears in the true rate law, the reaction is likely to be "pseudo-order” because the sol-
vent’s concentration doesn’t change significantly.

60. Mixing of entering and exit fluid does not occur in which one of the following reactors?
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(A)
(B) Plug flow

(C) Mixed Flow
(D) Semi batch

Batch flow

Correct Answer: (B) Plug flow

Solution:

Step 1: Understanding the Concept:

The question asks to identify the reactor type characterized by the absence of mixing between
the entering and exiting fluid. This relates to the concept of residence time distribution
(RTD) and the degree of axial dispersion or backmixing in a continuous reactor.

Step 2: Detailed Explanation:

Let’s analyze the mixing characteristics of the different reactor types:

e (A) Batch flow: This term is confusing. A ”Batch reactor” has no inlet or outlet flow
during reaction. A ”Semi-batch reactor” has either an inlet or an outlet, but not both.
In both cases, the contents are typically well-mixed internally, but there’s no continuous
mixing of inlet and outlet streams.

e (B) Plug flow reactor (PFR): The ideal PFR model assumes that fluid flows through
the reactor as a series of "plugs” in an orderly fashion. Crucially, there is no axial
mixing; that is, there is no mixing in the direction of flow. Fluid that enters at a certain
time exits at a specific time later (the residence time), and it does not mix with fluid that
entered earlier or later. Therefore, the entering fluid does not mix with the exiting fluid.

e (C) Mixed Flow reactor (MFR): This is another name for a Continuous
Stirred-Tank Reactor (CSTR). The ideal MFR, assumes perfect mixing. This means the
moment the entering fluid enters the reactor, it is instantaneously and completely mixed
with the entire contents of the reactor. As a result, the composition of the fluid inside
the reactor is uniform and is identical to the composition of the exit stream. There is
complete mixing of entering and exit fluid.

e (D) Semi-batch reactor: As mentioned, there is internal mixing, but the concept of
mixing ”entering and exit fluid” is not directly applicable in the same way as for a
continuous reactor, as there isn’t a continuous exit stream if there is a continuous inlet
stream (and vice versa).

Step 3: Final Answer:

The Plug Flow Reactor (PFR) is the ideal reactor model where there is no mixing in the
direction of flow. Fluid elements pass through the reactor without interacting with those
ahead or behind them. Thus, mixing of entering and exit fluid does not occur. The correct
option is (B).

@ Quick Tip

Remember the two extremes of ideal continuous reactors:
e CSTR (Mixed Flow): Perfect mixing, maximum backmixing.

e PFR (Plug Flow): No axial mixing, zero backmixing.
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61. The Thiele modulus represents:

(A) Surface reaction rate to diffusion rate
(B) Overall reaction order

(C) Mass transfer rate

(D) Temperature profile

Correct Answer: (A) Surface reaction rate to diffusion rate

Solution:

Step 1: Understanding the Concept:

The Thiele modulus (¢) is a dimensionless parameter used in the analysis of heterogeneous
catalytic reactions involving porous catalysts. It provides a measure of the relative
importance of the intrinsic chemical reaction rate compared to the rate of pore diffusion.
Step 2: Key Formula or Approach:

The Thiele modulus is generally defined as:

Characteristic reaction rate

ng

~ Characteristic diffusion rate

For a first-order reaction in a spherical catalyst pellet of radius R, the Thiele modulus is given

by:
k
6= R[5
where:

R is a characteristic length of the catalyst (e.g., radius of a sphere).

k is the intrinsic first-order reaction rate constant (units of 1/time).

D, is the effective diffusivity of the reactant within the catalyst pores (units of length?/time).
Step 3: Detailed Explanation:

Let’s analyze the ratio represented by the Thiele modulus:

e The numerator (related to the reaction rate constant k) represents how fast the chemical
reaction would proceed if there were no diffusion limitations (i.e., if the reactant
concentration was uniform throughout the pellet). This can be thought of as the ”surface
reaction rate” or ”intrinsic reaction rate”.

e The denominator (related to the effective diffusivity D.) represents how fast the reactant
can diffuse from the outer surface of the catalyst pellet into its interior pores.

Therefore, the Thiele modulus is a ratio of the reaction rate to the diffusion rate.

e If ¢ is small (< 1), it means diffusion is much faster than reaction. The reactant can
easily penetrate the entire catalyst pellet, and the reaction is not limited by diffusion.
The catalyst effectiveness factor (n) is close to 1.

o If ¢ is large (> 1), it means the reaction is much faster than diffusion. The reactant is
consumed near the outer surface of the pellet before it can diffuse deep inside. The
reaction is strongly limited by pore diffusion, and the effectiveness factor is low

(n=1/9).
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Step 4: Final Answer:

The Thiele modulus represents the ratio of the intrinsic reaction rate to the rate of pore
diffusion. Option (A) ”Surface reaction rate to diffusion rate” is the best description of this
relationship. The correct option is (A).

@ Quick Tip

Think of the Thiele modulus as a competition: Reaction vs. Diffusion. A large
Thiele modulus means the reaction wins (it’s fast), so the process is diffusion-limited.
A small Thiele modulus means diffusion wins (it’s fast), so the process is reaction-
limited.

62. In a heterogeneous catalytic reaction, the effectiveness factor is:
(A) Ratio of actual rate to rate if no diffusion limitations

(B) Ratio of surface area to catalyst weight

(C) Mass transfer coefficient

(D) Catalyst deactivation factor

Correct Answer: (A) Ratio of actual rate to rate if no diffusion limitations

Solution:

Step 1: Understanding the Concept:

In heterogeneous catalysis involving porous catalysts, the overall observed reaction rate can
be slower than the intrinsic chemical reaction rate due to mass transfer limitations,
specifically pore diffusion. The catalyst effectiveness factor (n) is a dimensionless parameter
that quantifies this reduction in rate.

Step 2: Key Formula or Approach:

The effectiveness factor (1) is defined as:

Actual overall rate of reaction

= Rate that would be observed if the entire interior surface of the catalyst pellet were exposed to the «

In simpler terms:
Actual rate

T Tdeal rate (rate with no diffusion limitations)

Step 3: Detailed Explanation:
e The numerator (Actual rate) is the observed reaction rate for the entire catalyst

pellet, accounting for the fact that the reactant concentration may be lower inside the
pores than at the surface due to diffusion limitations.

e The denominator (Ideal rate) represents the maximum possible reaction rate, which
would occur if the diffusion were infinitely fast, so that the concentration of the reactant
was uniform throughout the pellet and equal to the concentration at the pellet’s external
surface.

The value of n is always less than or equal to 1.

69



e If » =1, there are no pore diffusion limitations. The actual rate is equal to the ideal
rate. This happens for small catalyst particles or slow reactions (small Thiele modulus).

e If n < 1, the reaction is limited by pore diffusion. The interior of the catalyst is not
being used effectively because the reactant is consumed before it can diffuse deep inside.
This happens for large particles or fast reactions (large Thiele modulus).

Step 4: Final Answer:

The catalyst effectiveness factor is the ratio of the actual observed reaction rate to the ideal
rate that would occur in the absence of any internal diffusion limitations. Therefore, the
correct option is (A).

9 Quick Tip

The effectiveness factor, n, answers the question: ”How effective is my catalyst at using
its internal surface area?” An effectiveness factor of 0.1 means the catalyst is only per-
forming at 10% of its full potential due to slow diffusion inside its pores.

63. A zero-order reaction has a rate that is:

(A) Independent of reactant concentration

(B) Proportional to the reactant concentration

(C) Proportional to the square of the reactant concentration
(D) Inversely proportional to reactant concentration

Correct Answer: (A) Independent of reactant concentration

Solution:

Step 1: Understanding the Concept:

The order of a reaction with respect to a particular reactant describes how the reaction rate
depends on the concentration of that reactant. The overall order is the sum of the exponents
of the concentration terms in the rate law.

Step 2: Key Formula or Approach:

The general form of a rate law for a reaction A — Products is:

Rate = k[A]"

where:

k = rate constant

[A] = concentration of reactant A

n = order of the reaction with respect to A

Step 3: Detailed Explanation:

For a zero-order reaction, the exponent n is equal to 0. Substituting n = 0 into the general

rate law:
Rate = k[A]°

Since any number raised to the power of zero is 1, the equation simplifies to:

Rate=kx 1=k
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This means that the rate of a zero-order reaction is constant and does not depend on the
concentration of the reactant [A]. The reaction proceeds at the same speed regardless of how
much reactant is present (until the reactant is completely consumed).

Let’s analyze the other options:

e (B) Proportional to the reactant concentration: This describes a first-order
reaction (n = 1).
e (C) Proportional to the square of the reactant concentration: This describes a

second-order reaction (n = 2).

e (D) Inversely proportional to reactant concentration: This would correspond to a
negative order (n = —1), which is uncommon but possible in complex mechanisms.

Step 4: Final Answer:
A zero-order reaction has a rate that is equal to the rate constant and is therefore
independent of the concentration of the reactants. The correct option is (A).

Q Quick Tip

Match the reaction order to its dependence on concentration [C]:
e Zero-order: Rate o [C] (Independent)
e First-order: Rate oc [C]! (Linear)

e Second-order: Rate o [C]? (Squared)

64. The Damkéhler number (Da) relates:
(A) Reaction rate to diffusion rate

(B) Heat transfer to mass transfer

(C) Reactor volume to flow rate

(D) Pressure to temperature

Correct Answer: (A) Reaction rate to diffusion rate

Solution:

Step 1: Understanding the Concept:

Damkéohler numbers (Da) are dimensionless numbers used in chemical engineering to relate
the timescale of a chemical reaction to other transport phenomena timescales occurring in a
system. There are several Damkohler numbers, each relating the reaction rate to a different
transport process.

Step 2: Detailed Explanation:

The most common Damkohler number (often denoted Day) relates the chemical reaction
timescale to the convection or bulk flow timescale. It is defined as:

Characteristic reaction rate ~ —rqoV

Da;

 Characteristic convection rate  Fyg

This can be interpreted as the ratio of (reaction rate) to (flow rate).
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However, another important Damkohler number (Dajl), particularly in catalysis and
combustion, relates the chemical reaction rate to the molecular diffusion rate. It is defined as:
Characteristic reaction rate ~ kL?

Da = =
i Characteristic diffusion rate D

where k is the reaction rate constant, L is a characteristic length, and D is the diffusivity.
Notice that this is the square of the Thiele modulus (¢?).
Let’s analyze the options in the context of common definitions:

e (A) Reaction rate to diffusion rate: This corresponds to the second Damkdhler
number (Dayr), which is a valid and important definition, especially in heterogeneous
systems. It essentially serves the same purpose as the Thiele modulus.

e (B) Heat transfer to mass transfer: This is related by the Lewis number (Le).

e (C) Reactor volume to flow rate: This is the residence time (7). While the first
Damkohler number relates reaction rate to flow rate, this option only describes a
timescale, not a ratio of rates.

e (D) Pressure to temperature: This is related by the ideal gas law or other equations
of state.

Given the options, the most appropriate and common physical interpretation of ”the
Damkohler number” in a general context of competing phenomena is the ratio of reaction rate
to a transport rate. Both convection and diffusion are key transport rates. Since ”Reaction
rate to diffusion rate” is an option and is a standard definition (Dayy), it is the correct choice.
It’s conceptually very similar to the Thiele modulus.

Step 3: Final Answer:

The Damkdhler number is a dimensionless group that compares the rate of reaction to the
rate of a transport phenomenon. One of its key definitions is the ratio of the reaction rate to
the diffusion rate. Therefore, the correct option is (A).

9 Quick Tip

Both the Damkohler number and the Thiele modulus compare reaction rate to diffu-
sion rate. You can think of them as serving the same conceptual purpose in analyzing
reaction-diffusion systems. If Da or ¢ is large, the system is diffusion-limited.

65. A catalyst increases the rate of reaction by:
(A) Increasing activation energy

(B) Decreasing activation energy

(C) Changing the equilibrium constant

(D) Increasing temperature

Correct Answer: (B) Decreasing activation energy

Solution:
Step 1: Understanding the Concept:
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A catalyst is a substance that increases the rate of a chemical reaction without being
consumed in the process. It achieves this by providing an alternative reaction pathway or
mechanism.

Step 2: Detailed Explanation:

Let’s analyze the effect of a catalyst from an energy perspective using a reaction coordinate
diagram.

e Every reaction must overcome an energy barrier, known as the activation energy (E,), to
proceed from reactants to products.

e The height of this barrier determines the reaction rate; a higher barrier means a slower
reaction.

e A catalyst works by providing a different mechanism with a lower activation energy. It
creates a new "mountain pass” that is easier to cross than the original "mountain peak”.

e By lowering the activation energy, more reactant molecules have sufficient energy to
overcome the barrier at a given temperature, which leads to a significant increase in the
reaction rate, as described by the Arrhenius equation (k = Ae™Fe/HT),

Now let’s examine the options:

e (A) Increasing activation energy: This would slow down the reaction, which is the
opposite of what a catalyst does. (This describes an inhibitor).

e (B) Decreasing activation energy: This is the correct mechanism by which a
catalyst speeds up a reaction.

e (C) Changing the equilibrium constant: A catalyst speeds up both the forward and
reverse reactions equally. Therefore, it helps the system reach equilibrium faster, but it
does not change the position of the equilibrium itself. The equilibrium constant (K),
which depends only on the thermodynamics (change in Gibbs free energy) of the overall
reaction, remains unchanged.

e (D) Increasing temperature: Increasing temperature does increase the reaction rate,
but it is not the action of the catalyst. A catalyst works to increase the rate at a given
temperature.

Step 3: Final Answer:
A catalyst increases the reaction rate by providing an alternative reaction pathway with a
lower activation energy. Therefore, the correct option is (B).

9 Quick Tip

Key facts about catalysts:
1. They increase the rate of both forward and reverse reactions.
2. They do this by lowering the activation energy.

3. They do NOT affect the overall thermodynamics (AG, AH) or the equilibrium
constant (K).

4. They are not consumed in the overall reaction.
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66. The reaction A+B—C is elementary. If the concentration of A is doubled, the rate will:
(A) Remain the same
(B) Double

(C) Quadruple
(D) Decrease by half

Correct Answer: (B) Double

Solution:
Step 1: Understanding the Concept:
An elementary reaction is a reaction that occurs in a single step. For an elementary reaction,
the rate law can be written directly from its stoichiometry. The order of the reaction with
respect to each reactant is equal to its stoichiometric coefficient.
Step 2: Key Formula or Approach:
The given elementary reaction is:
A+B—C

The stoichiometric coefficient for reactant A is 1, and for reactant B is 1.
Since the reaction is elementary, the rate law is:

Rate = k[A]'[B]! = k[A]|B]

This means the reaction is first order with respect to A and first order with respect to B.
Step 3: Detailed Explanation:
We want to see how the rate changes when the concentration of A, [A], is doubled. Let the

initial rate be R:
Ry = k[A4][B1]

Now, let’s create the new conditions where the concentration of A is doubled, while the
concentration of B is kept constant. New concentration of A: [Ag] = 2[A;]
Concentration of B remains the same: [Bs] = [Bj]
The new rate, Ro, will be:

Ry = k[A2][Bs] = k(2[A1])([B1])

RQ =2 X (k‘[Al][Bl])

By comparing R with Ry, we see:
RQ =2X Rl

Step 4: Final Answer:
Since the reaction is first order with respect to A, doubling the concentration of A will double
the reaction rate. Therefore, the correct option is (B).

9 Quick Tip

For an elementary reaction, the exponents in the rate law are the same as the stoichio-
metric coefficients. If the rate is Rate = k[A]", and you multiply [A] by a factor 'x’, the
rate will be multiplied by a factor of ™. Here, n=1 and x=2, so the rate is multiplied
by 2t = 2.

74



67. For an exothermic reaction, increasing temperature will:
(A) Shift the equilibrium toward products

(B) Not affect the equilibrium

(C) Increase activation energy

(D) Shift the equilibrium toward reactants

Correct Answer: (D) Shift the equilibrium toward reactants

Solution:

Step 1: Understanding the Concept:

The question asks about the effect of temperature on the equilibrium position of an
exothermic reaction. This is governed by Le Chatelier’s Principle.

An exothermic reaction is one that releases heat. We can write it schematically as:

Reactants = Products + Heat

Step 2: Detailed Explanation:

Le Chatelier’s Principle states that if a change (like a change in temperature, pressure, or
concentration) is applied to a system at equilibrium, the system will shift its equilibrium
position in a way that counteracts the change.

1. The Change: We are increasing the temperature. This is equivalent to adding heat to
the system.

2. The System’s Response: To counteract the addition of heat, the system will try to
consume the excess heat.

3. The Shift: Looking at the schematic reaction (Reactants = Products + Heat), the
reverse reaction (Products — Reactants) consumes heat. Therefore, to use up the added
heat, the equilibrium will shift to the left, in favor of the reactants.

This means that at a higher temperature, the equilibrium mixture will contain a higher
concentration of reactants and a lower concentration of products compared to the equilibrium
at a lower temperature. The equilibrium constant, K, for an exothermic reaction decreases as
temperature increases.

Let’s analyze the options:

e (A) Shift the equilibrium toward products: This is incorrect. This happens for an
endothermic reaction.

e (B) Not affect the equilibrium: This is incorrect. Temperature is the one variable
that changes the value of the equilibrium constant.

e (C) Increase activation energy: Temperature does not change the activation energy.
A catalyst does.

e (D) Shift the equilibrium toward reactants: This is correct. The system shifts in
the endothermic (reverse) direction to absorb the added heat.
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Step 3: Final Answer:

For an exothermic reaction, increasing the temperature adds heat to the system, causing the
equilibrium to shift in the direction that absorbs heat, which is the reverse reaction. The
equilibrium shifts toward the reactants. Therefore, the correct option is (D).

Q Quick Tip

A simple way to remember this: Think of "heat” as a product in an exothermic reac-
tion. If you add more of a "product” (heat), the equilibrium will shift away from the
products and toward the reactants.

68. A reversible reaction A=B reaches equilibrium when:
(A) Forward rate = Reverse rate

(B) All A is converted to B

(C) Temperature is zero

(D)

Pressure is infinite
Correct Answer: (A) Forward rate = Reverse rate

Solution:

Step 1: Understanding the Concept:

Chemical equilibrium is a state in a reversible reaction where the rate of the forward reaction
(reactants forming products) is exactly equal to the rate of the reverse reaction (products
forming reactants). This does not mean the reaction has stopped; rather, it is a dynamic state
where both reactions continue to occur at the same speed.

Step 2: Detailed Explanation:

Let’s analyze the conditions of a reversible reaction A = B:

e Initially, only reactant A is present, so the forward rate (A — B) is high and the reverse
rate (B — A) is zero.

e As A is consumed and B is formed, the forward rate decreases and the reverse rate
increases.

e Equilibrium is reached when the concentrations of A and B become constant because the
rate at which A is converting to B is perfectly balanced by the rate at which B is
converting back to A.

Now let’s review the options:

e (A) Forward rate = Reverse rate: This is the fundamental definition of dynamic
chemical equilibrium. The net rate of reaction becomes zero, and the concentrations of
reactants and products no longer change.

e (B) All A is converted to B: This would describe a reaction that goes to completion.
In a reversible reaction at equilibrium, both reactants and products are present.

e (C) Temperature is zero and (D) Pressure is infinite: These are specific physical
conditions and do not define the general state of chemical equilibrium.
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Step 3: Final Answer:
A reversible reaction reaches equilibrium when the rate of the forward reaction equals the rate
of the reverse reaction. The correct option is (A).

9 Quick Tip

Think of equilibrium as a ”balanced” state, not a ”static” one. The reactions are still
happening, but the net effect is zero change. It’s like two people on a seesaw of equal
weight; they are balanced, but both are still there.

69. For a first order reaction, the starting material reduces to le th of its initial value after 20
min. The rate constant of the reaction will be: (Given In 4 = 1.38)

(A) 0.069 min~!

(B) 1.3844 min~!

(C) 4.3465 min—1

(D) 2.1674 min~!

Correct Answer: (A) 0.069 min~!

Solution:

Step 1: Understanding the Concept:

The question asks for the rate constant (k) of a first-order reaction, given the time it takes for
the concentration of the reactant to decrease to a specific fraction of its initial value. We need
to use the integrated rate law for a first-order reaction.

Step 2: Key Formula or Approach:

The integrated rate law for a first-order reaction is:

Cao
1 —_— —
n ( Ca ) kt

C a0 = initial concentration of the reactant

C'4 = concentration of the reactant at time t

k = first-order rate constant

t = time

Step 3: Detailed Explanation:

First, identify the given information from the problem:

where:

e The material reduces to ith of its initial value, which means C'y = %lC 40-
e The time taken for this reduction is t = 20 min.
e We are also given that In(4) = 1.38.

Now, substitute these values into the integrated rate law:

In (1CAO > =k x (20 min)

7C40
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The Cy9 terms cancel out:

In(4) = 20k
Step 4: Calculation:
Substitute the given value of In(4):
1.38 = 20k
Now, solve for k:
138 . 4
= —— min
20

k = 0.069 min

Step 5: Final Answer:
The rate constant of the reaction is 0.069 min~!. The correct option is (A).

Q Quick Tip

For first-order reactions, the time taken to reach a certain fraction of the initial con-
centration is constant. The time for the concentration to become 1/4th is exactly two
half-lives (t1/5). Here, 2 X t;/5 = 20 min, so ¢;/5 = 10 min. You can then use the for-
mula k = In(2)/t; 5 & 0.693/10 = 0.0693 min™".

70. If the formation of ammonia, shown below, is exothermic at 25°C, what will be the effect
of increasing the system’s temperature?

3Ha(g) + Na(g) = 2N Hz(g)

(A) The value of K will increase

(B) The value of K will decrease

(C) The equilibrium will shift to the right

(D) The [Ha] will decrease

Correct Answer: (B) The value of K will decrease

Solution:

Step 1: Understanding the Concept:

This question applies Le Chatelier’s Principle to an exothermic reaction. An exothermic
reaction releases heat, so we can think of heat as a product. The equilibrium constant (K) is
a measure of the ratio of products to reactants at equilibrium. We need to determine how this
ratio changes when temperature is increased.

The reaction is: 3Ha(g) + Na2(g) = 2N Hs(g) + Heat

Step 2: Detailed Explanation:

According to Le Chatelier’s Principle, if a change is imposed on a system at equilibrium, the
system will shift to counteract the change.

e The Change: The system’s temperature is increased. This is like adding heat to the
system.

e The Counteraction: The system will try to consume the added heat.
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e The Shift: The reverse reaction (decomposition of ammonia into hydrogen and
nitrogen) is endothermic (consumes heat). Therefore, to counteract the increase in
temperature, the equilibrium will shift to the left, favoring the reactants.

Now let’s see how this shift affects the equilibrium constant (K) and the concentrations:

e A shift to the left means the concentration of the product ([NHs]) will decrease, and the
concentrations of the reactants ([Hg] and [N3]) will increase.

2
e The equilibrium constant is given by K = % Since the numerator decreases and

the denominator increases, the overall value of K will decrease.
Analyzing the options:
e (A) The value of K will increase: Incorrect.

e (B) The value of K will decrease: Correct.

(B)
e (C) The equilibrium will shift to the right: Incorrect, it shifts left.
e (D) The [Hg| will decrease: Incorrect, it will increase as the equilibrium shifts left.

Step 3: Final Answer:

For an exothermic reaction, increasing the temperature shifts the equilibrium towards the
reactants, which causes the value of the equilibrium constant K to decrease. The correct
option is (B).

Q@ Quick Tip

Remember Van’t Hoff’s equation, which formalizes this relationship. For an exothermic
reaction (AH < 0), an increase in T leads to a decrease in K. For an endothermic reac-
tion (AH > 0), an increase in T leads to an increase in K.

71. Which model is commonly used to describe non-ideal flow with backmixing?
(A) Ideal PFR model

(B) Ideal CSTR model

(C) Axial Dispersion Model

(D)

Batch reactor model
Correct Answer: (C) Axial Dispersion Model

Solution:

Step 1: Understanding the Concept:

Ideal reactor models (PFR and CSTR) represent the two extremes of mixing. A real reactor’s
flow pattern often lies somewhere in between. Non-ideal flow models are used to describe
these real-world behaviors. Backmixing refers to the phenomenon where fluid mixes in the
direction opposite to the main flow, a deviation from ideal plug flow.

Step 2: Detailed Explanation:

Let’s review the models:
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e (A) Ideal PFR model (Plug Flow Reactor): This model assumes zero backmixing.
All fluid elements have the same residence time. It represents one extreme of ideal flow.

e (B) Ideal CSTR model (Continuous Stirred-Tank Reactor): This model assumes
complete and instantaneous backmixing. The contents are perfectly uniform, and there is
a wide distribution of residence times. It represents the other extreme of ideal flow.

e (C) Axial Dispersion Model: This is a one-parameter model used to quantify the
degree of non-ideality in tubular reactors. It superimposes a diffusion-like mixing process
(dispersion) onto the ideal plug flow model. The magnitude of this ”axial dispersion”
accounts for the extent of backmixing. A large dispersion coefficient means the reactor
behaves more like a CSTR, while a zero dispersion coefficient corresponds to an ideal
PFR. This model is specifically designed to describe non-ideal flow with backmixing.

e (D) Batch reactor model: This model describes a system with no inlet or outlet flow
during the reaction. It is not a model for continuous flow.

Step 3: Final Answer:
The Axial Dispersion Model is the standard model used to describe and quantify the degree
of backmixing in a non-ideal tubular reactor. The correct option is (C).

9 Quick Tip

Think of a spectrum of mixing:

Ideal PFR (Zero Backmixing) <> Axial Dispersion Model (Some Backmix-
ing) <> Ideal CSTR (Complete Backmixing).

The dispersion model bridges the gap between the two ideal models.

on reaction rate.

72. The Arrhenius equation describes the effect of
(A) Pressure
(B) Temperature
(C) Volume
(D) Catalyst

Correct Answer: (B) Temperature

Solution:

Step 1: Understanding the Concept:

The Arrhenius equation is a fundamental formula in chemical kinetics that provides a
quantitative relationship between the rate constant of a chemical reaction and the
temperature.

Step 2: Key Formula or Approach:

The equation is given by:
k= Ac~Fe/RT

where:
k = the reaction rate constant
A = the pre-exponential factor (related to collision frequency)
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E, = the activation energy

R = the ideal gas constant

T = the absolute temperature (in Kelvin)

Step 3: Detailed Explanation:

The equation clearly shows that the rate constant k, which in turn determines the reaction
rate, is a strong function of temperature T. As temperature increases, the exponential term
e Ba/ET increases, leading to a larger rate constant and a faster reaction rate. While
pressure, volume, and catalysts all affect reaction rates, the Arrhenius equation specifically
describes the effect of temperature.

Step 4: Final Answer:

The Arrhenius equation mathematically describes the effect of temperature on the rate of a
chemical reaction. The correct option is (B).

9 Quick Tip

A common rule of thumb derived from the Arrhenius equation is that for many reac-
tions at room temperature, the rate approximately doubles for every 10°C rise in tem-
perature.

73. Which of the options correctly represents the laplace inverse of 2/s3?
(A) t2
B) t3
C) t2
D) t3
Correct Answer: (A) t2

Solution:

Step 1: Understanding the Concept:

The question asks for the inverse Laplace transform of the function F(s) =
find the function f(¢) in the time domain whose Laplace transform is F(s).
Step 2: Key Formula or Approach:

We will use the standard Laplace transform pair for the power function ¢":

5%. We need to

n n!
L") = o

where n is a non-negative integer.
The corresponding inverse transform is:

!
b,
L { gn+1 } =1
Step 3: Detailed Explanation:
We are given the function F(s) = 8% We need to match this to the form SZ}%
By comparing the denominators, we have:




This implies:
3=n+1 = n=2

Now, let’s check the numerator. For n = 2, the numerator should be n! =2!' =2 x 1 = 2. Our

function is F(s) = &, which exactly matches the form 522—1[

Therefore, the inverse Laplace transform is ¢" with n = 2.

Step 4: Calculation:
2 2!
-1 _ -1 42
{5 e
Step 5: Final Answer:

The inverse Laplace transform of 2/s3 is t2. The correct option is (A).

@ Quick Tip

Memorize the key Laplace transform pairs, especially for powers of t: £{1} = %,

L{t} = 5%, L{t?} = 8%, and generally L{t"} = SZ}% This will make solving these
problems much faster.

74. What type of controller is used for the control of flow of liquid from a pump?
(A) P controller

(B) PD controller

(C) PID controller

(D) PI controller

Correct Answer: (D) PI controller

Solution:

Step 1: Understanding the Concept:

The question asks for the standard type of controller for a flow control loop. Flow is typically
a fast-responding process with little to no dead time. The choice of controller depends on the
process dynamics and control objectives.

Step 2: Detailed Explanation:

Let’s analyze the controller actions in the context of flow control:

e Proportional (P) Action: This provides a control output proportional to the error.
For a P-only controller, a sustained error (steady-state offset) is usually required to
maintain a non-zero control output. Since we typically want the flow to be exactly at the
setpoint, a P-only controller is generally inadequate because it leaves an offset.

e Integral (I) Action: This action integrates the error over time. Its purpose is to
eliminate steady-state offset. As long as there is an error, the integral term will continue
to adjust the output until the error is zero. This is highly desirable for flow control.

e Derivative (D) Action: This action responds to the rate of change of the error. It has
an anticipatory effect and can improve stability and response speed for slow processes
(like temperature control). However, flow processes are fast and can be noisy. The
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derivative action amplifies measurement noise, which can lead to erratic control valve
movement and wear. Therefore, D-action is rarely used and often detrimental in flow
control.

Conclusion: The combination of Proportional and Integral action (a PI controller) is ideal.
The P action provides a fast initial response, and the I action ensures that any steady-state
offset is eliminated.

Step 3: Final Answer:

For flow control, which is a fast process requiring zero steady-state offset, a PI controller is
the industry standard. The correct option is (D).

9 Quick Tip

Match the controller type to the process dynamics:
e Flow/Pressure (Fast): PI controller is standard.

e Level (Integrating): P-only is often sufficient.

e Temperature (Slow with lag): PID controller is often best.

75. For a stable closed loop system, the gain at phase crossover frequency should always be:
(A) <20dB
(B) <6dB
(C) >0dB
(D) > 6 dB

Correct Answer: There is an error in the provided answer key. The correct answer based on
control theory should be **less than 0 dB**.

Solution:

Step 1: Understanding the Concept:

This question relates to the frequency-response stability analysis of a closed-loop control
system, specifically the Bode stability criterion.

e The phase crossover frequency (wy.) is the frequency at which the phase angle of the
open-loop transfer function Gor,(jw) is exactly -180 degrees.

e The gain at this frequency is a critical measure for stability.

Step 2: Detailed Explanation:

The Bode stability criterion states that for a closed-loop system to be stable, the magnitude
of the open-loop gain must be less than 1 at the phase crossover frequency.

Let’s express this in decibels (dB):

The gain in dB is calculated as 20log;y(Gain). If the gain must be less than 1, then:

Gain < 1
Taking 20log;, of both sides:
20log(Gain) < 201logg(1)
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Gain (dB) < 0 dB

Therefore, for a stable system, the gain at the phase crossover frequency must be less than 0
dB.

Analysis of Options and Answer Key:

None of the options exactly match the correct criterion (< 0 dB). However, options (A) and
(B) are subsets of this condition. The provided answer key in the image points to option (C)
‘., 0 dB‘, which is incorrect and would describe an unstable system. The Gain Margin
(GM), which is a measure of relative stability, is defined as GM = —(Gain in dB at wy.). For
stability, the Gain Margin must be positive (GM ; 0 dB), which implies that the Gain itself
must be negative (j 0 dB). It is highly likely the question had a typo and meant to ask for the
”Gain Margin”. If the question were ”the gain margin...should always be:”, then ”; 0 dB”
would be correct. Based on the literal question about ”the gain”, none of the positive options
are correct. The most correct choices would be (A) or (B). Given the discrepancy, we explain
the correct theory.

Step 3: Final Answer:

According to the Bode stability criterion, for a closed-loop system to be stable, the gain at
the phase crossover frequency must be less than unity, which corresponds to a value less than
0 dB. There appears to be an error in the question’s options and the provided answer key.

Q Quick Tip

Remember the stability margins:

e Gain Margin (GM): Must be ; 1 (or § 0 dB). This is the factor by which the
gain can be increased before instability. GM is calculated at the phase crossover
frequency.

e Phase Margin (PM): Must be j 0 degrees. This is the amount of additional
phase lag required to make the system unstable. PM is calculated at the gain
crossover frequency.

76. Gain margin and phase margin are measures of:
(A) Process efficiency

(B) Steady-state error

(C) Controller cost

(D) Relative stability

Correct Answer: (D) Relative stability

Solution:

Step 1: Understanding the Concept:

Stability of a control system determines if its output will remain bounded or grow indefinitely
when subjected to a bounded input. While stability is a binary property (a system is either
stable or unstable), it is often useful to know *how close* a stable system is to becoming
unstable. This is where gain and phase margins are used.

Step 2: Detailed Explanation:
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e Absolute Stability: This simply answers the question: Is the system stable? (Yes/No).
This is determined by checking if the stability criteria are met (e.g., gain margin ; 0 dB
and phase margin ; 0°).

e Relative Stability: This provides a quantitative measure of how stable the system is.
The Gain Margin (GM) and Phase Margin (PM) are the primary measures of relative
stability.

— A large gain margin means the system’s gain can be increased by a large factor
before it becomes unstable.

— A large phase margin means the system can tolerate a large amount of additional
time delay or phase lag before becoming unstable.

A system with large margins is very robust and stable, while a system with small
margins is close to instability and may exhibit oscillatory behavior.

Therefore, GM and PM are not measures of efficiency, error, or cost, but of how robustly
stable the system is.

Step 3: Final Answer:

Gain margin and phase margin quantify how far a system is from the brink of instability,
which is known as relative stability. The correct option is (D).

9 Quick Tip

Think of "margin” as a ”safety margin”. Gain margin is the safety margin in gain,
and phase margin is the safety margin in phase. Larger margins mean a safer, more
robustly stable system.

77. Which control strategy is used to anticipate disturbances before they affect the process?
(A) Feedback control

(B) Feedforward control

(C) Cascade control

(D) On-off control

Correct Answer: (B) Feedforward control

Solution:

Step 1: Understanding the Concept:

Control strategies can be broadly classified as reactive or proactive. A reactive strategy waits
for an error to appear and then corrects it, while a proactive strategy tries to prevent the
error from occurring in the first place.

Step 2: Detailed Explanation:

e (A) Feedback control: This is a reactive strategy. It measures the process output
(controlled variable), compares it to the setpoint, and if there is an error, it adjusts the
manipulated variable. It must wait for a disturbance to affect the process and create an
error before it can take action.
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e (B) Feedforward control: This is a proactive or anticipatory strategy. It measures a
key disturbance variable *before* it enters the process. Using a model of how that
disturbance will affect the process output, the controller makes a pre-emptive adjustment
to the manipulated variable to cancel out the disturbance’s effect. It anticipates the
disturbance and acts to prevent it from causing an error.

e (C) Cascade control: This is an advanced form of feedback control that uses a
secondary (faster) loop to improve the response of the primary loop, particularly to
disturbances that affect the secondary variable. It is still a reactive strategy.

e (D) On-off control: This is the simplest form of feedback control, where the
manipulated variable is either fully on or fully off. It is reactive.

Step 3: Final Answer:
Feedforward control is the strategy designed to anticipate the effect of a disturbance and take
corrective action before the process output is affected. The correct option is (B).

@ Quick Tip

Remember the difference with a simple analogy:

e Feedback: Driving a car and correcting when you see you are drifting out of your
lane. (Reactive)

e Feedforward: Seeing a curve in the road ahead and turning the steering wheel in
advance to stay in the lane. (Anticipatory/Proactive)

78. Dead time in a process refers to:

(A) Time taken to reach steady state

(B) Time delay between input change and output response
(C) Time constant of the system

(D) Time for the controller to react

Correct Answer: (B) Time delay between input change and output response

Solution:

Step 1: Understanding the Concept:

Dead time, also known as transport lag or pure time delay, is a common feature in many
physical and chemical processes. It represents the time it takes for a material or information
to be transported from one point to another.

Step 2: Detailed Explanation:

When a change is made to a process input (e.g., changing a valve position), dead time is the
finite period during which no effect of this change is observed at the process output. After the
dead time has elapsed, the output begins to respond to the input change.

Let’s analyze the options:

e (A) Time taken to reach steady state: This is incorrect. This is the settling time of
the process, which occurs after the dead time and the dynamic response.
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e (B) Time delay between input change and output response: This is the precise
definition of dead time. It’s the lag between an action and the first sign of its
consequence.

e (C) Time constant of the system: The time constant (7) characterizes the speed of
the dynamic response *after® the dead time has passed. It’s the time it takes for the
output to reach about 63.2% of its final change.

e (D) Time for the controller to react: This is related to the controller’s sampling
time or computational delay, which is different from the process dead time.

A classic example is a long conveyor belt. If you place an object at the beginning, there is a
delay (dead time) before it reaches the end.

Step 3: Final Answer:

Dead time is the time delay that occurs between a change in a process input and the first
observable change in the process output. The correct option is (B).

9 Quick Tip

Distinguish between dead time and time constant:

e Dead Time: Nothing happens. It’s the delay before the response starts.

e Time Constant: The response is happening. It characterizes how fast the
system moves towards its new steady state after it starts responding.

79. In a heat exchanger, the primary controlled variable is often:
(A) Outlet temperature

(B) Inlet pressure

(C) Pump speed

(D) Pipe diameter

Correct Answer: (A) Outlet temperature

Solution:

Step 1: Understanding the Concept:

In process control, the controlled variable is the process parameter that we want to
maintain at a desired value (the setpoint). The question asks for the primary controlled
variable for a heat exchanger.

Step 2: Detailed Explanation:

The fundamental purpose of a heat exchanger in a chemical process is to transfer heat to
either heat up or cool down a process fluid. The goal is to bring this fluid to a specific target
temperature required for the next stage of the process. Therefore, the most critical variable to
monitor and control is the temperature of the fluid leaving the exchanger.

Let’s analyze the options:

e (A) Outlet temperature: This is the direct measure of the process’s success.
Controlling the outlet temperature of the process fluid is the primary objective of the
control loop.
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e (B) Inlet pressure: This is an input condition, a property of the fluid entering the
exchanger. It’s not the variable we are trying to control with the exchanger.

e (C) Pump speed: This, or more commonly the flow rate of the utility fluid (like
cooling water or steam), is often the manipulated variable—the variable that the
controller adjusts to control the outlet temperature.

e (D) Pipe diameter: This is a fixed design parameter of the equipment, not a variable
that is controlled during operation.

Step 3: Final Answer:
The primary purpose of a heat exchanger is to achieve a target temperature, so the outlet
temperature of the process fluid is the primary controlled variable. The correct option is (A).

9 Quick Tip

For any control loop, ask ”What is the goal of this piece of equipment?”. For a heat
exchanger, the goal is to set a temperature. Therefore, temperature is the controlled
variable. The flow rate of the heating/cooling medium is usually the manipulated vari-
able.

80. Which one of the following is not a type of actuator?
(A) Pneumatic
(B) Hydraulic
(C) Solenoid

(D) Ultrasonic

Correct Answer: (D) Ultrasonic

Solution:

Step 1: Understanding the Concept:

In a control system, an actuator is the final control element. It is the component that
receives a signal from the controller (usually electrical or pneumatic) and converts it into a
physical action, such as opening a valve, moving a damper, or starting a motor. It is the
"muscle” of the control loop.

Step 2: Detailed Explanation:

Let’s examine the options:

e (A) Pneumatic: A pneumatic actuator uses compressed air to create motion. This is
extremely common for control valves in the process industries.

e (B) Hydraulic: A hydraulic actuator uses a pressurized liquid (like oil) to create
motion. They are used when very large forces are required.

e (C) Solenoid: A solenoid is an electromagnetic device that converts an electrical signal
into a short, linear mechanical motion. They are often used to actuate small on/off
valves (solenoid valves).
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e (D) Ultrasonic: Ultrasonic technology uses high-frequency sound waves. It is primarily
used for sensing and measurement, not actuation. Examples include ultrasonic level
sensors, flow meters, and distance sensors. While ultrasound can be used to generate
motion in specialized applications (like ultrasonic motors or cleaners), it is not a
standard type of actuator in the context of process control.

Step 3: Final Answer:

Pneumatic, hydraulic, and solenoid devices are all common types of actuators. Ultrasonic
devices are typically used for measurement (sensors). Therefore, ultrasonic is not a type of
actuator. The correct option is (D).

9 Quick Tip

Categorize control loop components by function:
e Sensor/Transmitter: Measures (e.g., thermocouple, ultrasonic level sensor).
e Controller: Decides (e.g., PID controller).

e Actuator/Final Element: Acts (e.g., pneumatic valve, motor).

81. Which one of the following valves are best suitable for corrosive liquids?
(A) Diaphragm valve

(B) Rotary plug valve

(C) Ball valve

(D) Butterfly valve

Correct Answer: (A) Diaphragm valve

Solution:

Step 1: Understanding the Concept:

When selecting a valve for corrosive service, a primary concern is isolating the valve’s

mechanical components from the corrosive fluid to prevent damage and ensure reliable
operation. The design of the valve determines how well this isolation can be achieved.
Step 2: Detailed Explanation:

Let’s compare the valve types:

e (A) Diaphragm valve: This valve design is ideal for corrosive and abrasive fluids. A
flexible diaphragm, made of an elastomeric or plastic material (like PTFE), separates the
fluid path from the valve’s operating mechanism (the stem, handwheel, etc.). The only
"wetted” parts are the valve body and the diaphragm itself. The body can be lined with
corrosion-resistant materials (e.g., glass, rubber, PFA), and the diaphragm is chosen for
chemical compatibility. This excellent isolation makes it a top choice for corrosive
applications.

e (B) Rotary plug valve, (C) Ball valve, (D) Butterfly valve: In all these
quarter-turn valves, the primary shut-off element (the plug, ball, or disc) and its seals are
in direct and continuous contact with the fluid. While they can be constructed from
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special alloys or lined with plastics for corrosion resistance, their complex moving parts
and seals within the fluid path are more vulnerable to attack and failure than the simple,
isolated design of a diaphragm valve.

Step 3: Final Answer:

The diaphragm valve, by its design, isolates the working parts of the valve from the process
fluid, making it the most suitable and reliable option for handling corrosive liquids. The
correct option is (A).

9 Quick Tip

The key feature of a diaphragm valve is the diaphragm, which acts as a protective
barrier. When you think ”corrosive fluid,” think ”barrier,” which leads you to the di-
aphragm valve.

82. For highly accurate incremental position measurement which one of the following systems
is used?

(A) Ultrasonic devices

(B) Hall effect Sensors

(C) Microwave devices

(D) Light interference laser

Correct Answer: (D) Light interference laser

Solution:

Step 1: Understanding the Concept:

The question asks for a system capable of highly accurate ”incremental position
measurement.” This means measuring very small changes in position with high precision and
resolution.

Step 2: Detailed Explanation:

Let’s evaluate the technologies based on their accuracy for this task:

e (A) Ultrasonic devices: These measure distance by timing the travel of a sound pulse.
They are suitable for measuring distances from centimeters to several meters but have
relatively low accuracy and resolution (typically in the millimeter range) and are affected
by temperature and air turbulence.

e (B) Hall effect Sensors: These detect the presence and magnitude of a magnetic field.
They are used for proximity sensing, speed detection, and current sensing, but are not
typically used for high-accuracy linear position measurement.

e (C) Microwave devices (Radar): Similar to ultrasonic devices, these use
electromagnetic waves to measure distance. They are robust but generally offer accuracy
in the millimeter range, suitable for applications like tank level gauging.

e (D) Light interference laser (Laser Interferometer): This is the gold standard for
high-accuracy position measurement. It uses the principle of optical interference. A laser
beam is split, with one beam reflecting off the object being measured. When the beams
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are recombined, they create an interference pattern. As the object moves, the pattern
shifts, and by counting the shifting ”fringes,” displacement can be measured with a
resolution related to the wavelength of the laser light. This allows for measurements with
accuracies in the micrometer to nanometer range.

Step 3: Final Answer:
For the highest accuracy in incremental position measurement, laser interferometry (light
interference laser) is the superior technology. The correct option is (D).

9 Quick Tip

For measurement accuracy, think about the ”"ruler” being used. A laser interferometer
uses the wavelength of light as its ruler, which is extremely small and stable, leading to
the highest possible accuracy.

83. The device that can change the format of a signal without changing the energy form is
known as:

(A) Converters

(B) Transducers

(C) Actuators

(D) Controllers

Correct Answer: (A) Converters

Solution:

Step 1: Understanding the Concept:

The question asks to identify a device based on its function in signal processing: changing the
signal’s format but not its fundamental energy type.

Step 2: Detailed Explanation:

Let’s define the terms:

e (A) Converters: A converter changes a signal from one format to another within the
same energy domain. For example, an Analog-to-Digital Converter (ADC) changes an
analog voltage (electrical) into a digital code (also electrical). A Current-to-Voltage
(I/V) converter changes a 4-20 mA current signal into a 1-5 V voltage signal, again, both
are electrical signals. This fits the description perfectly.

e (B) Transducers: A transducer is a device that converts energy from one form to
another. This is the key distinction. For example, a pressure transducer converts
pressure (mechanical energy) into an electrical signal (electrical energy). A microphone
converts sound (acoustic energy) into an electrical signal.

e (C) Actuators: An actuator converts a control signal (energy) into a physical action
(mechanical energy/motion).

e (D) Controllers: A controller is the ”brain” that performs calculations on a signal to
determine a course of action; it processes information but its primary role isn’t signal
conversion in this context.
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Step 3: Final Answer:
A device that changes the format of a signal while keeping the energy form the same is a
converter. The correct option is (A).

9 Quick Tip

Remember the key difference:

e Transducer = Transforms energy (e.g., Pressure — Voltage)

e Converter = Converts format (e.g., Analog — Digital, both electrical)

84. Smallest change which a sensor can detect is
(A) Resolution
(B) Accuracy
(C) Precision
(D) Scale

Correct Answer: (A) Resolution

Solution:

Step 1: Understanding the Concept:

The question asks for the term that defines the smallest detectable change in a measurement
by a sensor or instrument. This is a fundamental concept in instrumentation and metrology.
Step 2: Detailed Explanation:

Let’s define the key performance characteristics of a sensor:

e (A) Resolution: This is the smallest increment in the measured variable that the
instrument can distinguish and report. For a digital instrument, it is often the value of
the least significant bit. For an analog instrument, it’s the smallest graduation on the
scale. It answers the question, ”What is the smallest change I can see?”

e (B) Accuracy: This is a measure of how close the instrument’s reading is to the true,
actual value of the quantity being measured. It is a measure of systematic error.

e (C) Precision: This is a measure of the instrument’s ability to give the same reading for
repeated measurements of the same quantity under the same conditions. It is a measure
of reproducibility or random error. An instrument can be precise without being accurate.

e (D) Scale: This refers to the range of values that the instrument can measure (e.g., a
scale of 0 to 100°C).

Step 3: Final Answer:
The term for the smallest change that a sensor can detect is resolution. The correct option is

(A).
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9 Quick Tip

Use the target analogy to remember accuracy vs. precision:
e Accurate and Precise: All shots are in the bullseye.
e Precise but not Accurate: All shots are clustered together, but off-center.

e Accurate but not Precise: Shots are scattered around the bullseye, but the
average is on target.

e Resolution is like the thickness of your bullet holes; you can’t tell if two shots

are 0.1lmm apart if your holes are Imm wide.

85. Which document provides detailed specifications for equipment and materials?
(A) Process Flow Diagram

(B) Piping and Instrumentation Diagram

(C) Material Safety Data Sheet

(D) Equipment datasheets

Correct Answer: (D) Equipment datasheets

Solution:

Step 1: Understanding the Concept:

In chemical plant design and engineering, different documents serve specific purposes in
conveying information. The question asks for the document that contains the detailed
engineering specifications for equipment.

Step 2: Detailed Explanation:

Let’s analyze the purpose of each document:

e (A) Process Flow Diagram (PFD): This is a high-level diagram showing the main
pieces of equipment, major process streams, and key operating conditions (temperature,
pressure, flow rates). It illustrates the overall process but lacks fine details.

e (B) Piping and Instrumentation Diagram (P&ID): This is a more detailed
diagram than a PFD. It shows all piping, equipment, valves, and instrumentation along
with the control loops. While it identifies each piece of equipment with a tag number, it
does not contain the full engineering specifications.

e (C) Material Safety Data Sheet (MSDS) or Safety Data Sheet (SDS): This
document provides comprehensive information about a particular chemical substance,
including its hazards, handling procedures, and emergency measures. It does not
describe equipment.

e (D) Equipment datasheets (or specification sheets): This is the correct document.
For each piece of equipment (e.g., a pump, heat exchanger, reactor), a dedicated
datasheet is prepared. This sheet lists all the detailed technical specifications required
for its design, procurement, and fabrication, such as dimensions, materials of
construction, design pressure and temperature, nozzle schedules, performance
requirements, applicable codes and standards, etc.
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Step 3: Final Answer:
The document that provides detailed specifications for equipment and materials is the
equipment datasheet. The correct option is (D).

9 Quick Tip

Think of the documents as a zoom-in process:
e PFD: The big picture of the process.
e P&ID: The detailed schematic showing how everything is connected.

e Equipment Datasheet: The detailed "biography” of a single piece of
equipment.

86. Which of the following is the first step in plant design?
(A) Detailed engineering

(B) Process synthesis

(C) Feasibility study

(D) Piping and instrumentation design

Correct Answer: (C) Feasibility study

Solution:

Step 1: Understanding the Concept:

Plant design is a multi-stage process that proceeds from a general idea to a fully engineered
and constructed facility. The question asks to identify the initial step in this structured
process.

Step 2: Detailed Explanation:

The typical sequence of a chemical plant design project is as follows:

1. Inception of the Idea: A need for a product is identified.

2. Feasibility Study (or preliminary design): This is the first formal step. It is a
critical evaluation to determine if the proposed project is technically feasible,
economically viable, and profitable. It involves market analysis, preliminary process
design, and a rough cost estimation to decide whether to proceed with the project or
abandon it.

3. Process Synthesis and Design: If the feasibility study is positive, this stage involves
developing and refining the process flowsheet (PFD). Different process routes are
evaluated to find the most efficient and economical one.

4. Detailed Engineering Design: This is the main engineering phase where all the
detailed calculations and drawings are made. This includes creating the P&IDs, designing
individual pieces of equipment, designing the plant layout, structural design, etc.

Based on this sequence, the feasibility study is the first crucial step that must be completed
before committing significant resources to detailed design activities.
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Step 3: Final Answer:
The first step in a formal plant design project is the feasibility study, which assesses the
viability of the project. The correct option is (C).

9 Quick Tip

Remember the project lifecycle: first, you ask ”Should we do this?” (Feasibility).
Then, "How should we do this?” (Process Synthesis). Finally, ”What are the exact de-
tails?” (Detailed Engineering).

87. Which cost estimation method uses historical data from similar plants?
(A) Detailed itemized estimation

(B) Factored estimation

(C) Lang factor method

(D) Turnkey costing

Correct Answer: (B) Factored estimation

Solution:

Step 1: Understanding the Concept:

Cost estimation methods vary in accuracy and the amount of information required. Some
methods rely on detailed design information, while others use analogies and historical data
from past projects. The question asks to identify a method based on historical data.

Step 2: Detailed Explanation:

Let’s analyze the methods:

e (A) Detailed itemized estimation: This is a "bottom-up” method where the cost of
every individual component (equipment, pipes, labor, etc.) is estimated and summed up.
It requires a nearly complete design and does not primarily rely on data from similar
plants as a whole.

e (B) Factored estimation: This is a common ”"study” or ”preliminary” estimation
method. It starts with the purchase cost of the major equipment and uses multiplication
factors to estimate the total plant cost. These factors (for installation, piping,
instrumentation, etc.) are derived from historical data and analysis of the costs of
many previously built plants. The Lang factor method is a simplified type of factored
estimation. This category of methods is fundamentally based on historical project data.

e (C) Lang factor method: This is a specific, simple type of factored estimation where
the total plant cost is estimated by multiplying the total delivered equipment cost by a
single factor (the Lang factor). This factor is also derived from historical data. While
correct, " Factored estimation” is the broader and more encompassing term.

e (D) Turnkey costing: This is a quotation from a contractor for the complete design
and construction of a plant. While the contractor uses their own estimation methods
(likely based on historical data), it’s a type of contract price, not a general estimation
methodology in the same sense as the others.
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Both (B) and (C) use historical data, but ”Factored estimation” is the general class of
methods that relies on this principle.

Step 3: Final Answer:

Factored estimation methods, which include the Lang factor method, are based on applying
factors derived from the historical cost data of similar past projects to the known cost of
major equipment. The correct option is (B).

9 Quick Tip

Cost estimation methods can be grouped by accuracy:

e Low Accuracy (Early Stage): Cost-capacity curves, Factored estimates (using
historical data).

e High Accuracy (Late Stage): Detailed itemized estimation (using vendor
quotes).

88. Fixed costs in plant operations include:
(A) Raw materials

(B) Labor wages

(C) Depreciation and plant maintenance
(D) Utility costs

Correct Answer: (C) Depreciation and plant maintenance

Solution:
Step 1: Understanding the Concept:
The total cost of production is divided into two main categories:

e Variable Costs: Costs that vary directly with the level of production (e.g., if you
produce twice as much, these costs roughly double).

e Fixed Costs: Costs that remain relatively constant regardless of the production level,
up to the plant’s capacity.

The question asks to identify a fixed cost.
Step 2: Detailed Explanation:
Let’s classify the costs listed in the options:

e (A) Raw materials: The amount of raw materials consumed is directly proportional to
the amount of product made. This is a classic variable cost.

e (B) Labor wages: Wages for hourly production operators often vary with production
level (e.g., overtime during high production). However, salaries for administrative and
supervisory staff are fixed. This category can be mixed, but direct labor is often
considered variable.

¢ (C) Depreciation and plant maintenance: Depreciation is an accounting charge
for the loss in value of a capital asset over time. It is based on the initial cost and
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expected life of the equipment and is independent of the production rate, making it a
fixed cost. Maintenance has both fixed (e.g., scheduled preventive maintenance) and
variable components, but a significant portion is fixed. This option is the best example of
a fixed cost.

e (D) Utility costs: The cost of electricity, steam, and cooling water is generally
proportional to how much the plant is operating and producing. This is a variable cost.

Step 3: Final Answer:
Depreciation is a pure fixed cost, and a large part of maintenance is also fixed. This makes it
the best choice among the options. The correct option is (C).

9 Quick Tip

To determine if a cost is fixed or variable, ask yourself: ”If I shut down the plant to-
morrow but don’t sell it, do I still have to pay this cost?” You still have to account
for depreciation and pay for basic maintenance, taxes, and insurance. These are fixed
costs. You would not, however, be buying raw materials or using much electricity.

89. A pump has an installed cost of Rs. 40,000 and a 10-year estimated life. The salvage
value of the pump is zero at the end of 10 years. The pump value (in rupees) after
depreciation by the double declining balance method, at the end of 6 years is:

(A) 4295

(B) 10486

(C) 21257

(D) 37600

Correct Answer: (B) 10486

Solution:

Step 1: Understanding the Concept:

The question asks to calculate the book value of an asset after a certain number of years using
the double declining balance (DDB) method of depreciation. The DDB method is an
accelerated depreciation method where the depreciation expense is higher in the earlier years
of an asset’s life.

Step 2: Key Formula or Approach:

The formula for the book value (B;) at the end of year ¢ using the DDB method is:

By = By(1 — f)!

where:

By = Initial cost of the asset (initial book value)
t = number of years

f = the depreciation factor, calculated as f = %
n = estimated life of the asset in years

Step 3: Detailed Explanation:

First, let’s identify the given values:
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Initial cost, By = Rs. 40,000
Estimated life, n = 10 years
Time, t = 6 years
Next, calculate the depreciation factor f:
2 2
=—=—=02
/ n 10
Now, substitute these values into the book value formula:
Bg = 40,000 x (1 —0.2)°
Bg = 40,000 x (0.8)°

Step 4: Calculation:
Let’s compute (0.8)5:
(0.8)% = 0.262144

Now, calculate the final book value:
Bg = 40,000 x 0.262144

Bg = 10485.76

The value of the pump at the end of 6 years is approximately Rs. 10,486.

Step 5: Final Answer:

The calculated book value of the pump after 6 years is Rs. 10485.76, which rounds to 10486.
The correct option is (B).

9 Quick Tip

In the DDB method, the depreciation is calculated on the *book value* of the previous
year, not the initial cost (unlike the straight-line method). The formula B; = By(1— f)!
is a direct way to calculate the book value for any year ¢.

90. Due to a 20% drop in the product selling price, the pay-back period of a new plant
increased to 1.5 times that estimated initially, the production cost and the production rate
remaining unchanged. If the production cost is Cp and the new selling price is Cs, then
Cp/Cs is:

(A) 0.2

(B) 0.4
(C) 0.5
(D) 0.6
Correct Answer: (C) 0.5

Solution:

Step 1: Understanding the Concept:

The payback period (PBP) is the time required to recover the initial investment in a project.
It is calculated by dividing the fixed capital investment by the annual net profit. The question
relates the change in PBP to a change in selling price.
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Step 2: Key Formula or Approach:
Let:

I = Fixed capital investment

R = Annual production rate

() = Production cost per unit

Soiqg = Original selling price per unit

Cs = New selling price per unit

The formula for payback period is: PBP =
We have:

Original PBP: PBP 4 =

New PBP: PBP ey = prer=cry

Step 3: Detailed Explanation:

We are given two conditions:

1. A 20% drop in selling price: Cs = Syq X (1 — 0.20) = 0.85,;4. This also means
Sold = $5 = 1.25C;.

2. The payback period increases to 1.5 times the original: PBP,¢,, = 1.5 X PBP 4.
Let’s substitute the PBP formulas into the second condition:

I
_ =15 X —
R(Cs — Cyp) R(So1a — Cp)

The terms I and R cancel out:

Investment I
Annual Profit = Rx(Selling Price—Production Cost)

1 1.5

Cs—Cp  Soa—Cp

Rearranging gives:
Sotd — Cp = 1.5(Cs — Cp)
Sotd — Cp = 1.5Cs — 1.5C,,
Now, substitute S,;q = 1.25C%:
1.25C — Cp = 1.5C — 1.5C,
Now, we solve for the ratio C},/Cs. Group the Cp, and Cy terms:
1.5C, — C, = 1.5Cs — 1.25C

0.5C), = 0.25C
G 02
Cs 05
Step 4: Calculation:
Cp
— =05
Cs

Step 5: Final Answer:
The ratio of production cost to the new selling price (Cp/Cs) is 0.5. The correct option is (C).

Q Quick Tip

When dealing with ratio problems, you don’t need the absolute values of Investment (I)
or Production Rate (R), as they will cancel out. Focus on setting up the relationship
between the old and new profit margins.
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91. Which of the following is a limitation of the payback period method?
(A) It considers the time value of money

(B) It ignores cash flows beyond the payback period

(C) It is difficult to calculate

(D) It always matches the IRR results

Correct Answer: (B) It ignores cash flows beyond the payback period

Solution:

Step 1: Understanding the Concept:

The payback period is a simple investment appraisal technique that measures the time it
takes for a project’s cash inflows to equal its initial investment. While simple, it has
significant limitations. The question asks to identify one of these limitations.

Step 2: Detailed Explanation:

Let’s analyze the properties of the payback period method:

e (A) It considers the time value of money: This is incorrect. The simple payback
period method does not discount future cash flows. It treats a dollar received in year 3
the same as a dollar received in year 1, which is a major flaw.

e (B) It ignores cash flows beyond the payback period: This is a critical limitation.
The method only focuses on how quickly the initial investment is recovered. A project
could generate huge profits for many years after the payback period, but this method
would not capture that profitability. Another project might pay back slightly slower but
be much more profitable in the long run. The payback method could lead to selecting
the inferior project.

e (C) It is difficult to calculate: This is incorrect. Its primary advantage is its
simplicity and ease of calculation.

e (D) It always matches the IRR results: This is incorrect. The Internal Rate of
Return (IRR) is a sophisticated discounted cash flow method. The IRR and payback
period can give very different rankings for competing projects.

Step 3: Final Answer:

A major limitation of the payback period method is that it completely disregards any cash
flows, profits, or the remaining life of the project after the initial investment has been paid
back. The correct option is (B).

9 Quick Tip

Remember the two main weaknesses of the simple payback period: 1) It ignores the
time value of money, and 2) It ignores cash flows after the payback point. These are
the most common test questions on this topic.

92. Profitability calculation method that includes time value of money is:
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(A) Payback period

(B) Net return

(C) Rate of return on investment
(D) Net present worth

Correct Answer: (D) Net present worth

Solution:

Step 1: Understanding the Concept:

The ”time value of money” is the principle that a sum of money is worth more now than the
same sum will be at a future date due to its potential earning capacity. Profitability
calculation methods that incorporate this principle are known as Discounted Cash Flow
(DCF) methods.

Step 2: Detailed Explanation:

Let’s evaluate which of the given methods is a DCF method:

e (A) Payback period: The simple payback period does not discount future cash flows
and therefore does not account for the time value of money.

e (B) Net return and (C) Rate of return on investment (ROI): These are typically
"book” or "accounting” profitability measures that use annual profit and investment
figures without discounting. The simple ROI (Annual Profit / Investment) does not
consider when the profits occur.

e (D) Net present worth (NPW): Also known as Net Present Value (NPV), this is the
classic DCF method. It calculates the sum of the present values of all future cash flows
(both positive and negative) associated with an investment by discounting them using a
specific interest rate. By converting all future money to its ”present worth,” it explicitly
and fundamentally incorporates the time value of money.

Step 3: Final Answer:
Net present worth (or Net Present Value) is a profitability calculation method that is based
on the concept of the time value of money. The correct option is (D).

Q Quick Tip

Any method with ”Present” or ”Discounted” in its name (like Net Present Worth, Dis-
counted Cash Flow Rate of Return) explicitly uses the time value of money. Methods
like Payback Period and simple ROI do not.

93. For a business if the net profit is 10 Lakhs and Total capital investment is 5 crore rupees,
then the return on investment in percentage will be:

(A) 5%

Correct Answer: (C) 2%
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Solution:

Step 1: Understanding the Concept:

Return on Investment (ROI) is a performance measure used to evaluate the efficiency of an
investment. It measures the amount of return (profit) on an investment relative to the
investment’s cost.

Step 2: Key Formula or Approach:

The formula for ROI is:

Net Profit
ROI = 100
(%) (Total Capital Investment) 8

Step 3: Detailed Explanation:

First, ensure the units of profit and investment are the same.

Net Profit = 10 Lakhs = Rs. 1,000,000

Total Capital Investment = 5 crore = 500 Lakhs = Rs. 50,000,000
Now, substitute these values into the ROI formula.

Step 4: Calculation:

1
ROT (%) — ( ’000’000> % 100

50, 000, 000
1
ROI (%) = (%> % 100
ROL (%) = 0.02 x 100

ROI (%) = 2%
Alternatively, using Lakhs directly:

10 Lakhs 1
ROI (%) = [ ———% ) 5100 = ( — ) x 100 = 2
(%) (500[@khs) 8 <50) x %

Step 5: Final Answer:
The return on investment is 2%. The correct option is (C).

9 Quick Tip

When calculating ratios like ROI, make sure the numerator and denominator are in the
same units (e.g., both in Lakhs or both in rupees) to avoid errors.

94. A compressor design primarily depends on:
(A) Suction pressure

(B) Discharge pressure

(C) Pressure ratio

(D) Compressor size

Correct Answer: (C) Pressure ratio

Solution:
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Step 1: Understanding the Concept:

The design of a compressor (i.e., selecting the type, number of stages, and power requirement)
is determined by the specific duty it needs to perform. This duty is defined by the gas
properties, the amount of gas to be handled (flow rate), and the required pressure increase.
Step 2: Detailed Explanation:

Let’s analyze the design parameters:

e (A) Suction pressure and (B) Discharge pressure: These are the inlet and outlet
boundary conditions. While they are crucial inputs, the difference between them is what
truly defines the "work” of compression.

¢ (C) Pressure ratio (or Compression Ratio): This is defined as Pyischarge/ Psuction-
This single parameter is the most critical factor in compressor selection and design.
Different types of compressors are suitable for different pressure ratios. For example:

— Fans and blowers are used for very low pressure ratios.

— Single-stage centrifugal or reciprocating compressors are used for moderate pressure
ratios.

— Multi-stage compressors are required for high pressure ratios to manage the
temperature rise and improve efficiency.

The pressure ratio dictates the fundamental design approach and the number of stages
required.

e (D) Compressor size: This is primarily determined by the required gas flow rate
(capacity) and is a result of the design process, not the primary input that dictates the
type of design.

The pressure ratio, combined with the required capacity, defines the compressor’s duty. Of
the choices given, the pressure ratio is the most fundamental parameter influencing the
*type™ and complexity of the compressor design.

Step 3: Final Answer:

The pressure ratio is the most critical parameter that determines the type and configuration
of a compressor. The correct option is (C).

9 Quick Tip

When designing a compressor, the first two questions are ”How much gas?” (capacity)
and "How much compression?” (pressure ratio). The pressure ratio is the key factor
that determines whether you need a simple single-stage machine or a complex multi-
stage one.

95. Equipment costs generally follow the relation:
(A) Linear with size

(B)
(C) Exponential with size
(D) Inversely with size

Power law with size
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Correct Answer: (B) Power law with size

Solution:

Step 1: Understanding the Concept:

The question asks about the general mathematical relationship between the cost of a piece of
chemical process equipment and its size (or capacity, e.g., heat transfer area, pump flow rate,
tank volume).

Step 2: Detailed Explanation:

It is a well-established principle in chemical engineering economics that the cost of equipment
does not scale linearly with its size. This is due to economies of scale. For example, doubling
the volume of a tank does not require doubling the amount of steel plate, because volume
increases with the cube of the dimension while surface area (related to cost) increases with
the square.

This non-linear relationship is best described by a power law, often referred to as the
cost-capacity equation or the six-tenths factor rule.

The formula is:
Costq B Size; \"
Costy  \ Sizes

where n is the cost exponent, a value typically between 0.4 and 0.8, with an average often
taken as 0.6.
This is a power law relationship. It is not:

e (A) Linear: Where cost would be directly proportional to size (n = 1).

e (C) Exponential: Which would imply a much faster increase in cost (e.g.,
C=aq- 6b~Size)'

e (D) Inversely: Which would imply cost decreases as size increases.

Step 3: Final Answer:
The cost of process equipment generally scales with its size according to a power law
relationship, reflecting the principle of economies of scale. The correct option is (B).

9 Quick Tip

Remember the ”six-tenths factor rule” as the classic example of this principle: Cost o
(Capacity)?6. This is a specific case of the more general ”power law with size”.

96. For a commercial fertilizer designated as 5-20-20 the numbers indicate what information
about the composition?

(A) 5% K, 20% N, 20% P

(B) 5% N, 20% Na, 20% S

(C) 5% N, 20% P205, 20% K20

(D) 5% K20, 20% N, 20% P205

Correct Answer: (C) 5% N, 20% P205, 20% K20

Solution:
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Step 1: Understanding the Concept:

Commercial fertilizers are labeled with a standard N-P-K rating system. This system provides
the mass percentage of the three primary macronutrients required for plant growth: Nitrogen
(N), Phosphorus (P), and Potassium (K). However, the percentages for P and K are reported
in a specific chemical form by convention.

Step 2: Detailed Explanation:

The N-P-K rating (e.g., 5-20-20) represents the following:

e The first number is the percentage by weight of total Nitrogen (N).

e The second number is the percentage by weight of available Phosphate (P205). This
is a historical convention; the phosphorus is not actually present as P205, but its content
is expressed in terms of this equivalent oxide.

e The third number is the percentage by weight of soluble Potash (K20). Similar to
phosphorus, this is a conventional way to express the potassium content.

Applying this to the fertilizer designated as 5-20-20:
e 5% Nitrogen (N)
e 20% Phosphate (P205)
e 20% Potash (K20)

Step 3: Final Answer:
The designation 5-20-20 on a commercial fertilizer indicates a composition of 5% N, 20%
P205, and 20% K20 by weight. The correct option is (C).

9 Quick Tip

Remember the order is always N-P-K. For the composition, remember it’s %N - %
P205 - % K20. It’s a universal standard for fertilizer labels.

97. Polythene is the polymer obtained during polymerization of
(A) Propylene

(B) Acetylene

(C) Methylene

(D) Ethylene

Correct Answer: (D) Ethylene

Solution:

Step 1: Understanding the Concept:

Polymers are large molecules (macromolecules) composed of many repeating subunits, known
as monomers. The name of a polymer is often derived from the name of its monomer with the
prefix "poly-". The question asks for the monomer used to produce polythene (also known as
polyethylene).

Step 2: Key Formula or Approach:
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The name ”polythene” or "polyethylene” directly suggests its monomer.
Poly- (meaning "many”) + ethene (or ethylene) — Poly(ethene) or Polyethylene.
The polymerization reaction is an addition polymerization where many ethylene molecules

add to each other. The chemical formula for ethylene (ethene) is C2H4, or CH2=CH2.
The reaction can be written as:

n(CH2 = CH2) — [-CH2 — CH2—],

where n is a large number representing the degree of polymerization. The repeating unit in
the polymer chain is -CH2-CH2-.

Step 3: Detailed Explanation:

Let’s look at the options:

e (A) Propylene (CH3-CH=CH2) polymerizes to form polypropylene.
e (B) Acetylene (CHCH) polymerizes to form polyacetylene.

e (C) Methylene (CH2) is a radical or carbene, not a stable monomer for this type of
polymerization.

e (D) Ethylene (CH2=CH2), also called ethene, is the correct monomer for polyethylene
(polythene).

Step 4: Final Answer:
Polythene is the common name for polyethylene, which is the polymer formed from the
polymerization of ethylene monomer. The correct option is (D).

9 Quick Tip

For many common polymers, the name gives away the monomer. Polystyrene comes
from styrene, polypropylene from propylene, and polyethylene (polythene) from ethy-
lene.

98. In the Haber process of ammonia preparation, the catalyst and the promoter are
(A) Reduced Fe203 and Al203 respectively

(B) Reduced Fe203 and Mn203 respectively

(C) Reduced Al1203 and Fe203 respectively

(D) Reduced Mn203 and Al203 respectively

Correct Answer: (A) Reduced Fe203 and Al203 respectively

Solution:

Step 1: Understanding the Concept:

The Haber-Bosch process is the industrial synthesis of ammonia from nitrogen and hydrogen
gas. It is a catalytic process that requires specific materials to function efficiently.

N2(g) +3H2(g) <=>2NH3(g)

A catalyst increases the rate of reaction. A promoter is a substance that, while not a
catalyst itself, is added to the catalyst to increase its activity or stability.
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Step 2: Detailed Explanation:

The modern catalyst for the Haber process is based on iron. It is prepared by reducing
magnetite (Fe304) or wiistite (FeO), which are often produced from iron(III) oxide (Fe203).
The active form of the catalyst is finely divided iron metal. Therefore, the catalyst is
effectively reduced iron oxide.

To enhance the performance of the iron catalyst, promoters are added. The most common
promoters are:

e Potassium oxide (K20): This is an electronic promoter that increases the intrinsic
activity of the iron catalyst.

e Aluminium oxide (A1203) and Calcium oxide (CaQ): These act as structural
promoters. They help to maintain the high surface area of the iron catalyst by
preventing sintering (clumping) at the high operating temperatures, thus increasing its
stability and lifetime.

Let’s analyze the options:

e (A) Reduced Fe203 and Al203 respectively: This correctly identifies the
iron-based catalyst and one of the key structural promoters, alumina.

e (B) Reduced Fe203 and Mn203 respectively: Manganese oxide is not a standard
promoter in the Haber process.

e (C) Reduced Al1203 and Fe203 respectively: This reverses the roles. Alumina is
the promoter, not the catalyst.

e (D) Reduced Mn203 and Al203 respectively: This incorrectly identifies the
catalyst.

Step 3: Final Answer:
In the Haber process, the catalyst is iron (produced by reducing iron oxide), and a common
promoter is alumina (Al203). The correct option is (A).

@ Quick Tip

Remember for the Haber process: Catalyst = Iron. Key Promoters = K20 (for
activity) and Al203 (for stability /surface area).

99. The Kraft process of chemical pulping involves a mixture of two chemicals in water which
are?

(A) NaOH, and Na2S

(B) NaOH, and NaCl

(C) NaCl, and Na2S

(D) NaOH, and K2S

Correct Answer: (A) NaOH, and Na2S

Solution:
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Step 1: Understanding the Concept:

Chemical pulping is the process of converting wood chips into pulp (which consists of nearly
pure cellulose fibers) by dissolving the lignin and hemicellulose that bind the fibers together.
The Kraft process, also known as the sulfate process, is the dominant method used for
chemical pulping worldwide. The question asks for the active chemicals in the cooking liquor
(called "white liquor”) used in this process.

Step 2: Detailed Explanation:

The white liquor in the Kraft process is a strongly alkaline solution containing two primary
active components:

e Sodium hydroxide (NaOH): This is a strong base that breaks down the acidic
components of wood, primarily attacking the lignin and hemicellulose.

e Sodium sulfide (Na2S): This is the key chemical that distinguishes the Kraft process
from the older soda process (which used only NaOH). The sulfide ions
(S2—)andhydrosul fideions(HS—, formedinthesolution)arehighlyef fectivenucleophilesthatcleavec

This combination of NaOH and Na2S is highly effective at removing lignin while minimizing
damage to the cellulose fibers.

Step 3: Final Answer:

The active cooking chemicals in the Kraft pulping process are sodium hydroxide (NaOH) and
sodium sulfide (Na2S). The correct option is (A).

Q Quick Tip

The Kraft process is also called the sulfate process because sodium sulfate (Na2S04)
is added as a makeup chemical in the recovery cycle, which is then reduced to sodium
sulfide (Na2S). So, remember Sulfate Process — Sodium Sulfide (Na2S) + Sodium Hy-
droxide (NaOH).

100. LPG contains mostly:

(A) Methane, Ethane, and Propane
(B) Ethane, Propane, and Butane
(C) Propane, Butane, and Isobutene
(D) Methane

Correct Answer: (C) Propane, Butane, and Isobutene

Solution:

Step 1: Understanding the Concept:

LPG stands for Liquefied Petroleum Gas. It is a flammable mixture of hydrocarbon gases used
as fuel in heating appliances, cooking equipment, and vehicles. It is obtained from crude oil
refining and natural gas processing. The key characteristic of LPG is that it can be liquefied
under moderate pressure at ambient temperatures, making it easy to store and transport.
Step 2: Detailed Explanation:

The primary components of LPG are hydrocarbons with 3 or 4 carbon atoms. These gases
have boiling points below room temperature but can be easily liquefied.
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e Propane (C3HR)

e Butane (C4H10): This includes both n-butane and its isomer, isobutane.

The exact composition of LPG can vary depending on the source and the season, but it is
always a mixture of propane and butane. Sometimes, small amounts of other hydrocarbons
like propylene (C3H6) or butylene (C4HS8) are also present. Isobutene is a common name for
2-methylpropene, a type of butylene.

Let’s analyze the options:

e (A) Methane, Ethane, and Propane: Methane (CH4) and Ethane (C2H6) are the
main components of Natural Gas (NG). They are much more difficult to liquefy than
propane and butane.

e (B) Ethane, Propane, and Butane: While it contains propane and butane, the
inclusion of ethane is incorrect as it is a primary component of natural gas.

e (C) Propane, Butane, and Isobutene: This option correctly identifies the main C3
and C4 hydrocarbons (Propane, Butane) and includes a C4 olefin (Isobutene) which can
be present. This is the best description of LPG among the choices.

e (D) Methane: This is the main component of Natural Gas, not LPG.

Step 3: Final Answer:

LPG is predominantly a mixture of propane and butane (including its isomers). The inclusion
of isobutene (a C4 hydrocarbon) makes option (C) the most comprehensive and correct
choice. The correct option is (C).

9 Quick Tip

Remember the fuel types by their carbon number:
e C1 (Methane): Natural Gas (NG)
e C3/C4 (Propane/Butane): Liquefied Petroleum Gas (LPG)
e C5-C12: Gasoline

e C12-C20: Kerosene/Diesel

101. For which Refractory material the thermal conductivity decreases with increasing
temperature?

(A) Zirconia

(B) Silica

(C) Magnesite

(D)

Alumina

D
Correct Answer: (C) Magnesite

Solution:
Step 1: Understanding the Concept:
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Refractory materials are materials that are resistant to heat and are used in high-temperature
applications like furnace linings. Their thermal conductivity is a key property. For most
materials, thermal conductivity due to lattice vibrations (phonons) decreases with
temperature. However, at high temperatures, radiative heat transfer within the material’s
pores or crystalline structure can become significant, causing the overall effective thermal
conductivity to increase. The question asks for a material where the conductivity consistently
decreases.

Step 2: Detailed Explanation:

The behavior of thermal conductivity with temperature in refractory materials is complex:

e For crystalline oxide materials like Magnesite (MgO) and Alumina (Al203), heat is
primarily conducted by phonons. As temperature increases, phonon scattering increases,
which hinders heat transfer. This leads to a decrease in thermal conductivity. This effect
is particularly pronounced in pure, dense crystalline materials.

e For amorphous or glassy materials like Silica (SiO2) glass, the conductivity is already
low due to the disordered structure and tends to increase slightly with temperature as
radiation effects become more significant.

e For materials like Zirconia (Zr02), especially stabilized zirconia, the conductivity is
very low and generally increases with temperature. It’s known as a good thermal barrier
material.

Between Magnesite and Alumina, both of which are crystalline oxides, Magnesite (MgO) is
well-known for showing a strong decrease in thermal conductivity as temperature rises. The
conductivity of magnesite can drop by more than 50% from room temperature to 1000°C.
While alumina also shows a decrease, the effect is often considered more characteristic of
magnesite in the context of refractory materials. The provided answer key selects Magnesite.
Step 3: Final Answer:

Among the given options, crystalline refractories like Magnesite and Alumina exhibit thermal
conductivity that decreases with increasing temperature due to phonon scattering. Magnesite
is a classic example of this behavior. The correct option is (C).

9 Quick Tip

Remember the general trend for pure crystalline solids (like Magnesite, Alumina): ther-
mal conductivity is highest at low temperatures and decreases as temperature rises due
to increased phonon scattering. For amorphous materials (like glasses) or highly porous
materials, conductivity is low and tends to increase with temperature due to radiation.

102. Which of the following equipment has the maximum capital cost contribution in a
chemical plant?

(A) Pumps

(B) Compressors

(C) Heat exchangers

(D) Reactors

Correct Answer: (D) Reactors
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Solution:

Step 1: Understanding the Concept:

The total capital cost of a chemical plant is the sum of the costs of all the individual pieces of
equipment, plus installation, piping, instrumentation, etc. The question asks which category
of equipment typically represents the largest single portion of this cost.

Step 2: Detailed Explanation:

While the cost distribution varies significantly from one process to another, a general
hierarchy can be established:

e (A) Pumps: These are relatively simple, mass-produced pieces of equipment. While a
plant may have many pumps, their individual and total cost is generally a small fraction
of the total plant cost.

e (B) Compressors: Compressors are significantly more expensive than pumps because
they handle gases (which are much more difficult to compress than liquids are to pump)
and are often complex, high-speed rotating machines. They can be a major cost item,
especially in processes like ammonia synthesis.

e (C) Heat exchangers: These are ubiquitous in chemical plants and the total cost of all
exchangers can be substantial. However, individual exchangers are often standard
designs.

e (D) Reactors: The reactor is often considered the "heart” of the chemical plant, as it is
where the chemical transformation and value creation occur. Reactors are frequently
custom-designed for a specific process and must operate under demanding conditions of
high pressure, high temperature, and corrosive environments. They often require exotic
materials of construction, complex internals (like catalyst beds), and thick walls to
contain pressure. For these reasons, reactors are very often the single most expensive
piece of equipment in a plant.

For a typical chemical process plant, the reactors often represent the largest component of the
equipment cost due to their custom design, specialized materials, and critical role.

Step 3: Final Answer:

Due to their critical function, custom design, and often harsh operating conditions requiring
expensive materials, reactors generally have the highest capital cost contribution among
individual equipment types in a chemical plant. The correct option is (D).

9 Quick Tip

Think of the reactor as the "engine” of the plant. Just as the engine is often the most
complex and expensive part of a car, the reactor is often the most expensive single item
in a chemical plant.

103. Hydrogenation is the conversion of unsaturated acid groups into the saturated using
catalyst.

\_/g\_/
SE
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(D) Ni
Correct Answer: (D) Ni

Solution:

Step 1: Understanding the Concept:

Hydrogenation is a chemical reaction that adds hydrogen (H2) across double or triple bonds
in an unsaturated compound, converting it into a saturated compound. This process typically
requires a catalyst. The hydrogenation of unsaturated fatty acids (found in vegetable oils) is a
major industrial process used to produce margarine and shortening.

Step 2: Detailed Explanation:

The most common catalysts for hydrogenation are transition metals, which are effective at
adsorbing both the unsaturated molecule and the hydrogen gas, facilitating the reaction on
their surface.

Let’s look at the options:

e (A) Fe (Iron): Iron is used as a catalyst in the Haber process (ammonia synthesis) and
some Fischer-Tropsch reactions, but it is not the primary catalyst for oil hydrogenation.

e (B) Zn (Zinc): Zinc is used as a catalyst in some organic reactions (e.g., Clemmensen
reduction) but not typically for the hydrogenation of double bonds with H2.

e (C) Ti (Titanium): Titanium compounds (e.g., Ziegler-Natta catalysts) are famous for
their use in polymerisation, not for general hydrogenation of oils.

e (D) Ni (Nickel): Finely divided nickel, particularly Raney nickel, is the most common
and cost-effective catalyst used for the large-scale industrial hydrogenation of vegetable
oils and other unsaturated organic compounds. Other highly effective but more
expensive catalysts include palladium (Pd), platinum (Pt), and rhodium (Rh).

Step 3: Final Answer:
Nickel is the standard industrial catalyst for the hydrogenation of unsaturated fats and acids.
The correct option is (D).

9 Quick Tip

For catalytic hydrogenation of C=C double bonds, immediately think of the Group 10
metals: Nickel (Ni), Palladium (Pd), and Platinum (Pt). Nickel is the workhorse
for bulk applications like fats and oils.

104. Which of the following is fully synthetic first produced fibre?
(A) Jute

(B) Acrylic

(C) Rayon

(D) Nylon

Correct Answer: (D) Nylon
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Solution:

Step 1: Understanding the Concept:

The question asks to identify the first ”fully synthetic” fiber. It’s important to distinguish
between different types of fibers:

e Natural fibers: Obtained directly from plants or animals (e.g., cotton, wool, silk, jute).

e Semi-synthetic fibers (or regenerated fibers): Made from a natural raw material
(like cellulose from wood pulp) which is chemically processed and regenerated into a fiber.

e Fully synthetic fibers: Synthesized entirely from chemical compounds, typically
derived from petroleum or coal. The polymer is built from small molecules.

Step 2: Detailed Explanation:
Let’s classify the options:

e (A) Jute: This is a natural vegetable fiber.
e (B) Acrylic: This is a fully synthetic fiber, but it was commercialized later than nylon.

e (C) Rayon: This is a semi-synthetic fiber. It is made from regenerated cellulose. It was
one of the first man-made fibers but is not fully synthetic as its starting material is
natural.

e (D) Nylon: Developed by Wallace Carothers at DuPont in the 1930s, nylon was the
first commercially successful and truly synthetic thermoplastic polymer. It is made by
the condensation polymerization of diamines and diacids (or their equivalents), which are
synthesized from chemicals derived from crude oil. It was famously marketed as being
made from ”coal, air, and water,” highlighting its synthetic origin.

Step 3: Final Answer:

Nylon was the first fiber to be produced that was entirely synthetic, meaning it was made
from simple chemical building blocks rather than from modified natural polymers. The
correct option is (D).

9 Quick Tip

Remember the distinction: Rayon was the first ”artificial silk,” but it’s semi-synthetic
(from wood). Nylon was the first "true” synthetic fiber (from scratch).

105. The term ”circular economy” in chemical technology refers to:
(A) Linear production and disposal

(B) Increasing single-use plastics

(C) Maximizing waste generation

(D) Reusing and recycling materials

Correct Answer: (D) Reusing and recycling materials

Solution:
Step 1: Understanding the Concept:
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The "circular economy” is a model of production and consumption that contrasts with the
traditional ”linear economy.” The question asks for the core principle of the circular economy.
Step 2: Detailed Explanation:

e Linear Economy: This is the traditional model, which follows a ”take-make-dispose”
pattern. Resources are extracted, used to make products, and then discarded as waste at
the end of their life. This is described by option (A). Options (B) and (C) are
consequences of a linear economy.

e Circular Economy: This model aims to eliminate waste and the continual use of
resources. The core principles are to design products for durability, reuse,
remanufacturing, and recycling. Materials are kept in use for as long as possible,
extracting the maximum value from them before recovering and regenerating them at the
end of their service life. The goal is to close the loop, turning waste from the end of a
product’s life into a resource for the beginning of a new one. This is best described by
option (D).

Step 3: Final Answer:

The central idea of a circular economy is to move away from a linear ”take-make-dispose”
model towards a system where materials are continuously reused and recycled. The correct
option is (D).

9 Quick Tip

Think of the shape: A ”linear” economy is a straight line from resource to waste. A
"circular” economy is a circle where waste is looped back to become a resource again.

10
A) Heavy fuel oils

6 is not an intermediate distillate product in petroleum refining.
)

B) Diesel oils
)
)

C) Lubricating oil

D

(
(
(
(D) Gas oil

Correct Answer: (A) Heavy fuel oils

Solution:

Step 1: Understanding the Concept:

Petroleum refining separates crude oil into different fractions based on their boiling points
using a process called fractional distillation. The products can be broadly categorized based
on where they are drawn from the distillation column.

e Light Distillates: Low boiling point products from the top of the column (e.g., LPG,
gasoline).

e Intermediate Distillates (or Middle Distillates): Products from the middle section
of the column (e.g., kerosene, diesel).

e Residue: High boiling point liquid left at the bottom of the column.
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Step 2: Detailed Explanation:
Let’s classify the products in the options:

e (B) Diesel oils and (D) Gas oil: These are classic examples of intermediate distillates.
Gas oil is a broad term for the fraction from which diesel and heating oil are produced.

e (C) Lubricating oil: Lube oil base stocks are produced from the vacuum distillation of
the atmospheric residue, placing them in a heavier category than intermediate distillates,
but they are still considered a type of distillate (vacuum distillate).

e (A) Heavy fuel oils (or Bunker fuel): This is typically a residual product. It is
made from the thick, viscous liquid that remains at the very bottom of the atmospheric
or vacuum distillation column (the residue). It is not a ”distillate” in the sense that it
was not vaporized and re-condensed.

The question asks what is *not an intermediate distillate®. While lubricating oil is heavier
than diesel, heavy fuel oil is fundamentally a residual product, not a distillate product. This
makes it the best answer.

Step 3: Final Answer:

Diesel oils, gas oil, and lubricating oils are all obtained as distillates (either atmospheric or
vacuum). Heavy fuel oil is primarily a residual product from the bottom of the distillation
column. Therefore, it is not a distillate product. The correct option is (A).

Q Quick Tip

In a distillation column, products get heavier and have higher boiling points as you go
from top to bottom.

e Top: Gases (LPG)
e Upper-Middle: Gasoline, Naphtha
e Middle: Kerosene, Diesel (Intermediate Distillates)

e Bottom: Atmospheric Residue — Heavy Fuel Oil, Asphalt

107. The Ostwald process is used to produce:
(A) Nitric acid

(B) Sulfuric acid

(C) Hydrochloric acid

(D) Phosphoric acid

Correct Answer: (A) Nitric acid

Solution:

Step 1: Understanding the Concept:

The question asks to identify the product of the Ostwald process. This is a key industrial
chemical process.

Step 2: Detailed Explanation:
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The Ostwald process is the modern industrial method for the synthesis of nitric acid
(HNO3). It involves three main steps:

1. Catalytic oxidation of ammonia (NH3) with oxygen (from air) to form nitric oxide (NO),
typically using a platinum-rhodium catalyst.

ANH3(g) + 502(g)— > 4NO(g) + 6H20(g)

2. Oxidation of the nitric oxide to nitrogen dioxide (NO2).

2NO(g) + O2(g9)— > 2N02(g)

3. Absorption of the nitrogen dioxide in water to form nitric acid.

3NO2(g) + H20(l)— > 2HNO3(aq) + NO(g)

Let’s review the other options:
e (B) Sulfuric acid (H2S0O4): This is produced by the Contact process.

e (C) Hydrochloric acid (HCI): This is typically produced by the direct synthesis from
hydrogen and chlorine gas or as a byproduct of other chlorination processes.

e (D) Phosphoric acid (H3PO4): This is produced by either the wet process (reacting
phosphate rock with sulfuric acid) or the thermal process (burning phosphorus).

Step 3: Final Answer:
The Ostwald process is the industrial process for manufacturing nitric acid. The correct

option is (A).

Q Quick Tip

Memorize the names of major industrial processes:

e Ammonia (NH3): Haber-Bosch process

e Nitric Acid (HNO3): Ostwald process

e Sulfuric Acid (H2S04): Contact process

e Sodium Carbonate (Na2CO3): Solvay process

10 is the waste liquor from the Kraft pulping process after pulping is completed.

.

8

) White liquor
) Black liquor
)

)

Brown liquor

(A
(B
(C
(D) Red liquor

Correct Answer: (B) Black liquor

Solution:
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Step 1: Understanding the Concept:

The Kraft process for making paper pulp involves ”cooking” wood chips with chemicals to
dissolve lignin. The process involves several chemical streams, each with a specific name. The
question asks to identify the spent or waste liquor from this cooking process.

Step 2: Detailed Explanation:

Let’s define the liquors in the Kraft process:

e White Liquor: This is the fresh cooking liquor that is fed to the digester with the wood
chips. Its active ingredients are sodium hydroxide (NaOH) and sodium sulfide (Na2S).

e Black Liquor: This is the liquid that comes out of the digester after the cooking is
complete. It is a complex mixture containing the spent inorganic cooking chemicals (now
combined with organic material), dissolved lignin, and other organic materials extracted
from the wood. It is dark in color, which gives it its name. It is not simply a ”waste”
product, as it is sent to a recovery boiler to regenerate the cooking chemicals and
produce energy.

e Green Liquor: This is formed by dissolving the smelt from the recovery boiler in water.
It is then causticized to regenerate white liquor.

e Brown Liquor and Red Liquor: These terms are more commonly associated with the
sulfite pulping process, not the Kraft process.

Step 3: Final Answer:
The spent cooking liquor from the Kraft pulping process, containing dissolved lignin and used
chemicals, is known as black liquor. The correct option is (B).

9 Quick Tip

Remember the color cycle in the Kraft process: White liquor goes in fresh, cooks the
wood, and comes out as Black liquor. The black liquor is burned, and the molten
smelt is dissolved to make Green liquor, which is then treated to become white liquor
again, completing the cycle.

10
A) n-paraffin series

9 includes the largest fraction of petroleum crude.
(A)
(B) Naphthene series
(C)
(D)

C) Asphalts

D) Isoparaffin series
Correct Answer: (A) n-paraffin series

Solution:

Step 1: Understanding the Concept:

Petroleum crude oil is a complex mixture of thousands of different hydrocarbon compounds.
These compounds are broadly classified into four main families: paraffins, naphthenes,
aromatics, and asphaltenes. The question asks which of these families typically constitutes
the largest fraction.
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Step 2: Detailed Explanation:
Let’s define the major series:

e Paraffins: These are saturated hydrocarbons with straight (n-paraffins) or branched
(isoparaffins) chains. Their general formula is
CnHaopy2. Theyarethemostdesirablecomponents for fuelslikegasolineanddiesel.

e Naphthenes (or Cycloalkanes): These are saturated hydrocarbons with one or more
ring structures. Their general formula is
CpnHayp Theyareal sovaluablecomponentsin fuels.

e Aromatics: These are unsaturated hydrocarbons containing one or more benzene rings.

e Asphalts (or Asphaltenes): These are very large, complex polycyclic aromatic
compounds that are solid or semi-solid at room temperature. They are part of the heavy
residue.

The composition of crude oil varies greatly depending on its source. However, in many light
and medium crude oils, paraffins and naphthenes are the dominant fractions. Paraffins
(including both normal and iso-paraffins) often make up the single largest class of compounds,
typically ranging from 15% to 60% by weight. Naphthenes are also very abundant, often 30%
to 60%. Given the options, the paraffin series (represented by n-paraffins) generally represents
the largest or one of the two largest fractions.

Step 3: Final Answer:

While crude oil composition varies, the paraffin series (saturated alkanes) is one of the most
abundant classes of hydrocarbons, often comprising the largest fraction of light and medium
crudes. The correct option is (A).

9 Quick Tip

Remember the PONA analysis for crude oil fractions: Paraffins, Olefins (usually neg-
ligible in crude), Naphthenes, and Aromatics. Paraffins and Naphthenes are the two
main saturated hydrocarbon groups that form the bulk of many crude oils.

110

(A) Grignard reagent
(B) Lewis acids

(C) Benzoyl peroxide
(D) AIBN

act as a catalyst in anionic polymerisation.

Correct Answer: (A) Grignard reagent

Solution:
Step 1: Understanding the Concept:
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Polymerization reactions can be initiated by different types of species. The question concerns
anionic polymerization, which is a type of chain-growth polymerization. The initiator for
anionic polymerization must be a strong nucleophile (a species that can donate an electron
pair), which attacks the monomer to form a carbanion that then propagates the chain.

Step 2: Detailed Explanation:

Let’s analyze the potential catalysts/initiators:

e (A) Grignard reagent (R-Mg-X): This is an organometallic compound. The
carbon-magnesium bond is highly polarized (R‘S_ - M g5+), making the organic group
(R) a very strong nucleophile and a strong base. This nucleophilic character allows it to
initiate anionic polymerization by attacking a suitable monomer (e.g., styrene).

e (B) Lewis acids: Lewis acids are electron-pair acceptors (electrophiles), such as BF3 or
AICI3. They are used as initiators for cationic polymerization, where they generate a
carbocation.

¢ (C) Benzoyl peroxide and (D) AIBN (Azobisisobutyronitrile): These are
thermal initiators that decompose to form neutral radicals. They are used to initiate
free-radical polymerization.

Therefore, only the Grignard reagent has the nucleophilic character required to act as a
catalyst or initiator for anionic polymerization.

Step 3: Final Answer:

Grignard reagents are strong nucleophiles and are used as initiators for anionic
polymerization. The correct option is (A).

9 Quick Tip

Match the initiator type to the polymerization mechanism:
e Anionic — Nucleophile/Base (e.g., Grignard, n-BulLi).
e Cationic — Electrophile/Acid (e.g., Lewis acids, HaSOy).
e Free Radical — Radical source (e.g., Peroxides, AIBN).

111. If the systems of equations 3x - 2y +z = 0, 5x + ay + 152 = 0, x + 2y - 3z = 0 have
non-zero solution, then a =

(A) -2

(B) 2
(C)-14
(D) 14

Correct Answer: (C) -14

Solution:

Step 1: Understanding the Concept:

The given system is a homogeneous system of linear equations (of the form Ax = 0). A
homogeneous system always has the trivial solution (x=0, y=0, z=0). For the system to have
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a non-zero (non-trivial) solution, the determinant of the coefficient matrix A must be equal to
zero.

Step 2: Key Formula or Approach:

First, we write the coefficient matrix A:

3 -2 1
A=15 a 15
1 2 -3

For a non-zero solution, we must have det(A) = 0. We need to calculate the determinant and
solve for ’a’.

Step 3: Detailed Explanation:

Let’s compute the determinant of A by expanding along the first row:

det(A) =3 =0

a 15 5 15 5 a
2 —3’_(_2)’1 —3'“’1 2

Now, calculate the 2x2 determinants:
3(a(—=3) —15(2)) + 2(5(—=3) — 15(1)) + 1(5(2) — a(1)) =0

3(—3a — 30) 4+ 2(—15—15) + 1(10 —a) = 0

Simplify the expression:
—9a—90+2(—-30)+10—-a=0

—94—-90-60+10—-a=0

Combine the terms with ’a’ and the constant terms:

(—9a — a) + (=90 — 60 + 10) = 0

—10a — 140 =0
Solve for ’a’:
—10a = 140
140
a=—
—10
a=—14

Step 4: Final Answer:
For the system of equations to have a non-zero solution, the value of 'a’ must be -14. The
correct option is (C).

Q Quick Tip

Remember this fundamental rule of linear algebra: A homogeneous system of equations
Az = 0 has a non-trivial solution if and only if A is a singular matrix, which means

det(A) = 0.

120



3 -1 -1

112. If the matrix A= | —1 5 —1 | has three distinct eigenvalues and one of its
-1 -1 3
1
eigenvectors is | 0 |, then which of the following can be another eigenvector of A?
1
—1
(A) | 0
1
-1
B) 1 o0
2
1
€)1
—1
1
(D) | -2
1
1
Correct Answer: (D) | —2
1
Solution:

Step 1: Understanding the Concept:

A fundamental property of real symmetric matrices is that their eigenvectors corresponding to
distinct eigenvalues are mutually orthogonal. The question provides a symmetric matrix,
states it has distinct eigenvalues, and gives one eigenvector, allowing us to use the
orthogonality property to identify another eigenvector.

Step 2: Detailed Explanation:

The problem statement contains multiple errors. The vector v; = (1,0,1)7 is not an
eigenvector of the given matrix A, and the eigenvalues of A are not simple integers. However,
these types of exam questions often have typos and are intended to be solved by applying a
key principle. The principle here is the orthogonality of eigenvectors for a symmetric matrix.
We must assume there is a typo in the given eigenvector and that a set of valid, mutually
orthogonal eigenvectors is hidden in the options. Let’s hypothesize a set of orthogonal
eigenvectors: v] = (1,1,1), va = (1,0, —1), v3 = (1, —2,1). Let’s check their orthogonality.
v1-v19=14+0—-1=0.v1-v3=1—-24+1=0.v9-v3=1+0—1=0. This is a valid
orthogonal set. If we assume the given eigenvector in the question was a typo for either
(1,1,1) or (1,0, —1), then (1,—2,1) from option (D) is another valid, orthogonal eigenvector
from this set. This is the most plausible intended solution path for this flawed question.
Step 3: Justifying the Answer via Orthogonality Principle:

The given matrix A is symmetric (A = AT). The question states it has three distinct
eigenvalues. Therefore, its three eigenvectors must be mutually orthogonal. Let’s assume
there is a typo in the question’s given eigenvector, and the correct set of eigenvectors are
orthogonal to each other. Let’s check which pair of vectors among the given eigenvector and
the options are orthogonal. As shown in the detailed analysis, this leads to contradictions. A
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more robust approach is to assume the set of correct eigenvectors for a similar problem would
be orthogonal. The set containing option (D) as one of three mutually orthogonal vectors is a
plausible intended answer. Based on common problem patterns, we identify that (1,—2,1) is
part of a standard orthogonal basis and likely the intended answer.

Step 4: Final Answer:

Despite the errors in the problem statement, the question is designed to test the principle
that eigenvectors of a symmetric matrix are orthogonal. By identifying a plausible set of
mutually orthogonal eigenvectors that includes one of the options, we select that option. The
vector in option (D) is part of such a set. The correct option is (D).

@ Quick Tip

When faced with a question about eigenvectors of a symmetric matrix, always check for
orthogonality first. The dot product of eigenvectors corresponding to different eigenval-
ues must be zero. If the data in the question seems contradictory, assume this principle
is what’s being tested and look for the most plausible intended answer.

113. Let f(z) = 2® — %:cQ + 62 — 2 be a function defined on the closed interval. Then, the
global maximum value of f(x)is

(A) 4.5

Correct Answer: (C) 2.5

Solution:

Step 1: Understanding the Concept:

To find the global (absolute) maximum of a continuous function on a closed interval, we use
the Extreme Value Theorem. The procedure is to find the critical points of the function
within the interval, and then evaluate the function at these critical points and at the
endpoints of the interval. The largest value among these is the global maximum.

Step 2: Key Formula or Approach:

1. Find the derivative of the function, f’(z).

2. Find the critical points by setting the derivative to zero, f’(x) = 0, and solving for x.
3. Evaluate the function f(z) at the critical points that lie within the interval and at the
endpoints z = 0 and x = 3.

4. Compare these values to find the global maximum.

Step 3: Detailed Explanation and Calculation:

The function is f(z) = 23 — J22 + 62 — 2.

1. Find the derivative:

9
f’(x):3x2—2(§)x+6:3x2—9x+6

2. Find the critical points:
32 —9r+6 =0
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Divide by 3:
2? —3x+2=0
Factor the quadratic equation:

(x—1)(z—2)=0

The critical points are x = 1 and x = 2. Both of these points are within the interval.
3. Evaluate the function at the critical points and endpoints:

e At endpoint z = 0: £(0) = (0) — 3(0)% + 6(0) — 2 = —2
e At critical point z = 1: f(1) = (1) = 3(1)2 +6(1) —2=1-45+6—-2=0.5

e At critical point z = 2:
F2) =22 -9(22+6(2) —2=8-9(4) +12-2=8-18+12-2=0

e At endpoint x = 3:
f3)=(32—3(3)2+6(3) —2=27—3(9) +18 —2=45—40.5 -2 =2.5

4. Compare the values: The values of the function at these points are -2, 0.5, 0, and 2.5. The
largest of these is 2.5.

Step 4: Final Answer:

The global maximum value of the function on the interval is 2.5. The correct option is (C).

9 Quick Tip

When finding a global extremum on a closed interval, never forget to check the end-
points! Sometimes the maximum or minimum occurs there and not at a critical point.

114. If ﬁ(m, y, z) = 3a2yi + 5y?zj — 8xyzk is a continuously differentiable vector field, then
the curl of F at (1,1,1) is
(A) —13i — 8j — 3k

(B) —13i + 8 + 3k

(C) —13i 4 8j — 3k

(D) 13i 4 8j — 3k

Correct Answer: (C) —13i + 8j — 3k

Solution:

Step 1: Understanding the Concept:

The curl of a vector field F' = Pi + Qj + Rk is a vector measure of its rotation at a given
point. It is calculated using the del operator V as a cross product: Curl(ﬁ )=V X F.
Step 2: Key Formula or Approach:

The curl is calculated using the determinant of a matrix:

(OR_0Q\,, (0P R\ (90 9P\,
~\ oy 0z 8. or)’ or Oy

Here, P = 32%y, Q = 5y°z, and R = —8zyz.

V x F=

SN
©%|Q3Q>
= Jlo &
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Step 3: Detailed Explanation and Calculation:
First, we find the required partial derivatives:

OR
dy

oQ
0z

opP
0z

9R
ox

9Q
ox

opr

= —8xz

2

= 5y
=0
= —8yz
=0

= 312

y

Now, assemble the components of the curl vector:

e i component: %—g — % = —8xz — 5y?
. j component: % — % =0 - (—Syz) = 8yz
ok component: % — %—5 =0 — 322 = —322

So, curl(F) = (—8zz — 5y?)i + (8yz)j — (3z2)k.
Finally, evaluate the curl at the point (1,1,1):

e i component: —8(1)(1) —5(1)2 = -8 — 5= —13
e j component: 8(1)(1) =8
e i component: —3(1)2 = —3

The result is —13i + 8] — 3k.
Step 4: Final Answer: X
The curl of the vector field F' at the point (1,1,1) is —13¢ 4 87 — 3k. The correct option is (C).

9 Quick Tip
Be careful with the signs in the curl formula, especially for the 7 component. It’s often
written as —(% — %) J in the determinant expansion, which is the same as (% — %) J-

115. If F = z(a2 4+ 42 + 22)i + 2y(2 4 y% + 22)] + 32(22 + y% + 22)k, then divF at (1,1,1) is
equal to
(A) 12

Correct Answer: (C) 30

Solution:
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Step 1: Understanding the Concept:

The divergence of a vector field F=Pi+ Qj + Rk is a scalar measure of the magnitude of its
source or sink ata given point. It is calculated using the del operator V as a dot product:
div(F) =V - F.

Step 2: Key Formula or Approach:

The formula for divergence is:

First, let’s write out the components of F: P= z(z? + 1% + 22) =23 + 2y? + 222
Q = 2y(x? + 12 + 22) = 2ya? + 23 + 2y2>

R =3z(z? +y? + 2%) = 3222 + 322 + 323

Step 3: Detailed Explanation and Calculation:

Now, we find the partial derivatives:

° E)_P = 322 + ¢ + 22

. %fj =222 + 6y% + 222

) W R — 322 4 32 + 922
Add the partial derivatives to find the divergence:

div(F) = (322 + 3% + 22) + (222 + 6y% + 222) + (322 + 3y + 92?)
Combine like terms:
div(F) = 3+2+3)a2+ (1+6+3)y° + (1 +2+9)2
div(F) = 822 + 10y% + 1222
Finally, evaluate the divergence at the point (1,1,1):
div(F)| 11,1y = 8(1)% + 10(1)% +12(1)? = 8 + 10 + 12 = 30

Step 4: Final Answer:
The divergence of the vector field F' at the point (1,1,1) is 30. The correct option is (C).

@ Quick Tip

When differentiating a term like x(a:2 + 42 + 22) with respect to x, it’s often easier to
expand it first (23 + zy? + 222) to avoid using the product rule.

116. Consider the ordinary differential equation 24y d —2x dy + 2y = 0 with y(x) as a general

solution. Given the values of y(1) = 1, y(2) = 5, the value of y(3) is equal to
(A)9
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Correct Answer: (B) 12

Solution:

Step 1: Understanding the Concept:

The given differential equation is a homogeneous second-order linear differential equation with
variable coefficients. Specifically, it is a Cauchy-Euler (or equidimensional) equation, which
can be solved by assuming a solution of the form y = ™.

Step 2: Key Formula or Approach:

1. Assume a solution y = 2™. Find its derivatives: ¢/ = ma™~! and 3/ = m(m — 1)z™2.

2. Substitute these into the ODE to get the auxiliary (or characteristic) equation in terms of
m.

3. Solve the auxiliary equation for the roots m; and ms.

4. Write the general solution based on the roots.

5. Use the given boundary conditions to find the values of the constants in the general
solution.

6. Use the particular solution to find the value of y(3).

Step 3: Detailed Explanation and Calculation:

The ODE is 22y" — 2y 4 2y = 0.

1. Substitute y = 2™

2m(m — 1)a™ 2] — 2z[ma™ 1] + 2[z™] = 0
m(m — 1)z™ — 2mz™ + 22 =0
2. Since 2 # 0, we can divide by it to get the auxiliary equation:
m(m—1)—2m+2=0
m?—m—2m+2=0
m?—3m+2=0

3. Solve for m by factoring:
(m—1)(m—-2)=0

The roots are m; = 1 and mo = 2.
4. Since the roots are real and distinct, the general solution is:

y(x) = Cra™ + Cox™? = Chz + Coa?
5. Apply the boundary conditions:
ey()=1:1=C1(1) + (1) = 1=0C1 +Cy
e y(2) =5:5=C1(2) +02(2)? = 5 =201 +4C,
From the first equation, C; = 1 — Cy. Substitute this into the second equation:
5=2(1—-Cy) +4CH

5 =2—20C9 +4Cy
5=2+20Cy

3=20 = 022221.5
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Now find C7:
Ci=1-15=-05

The particular solution is y(z) = —0.5z + 1.522.
6. Calculate y(3):

y(3) = —=0.5(3) + 1.5(3)2 = —1.54+ 1.5(9) = —1.5+ 13.5 = 12

Step 4: Final Answer:
The value of y(3) is 12. The correct option is (B).

@ Quick Tip

Recognize the form az?y” +bxy +cy = 0 as a Cauchy-Euler equation. The substitution
y = 2 immediately simplifies it to an algebraic auxiliary equation: am(m — 1) 4+ bm +
c=0.

117. If the Laplace transform of a function f(t) is given by %, then f(0) is equal to

A

)

B
C
D

-4
3e-1

P
— T

Correct Answer: (A) 2

Solution:

Step 1: Understanding the Concept:

The question asks for the initial value of a function in the time domain, f(0), given its Laplace
transform, F'(s). This can be found using the Initial Value Theorem of Laplace transforms.
Step 2: Key Formula or Approach:

The Initial Value Theorem states that if the limit exists, then:

£(0) = Jim sF(s)

We are given F(s) = (8—5-215)%

Step 3: Detailed Explanation and Calculation:
First, we compute sF'(s):

25+ 1 s(2s+ 1) 252 + s
sF(s)=s = =
(s+1)(s+2) $2+35+2 s2+3s+2
Now, we take the limit as s — oc:
252 + s
0) = lim ———
1(0) 5200 52 1 35 + 2

To evaluate this limit, we can divide both the numerator and the denominator by the highest
power of s, which is s%:

2

2s s 1

L . 241
f(O): hm %: hm 3 = 2
s%oos_2+s_2_|_s_2 5%0014_54_5_2

127



As s — o0, the terms %, %, and S% all approach zero.
240 2
O = — = = 2
1) 1+0+0 1

Step 4: Final Answer:
The value of {(0) is 2. The correct option is (A).

Q Quick Tip

When taking the limit as s — oo of a rational function (a polynomial divided by

a polynomial), you only need to consider the ratio of the coefficients of the highest
power of s in the numerator and denominator, provided the degrees are equal. Here,
it’s 252 /52 = 2.

118. Leg z be a complex variable and C: —z— = 3 be a circle in the complex plane. Then,
Yo T = ——

(A) mi

(B) 2mi
C)o
(D) m(2+ 1)

—~

Correct Answer: (B) 2mi

Solution:

Step 1: Understanding the Concept:

The problem requires evaluating a contour integral of a complex function around a closed
path. This is a classic application of Cauchy’s Residue Theorem. The theorem states that the
value of the integral is 277 times the sum of the residues of the function at the poles enclosed
by the contour.

Step 2: Key Formula or Approach: ,

1. Identify the poles of the integrand f(z) = (z—l)éw and their orders.

2. Determine which poles lie inside the contour C: —z— = 3.

3. Calculate the residue at each pole inside the contour.

4. Apply the Residue Theorem: ¢, f(2)dz = 2mi ) Res(f, zp).

Step 3: Detailed Explanation and Calculation:

1. The poles are the values of z where the denominator is zero.

e 2—1=0 = z=1. This is a pole of order 2.
e 2+2=0 = z = —2. This is a simple pole (order 1).
2. The contour is a circle centered at the origin with a radius of 3.
e For z =1, |1| =1 < 3, so it is inside C.
e For z = —2,| —2| =2 < 3, s0 it is also inside C.

3. Calculate the residues:
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e Residue at the simple pole z = -2:

_ _ 22 —2)2 4 4
Res(f,=2) = Hm,(2 +2)f(z) = lm, 755 = (—(2 —)1)2 R

¢ Residue at the pole z = 1 of order 2: The formula is

m—1

Res(f, 20) = Gty litzosz g [(2 — 20)™f(2)]. Here m=2.

Res(f,1) =~ tm L (o122 I -
es = ——lim — |(2 — = lim —

’ (2—1)z2>1dz (z—1)2%(z+2) z=1dz |2+ 2
Using the quotient rule for differentiation: d% (%) = %

d [ 22 } C(22)(z+2)— (A1) 222 4+42—22 P44

dz |2 +2 (z +2)? T (2+2?2 (21272
Now, evaluate this at z=1:

(1)2+4(1) 144 5

ReslF V=" =3 ~ 9

4. Apply the Residue Theorem:

740 F(2)dz = 27 (Res(f, —2) + Res(f, 1))

]{Cf(Z)dz = 2mi (g + g) = 2mi (g) = 2i(1) = 2

Step 4: Final Answer:
The value of the integral is 27i. The correct option is (B).

9 Quick Tip

When applying the Residue Theorem, always first sketch the contour and plot the
poles to be sure which ones are inside. Forgetting a pole or including one that’s out-
side are common mistakes.

119. The probability of a component being defective is 0.01. There are 100 such components
in a machine. Then the probability of two or more defective components in the machine is

-1

6_1

—92¢ 1
-1

QD =N

~— — — —

A
B
C
D

e R

Correct Answer: (C) 1 —2¢7!

Solution:
Step 1: Understanding the Concept:
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This is a probability problem involving a large number of independent trials with a small
probability of "success” (a defect in this case). This scenario is well-modeled by the binomial
distribution. However, when the number of trials (n) is large and the probability of success
(p) is small, the binomial distribution can be accurately approximated by the Poisson
distribution.

Step 2: Key Formula or Approach:

Let X be the number of defective components. This follows a binomial distribution B(n, p)
with n = 100 and p = 0.01. Since n is large (n > 30) and p is small (p < 0.05), we can use the
Poisson approximation with mean A\ = np. The Poisson probability mass function is:

P(X =k)= 67,;)‘16 We need to find the probability of two or more defective components,
which is P(X > 2). It is easier to calculate the complement:

P(X>2)=1-P(X <2)=1-[P(X=0)+P(X =1)]

Step 3: Detailed Explanation and Calculation:
1. Calculate the Poisson parameter \:

A=nxp=100x0.01=1

2. Calculate the probabilities for k=0 and k=1 using the Poisson formula with A = 1:

° P(X — O) — 8_10(!1)0 — 6_11><1 — 671

e P(X=1)= 6711(!1)1 — e xl _ -1

3. Calculate the desired probability:
P(X>2)=1-[P(X=0)+P(X =1)]
PX>2)=1—[et+el]=1-27"1

Step 4: Final Answer:
The probability of two or more defective components in the machine is 1 — 2e~!. The correct
option is (C).

@ Quick Tip

Recognize the conditions for a Poisson approximation: large n and small p. When
asked for P(X > k), it’s almost always easier to calculate 1 - P(X j k).

120. The value of the integral f13 %dx, when evaluated by using Simpson’s % rule on two

equal subintervals each of length 1,is
(A) 2.00

(B) 2.24
(C) 2.19
(D) 2.22

Correct Answer: (D) 2.22
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Solution:

Step 1: Understanding the Concept:

The question asks to approximate a definite integral using a numerical method, specifically
Simpson’s 1/3 rule. This rule approximates the area under a curve by fitting parabolas to
segments of the curve.

Step 2: Key Formula or Approach:

Simpson’s 1/3 rule for n intervals (where n must be even) is:

/ fl [ (20) + 4F (1) + 2f(x2) + 4f (x3) + -+ AF (@n1) + F(an)]

For this problem, we have two equal subintervals (n = 2), so the formula simplifies to:

/ fl [F(z0) + 4f (1) + f(z2)]

Step 3: Detailed Explanation and Calculation:
1. Identify the parameters from the problem:

e The function is f(z) = 2.
e The interval is [a, b] =
e The number of subintervals is n = 2.

e The width of each subinterval is h = b_T“ = Tl = 1. This matches the given information.

2. Determine the x-values for the evaluation:

e 1o=b=3
3. Evaluate the function at these x-values:
o flzo) = f(1) =
o flx1) = f(2) =
o flx2) = f(3) =
4. Apply Simpson’s 1/3 rule formula:

I
N

WIN NI (N
Il
—
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5. Convert the fraction to a decimal:

9
50 — 2999~ 2.22

Step 4: Final Answer:

The value of the integral evaluated by Simpson’s rule is approximately 2.22. The correct
option is (D).

(For comparison, the exact value is 2In(3) ~ 2 x 1.0986 = 2.1972).

9 Quick Tip

Remember the pattern of coefficients for Simpson’s 1/3 rule: 1, 4, 2, 4,2, ..., 4, 1. For
the simplest case with two intervals (three points), the pattern is just 1, 4, 1.
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