AP ECET 2025 Computer Science And Engineering Question Paper
with solution

| Time Allowed :120 Minutes | Maximum Marks :200 | Total Questions :200 |

General Instructions

Read the following instructions very carefully and strictly follow them:
1. The duration of the test is 3 hours.
2. Each question carries 1 mark. There is no negative marking.

3. The medium of the question paper is English and Telugu/Urdu (as opted by
the candidate).

4. Candidates must report at the test center at least 90 minutes before the
commencement of the examination.

5. Candidates must carry:

e Filled-in Online Application Form (printout)
e Valid Photo ID Proof (Aadhaar, Passport, PAN, Driving Licence, etc.)

6. Rough work must be done only on the provided rough sheets. Additional sheets
will not be provided.

7. Use of calculators, mobile phones, smart watches, or any electronic
devices is strictly prohibited.

8. Follow the invigilator’s instructions carefully. Any malpractice will result in
disqualification.

1. If the matrix A = , then which of the following is true?
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(A) The matrix is invertible
(B) The matrix is singular
(C) The matrix is diagonalizable

(D) The matrix is symmetric

Correct Answer: (B) The matrix is singular

Solution:
A matrix is singular if its determinant is zero. A matrix is invertible if its determinant is



non-zero.

We will calculate the determinant of the given matrix A.

1
det(A) = |4
7
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Expanding along the first row:

det(A) =1(x9—6x8) —24x9—-6xT7)+3(4x8—-5x7)
det(A) = 1(45 — 48) — 2(36 — 42) + 3(32 — 35)

det(A) = 1(—3) — 2(—6) + 3(—3)

det(A) = —-3+12—-9

det(A) =0

Since the determinant of A is 0, the matrix is singular.

Quick Tip

For a 3x3 matrix where the elements are in an arithmetic progression, like this one, the
determinant is always zero. This is because row operations (e.g., R1 + Rs — 2R3) can be
used to create a row of zeros, proving the rows are linearly dependent.

2. If A = [a Z} and the determinant of A is 5, then determinant of the matrix 2A is
(A) 10

(B) 20

(C)5

(D) 25

Correct Answer: (B) 20

Solution:
We are given a 2x2 matrix A, so its order is n = 2.



We are given that the determinant of A is 5, i.e., det(A) = 5.
We need to find the determinant of the matrix 2A.

We use the property of determinants which states that for a square matrix A of order n and a

scalar k, det(kA) = k™ - det(A).

In this problem, the scalar is k = 2 and the order of the matrix is n = 2.
Substituting the values into the formula:

det(2A) = 22 - det(A)

det(2A) =4-5

det(2A) = 20

Therefore, the determinant of the matrix 2A is 20.

Quick Tip

A common mistake is to assume det(kA) = k - det(A). Remember to raise the scalar 'k’
to the power of the matrix’s order 'n’ before multiplying by the determinant.

3. If the matrix A is of order 3x3 and the system of equations AX = B has a unique
solution, what can be concluded about the determinant of A?

(A) The determinant of A is zero
(B) The determinant of A is non-zero
(C) The determinant of A must be 1 only

(D) The determinant of A cannot be negative

Correct Answer: (B) The determinant of A is non-zero

Solution:
The given system of linear equations is AX = B.

A system of linear equations has a unique solution if and only if the coefficient matrix A is
non-singular.



A matrix is defined as non-singular if it is invertible.
A square matrix is invertible if and only if its determinant is non-zero.
Therefore, for the system AX = B to have a unique solution, the condition is that det(A) # 0.

This means the determinant of A must be non-zero.

iy

For a system of linear equations AX = B:
o If det(A) # 0, there is a unique solution.
o If det(A) = 0 and (adj A)B = 0, there are infinitely many solutions.
o If det(A) = 0 and (adj A)B # 0, there is no solution.

4. If A = [x 3] and A7l = l_12 _1(')551, then the value of x is

Correct Answer: (B) 1

Solution:
We know that for any invertible matrix A, the product of the matrix and its inverse is the
identity matrix, i.e., A- A~ =1.

. [z o3 L [-2 15
Given A = [2 4} and A7 = ll _0'5].

The identity matrix of order 2 is [ = {(1) (1)} .

Let’s perform the matrix multiplication and equate the element in the first row, first column
to 1.

[ R



The element in the first row, first column of the product is (z x —2) + (3 x 1).

So, we can write the equation:

—2rx+3=1
—2r=1-3
—2r = —2
r=1

Instead of calculating the full inverse of A using the formula and comparing terms, it’s
much faster to use the property A-A~! = I and compute only the single element needed
to solve for the unknown variable.
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Correct Answer: (C) B g}

Solution:
First, we calculate the product of the matrices A and B.

ot

C1-1+4+2-1) (1-0+42-0)
AB_{(3-1+4-1) (3-0+4-0)]

_|(1+2) (0+0)
AB_[(3+4) (0+0)]



30
AB =
Next, we find the transpose of the resulting matrix AB. The transpose is obtained by inter-
changing the rows and columns.

3.7
(AB)T = [o o]

This matches option (C).

Quick Tip

Remember the property for the transpose of a product: (AB)T = BTAT. You can
compute the transpose of each matrix first and then multiply them in reverse order to
get the same result. This can be a useful way to check your work.

6. If 2507 = o) + iy then A+B =
(A) -2
(B) 2
(€)1
(D) -1

Correct Answer: (B) 2

Solution:
To find the values of A and B, we can write the equation as:

20 +5=A(x+3)+ B(x—1)

We use the cover-up method by substituting the roots of the denominator.
To find A, let x = 1:

2)+5=A(1+3)+B(1-1)

7= A(4) + B(0)

AA=T7T = A=1



To find B, let x = -3:
2(-3)+5=A(-3+3)+B(-3-1)
—6+5=A(0) + B(—4)

—1=-4B = B=1

Now, we need to calculate A + B.

A+B=I14+1=8=2

Quick Tip

The cover-up method is the fastest way to find coefficients in partial fractions with distinct
linear factors. Simply substitute the roots of each factor in the denominator into the
numerator equation.

7. If (:c—l)(Z));jQI)(x—3) = (xél) + (932) + (ﬁg) then the values of (A, B, C) are
(A) (1, -5, )
(B) (1,5, 4)
(C) (4,5 1)

(D) (1, 4, 5)
Correct Answer: (A) (1, -5, 4)

Solution:
We start with the equation:

3r—1=A(x—2)(x—3)+ Bz —1)(z —3)+ C(z — 1)(x — 2)

We will find the values of A, B, and C by substituting the roots of the denominator.
To find A, let x = 1:

3(1)—1=A(1-2)(1-3)

2=A(-1)(-2) = 2=24 = A=1



To find B, let x = 2:

3(2) —1=B(2—1)(2—3)

5=B(1)(-1) = 5=-B = B=-5
To find C, let x = 3:
33)—1=C(3-1)(3-2)

8=C(2)(1) = 8=20 = C =4

So, the values are (A, B, C) = (1, -5, 4).

When dealing with multiple distinct linear factors in partial fractions, systematically
substitute the root of each factor to isolate and solve for one coefficient at a time. This
method is efficient and less prone to algebraic errors.

8. If sinf = %, then cosf =
(A) % but not —%

(B) % or —%

(C) —% but not %

(D) £ but not —2
Correct Answer: (B) % or —%

Solution:
We use the fundamental Pythagorean identity of trigonometry:

sin?@ + cos?0 =1
We are given that sinf = % Substituting this value into the identity:
(%)2 +cos?f =1

2%+00529:1



Now, we take the square root of both sides to find cos 6.
_ 16

cos = +4/5
_ 14

cosf = £z

Since the quadrant of 6 is not specified, cos @ can be positive (in Quadrant I or IV) or negative
(in Quadrant IT or III). Therefore, both values are possible.

Quick Tip

Whenever you take a square root to solve for a trigonometric function (like from cos? #),
always remember to include both the positive and negative solutions (&), unless the
quadrant of the angle is specified to restrict the sign.

9. If cosfcsc = —1 and 0 lies in the second quadrant then cosf =

o5

Correct Answer: (C) —

Solution:
First, simplify the given trigonometric equation.

cosfcsch = —1

Since cscf = ﬁ, we can substitute this into the equation:
cosf - Shllo =—1

2 — 1



We know that €29 — cot 6.

sinf

So, cot = —1.
If cot = —1, then the reference angle o for which cotaw = 1is § (or 45°).

The problem states that 6 lies in the second quadrant. In the second quadrant, cotangent is
negative.

The angle in the second quadrant with this reference angleis =7 —a =7 -7 = %T’T.

Now we need to find the value of cos@ for § = ??TW'
In the second quadrant, cosine is negative.

Cos(%”) = —cos(}) = —L

V2

Rationalizing the denominator gives:

2
cosf = —%

Quick Tip

Always start by simplifying the given trigonometric expression. After finding the value
of a function like cot @, use the quadrant information (e.g., ASTC rule: All, Sine, Tan,
Cos) to determine the correct angle and the sign of the required function.

10. If 5sinf = 4 then the value of gzzz;—ggzg is
(A)-1/4
(B) -1/2
(C) 1/2

(D) 1/4

Correct Answer: (D) 1/4

Solution:
First, let’s simplify the given expression in terms of sinf and cos 6.

10



1 _ cosf

cscl—cotf __ 5ing " sine
csc O+cot 0 1 _ cosf
+ sin 6 + sin 6

Multiplying the numerator and denominator by sin 6:

__ 1—cosf
— 1+cosf

Now, we find the value of cos 6 from the given information 5sin 6 = 4.

inh — 4
sm<9—5.

Using the identity cos?§ = 1 — sin® 6:

cos?f=1—(3)2=1-=2

_ 9 _ 13
cos = +4/5: = £5
Since the available options are positive, we can assume @ is in the first quadrant, where cos @ is
positive.

Case 1: cos = 2

(@2

Substitute this into the simplified expression:

2
_ 175 _ 5 _2_1
Value— 1+%—§—§—Z
B A
(If we were to use cosf = —%, the value would be % = 4 =4, which is not an option.)

Thus, the correct value is i.

When faced with a complex trigonometric expression to evaluate, always try to sim-
plify it using identities first. Simplifying the expression before substituting values can
significantly reduce the complexity of the calculation and prevent errors.

11. For real x and if x + % = 2cos 8 then cos@ is

11



(D) +3
Correct Answer: (A) £1

Solution:
We are given the equation x + % = 2cos 6 for real x.

Rearranging the equation, we get a quadratic in x:
2?24+ 1=2xcosf
22 — (2cosf)r +1=0

Since x is a real number, the discriminant (D) of this quadratic equation must be greater than
or equal to zero.

D =b* —4dac >0

Here, a =1, b = —2cos#, and ¢ = 1.

D = (—2cosf)? —4(1)(1) > 0

4cos?h—4>0

4dcos?h >4

cos? > 1

We also know that for any real angle #, the range of cosf is [—1, 1], which implies cos? 6 < 1.
The only way for both cos2f > 1 and cos?6 < 1 to be true is if cos? 6 = 1.

Taking the square root, we get cosf = +1.

Remember the AM-GM inequality for positive real numbers, which implies that for x > 0,
x + % > 2. Similarly, for x < 0, = + % < —2. This means |z + %| > 2. Combining this
with |2 cosf| < 2 directly leads to the conclusion that equality must hold.

12. sin®0 + cosb 0 + 3sin?h cos? § =

12



Correct Answer: (B) 1

Solution:
We use the algebraic identity (a + b)® = a + b3 + 3ab(a + b).

Let @ = sin®6 and b = cos? 6.

We know the fundamental trigonometric identity a + b = sin® 6 + cos? = 1.
Now substitute these into the algebraic identity:

(sin @ + cos? 0)3 = (sin? 0)> + (cos? §)3 + 3(sin? ) (cos? A) (sin? O + cos? )
(1)3 = sin% @ + cos® 6 + 3sin? @ cos? (1)

1 = sin®6 + cos® 0 + 3sin? 0 cos? 6

Thus, the value of the given expression is 1.

Quick Tip

Whenever you see powers like 4, 6, or 8 in trigonometric expressions involving both sine
and cosine, think about how you can use the identity sin® 6 + cos2 = 1 in conjunction
with algebraic formulas like (a 4 b)? or (a + b)3.

13. The maximum value of 3cosf +4sinf is

13



Correct Answer: (C) 5

Solution:

An expression of the form acosf + bsin @ can be analyzed to find its maximum and minimum
values.

The maximum value of this expression is given by the formula Va2 + b2.

The minimum value is given by —va2 + b2.

In the given expression, 3 cosf + 4sinf, we have a = 3 and b = 4.

Calculating the maximum value:

Maximum value = /32 + 42

= /0116
— V3

Il
ot

Therefore, the maximum value of the expression is 5.

For any expression of the form acosx + bsinz, the range of values is

[—Va? +b2,v/a? + b2]. This is a standard result and is very useful for quickly solving
problems involving the range of trigonometric functions.

14. If sin5z + sin 3z + sinz = 0 then the value of x other than zero lying between
0<z< % is

— —~~
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Correct Answer: (B)

wlx
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Solution:
We are given the equation sin 5z + sin 3z + sinz = 0.

Rearrange the terms: (sin 5z + sinz) + sin 3z = 0.
A+B A-B

Use the sum-to-product formula: sin A + sin B = 2sin (T) cos (T)

Applying this to (sin bz + sinx):

2 sin (5I2’L”) cos (5‘/”2_“”) +sin3x =0
2sin(3x) cos(2z) 4 sin 3z = 0
Factor out sin 3z:

sin3z(2cos2zx+ 1) =0

This gives two possible cases for the solution:

Case 1: sin3z = 0. This implies 3z = nm, so x = 5. For a non-zero solution in the given
range, let n = 1, which gives z = 3.
Case 2: 2cos2x + 1 = 0. This implies cos2x = —%. The principal values for 2z are %’T and 4?“.

_T — 2r
Sox—gorx— 3

The value z = 2{ is outside the range 0 < x < %

Both cases yield the solution = % within the specified interval.

When solving trigonometric equations with three sine or cosine terms, look for a way
to group two of them so that applying a sum-to-product formula yields a term that is
common with the third term, allowing for factorization.

15. The general solution of the equation tan®z =1 is
(A) nm + 7§ only
(B)nm+£ %

(C)2nm £ %

15



(D) nm — 7 only

Correct Answer: (B) nm+ 7§

Solution:
We are given the equation tan®z = 1.

Taking the square root of both sides, we get:

tanx = :l:\/I

tanx = +1

This gives two separate cases for the general solution.

Case 1: tanx = 1. The principal value is x = 7. The general solution is z = nm + 7, where n
is an integer.

Case 2: tanz = —1. The principal value is x = —7%. The general solution is x = nm — 7, where
n is an integer.

We can combine these two sets of solutions into a single expression.

The combined general solution is = nr 4= 7, where n is an integer.

Quick Tip

A useful standard result is: if tan? z = tan® «, then the general solution is z = nrw + «.
In this case, since 1 = tanz(%), we can directly apply the formula with oo = 7.

5 T 117 T
16. The value of cos 17 +cos 17 + 2 cos J7 Cos 7= is

(D) 1/2

Correct Answer: (A) 0

16



Solution:
Let the given expression be E.

_ 5 T 117 T
E = oS 17 +cosﬁ+2cos?cosl—7

We use the product-to-sum formula: 2 cos A cos B = cos(A + B) + cos(A — B).

Applying this to the third term:

1w T Ur | 7w g 7w
2COS?COSﬁ—COS(17 +17)+cos(17 17)

— con (47) + cos (47)
Now, substitute this back into the expression E:
121 107

— g BT 7 127 . 107
E = cos 77 + oS 17 + o8 7 + €os =

Use the identity cos(m — #) = — cos 6.

127 _om\ _ _ o
COs §7 = COs (71' 17) = —COS 77

107 s . s
COS q7 = COS (ﬂ' —17) = COS 17

Substitute these back into E:

— 5m Tr _ 5w T
FE = cos 7 1 COS 7 — COS % — COS 77

E=0

When dealing with trigonometric sums involving unfamiliar angles (like multiples of
7/17), look for opportunities to use sum-to-product or product-to-sum formulas, and
identities like cos(m — ) = — cos 6 to simplify the expression by cancellation.

17. If sinf — cos @ = 4/5 then the value of sinf + cosf =

17



(D)
Correct Answer: (D) @

Solution:
We are given sinf — cosf = 4/5. Let sinf + cos = x.

We know the identity (sin @ — cos6)? + (sin @ + cos 0)% = 2(sin? 6 + cos? 6).

(sin?f — 2sinfcos@ + cos26) + (sin?@ + 2sinfcosd + cos>f) = (1 — 2sinfcosh) + (1 +
2sinf cosf) = 2.

Since sin® @ + cos? @ = 1, the identity simplifies to 2(1) = 2.
Now substitute the given values into the identity:

(4/5)2 + 22 =2

16/25 + 2?2 = 2

22 =2-16/25

2% = (50 — 16) /25 = 34/25

T =+/34/25 = + ¥}
V3

Since one of the options is the positive value *2=, we choose that as the answer.

Quick Tip

The identity (a — b)? + (a + b)? = 2(a® + b?) is extremely useful for problems where you
are given the value of (sinf + cos @) and asked to find the value of (sin 6 F cos@).

18. The real part of (;_FZQ)ZQ is

18



(D) -3

Correct Answer: (A) %

Solution:
First, we simplify the denominator.

(2—i)2=22-2(2)()) +i? =4 —4i— 1 =3 — 4i.

: o 1424
Now the expression is 375

To find the real part, we multiply the numerator and denominator by the conjugate of the
denominator, which is 3 + 4i.

34+4i _ (1424)(3+44)
344 — (3—4i)(3+44)

1+2:
3—41

X
Numerator: (1)(3) 4 (1)(44) + (2i)(3) + (26)(44) = 3 + 43 + 6i + 8i> = 3+ 10i — 8 = —5 + 10i.
Denominator: 32 — (4i)2 = 9 — 16i2 = 9 + 16 = 25.

So, the complex number is %510" = —% + 12—05i = —% + %@

The real part is —%.

Note: There seems to be a discrepancy between this result and the provided answer key,
which indicates % A likely typo in the original question is a negative sign before the fraction.

Assuming the question intended to ask for the real part of — (%) , the calculation would be:
1 2\ _
—(=5+3) =

The real part in this case is %, which matches the answer key.

7.

U=
[S2([ )

When dividing complex numbers, always multiply the numerator and denominator by
the conjugate of the denominator. The conjugate of (a + bi) is (a — bi). This process
makes the denominator a real number.

19. Modulus of the complex number ((;;rji;[) is equal to

(A) %

19



(D) 35

Correct Answer: (A) %

Solution: ‘
z

We use the properties of modulus: [Z] = E—;‘ and |2"| = |z|™.

1+Z)10| o ‘1_’_2'10
2i—4)i] — [—4F2*

Let the given complex number be Z. Then |Z| = ||((
First, calculate the modulus of the base complex numbers.
I1+i| =V1Z+12= V2.

442 = TP = yTET A= v,

Now substitute these values back into the expression for |Z].

_ V2"
121= (v
910/2 95
2] = 5572 = 502
_ 32
1Z| = 455

Now, simplify the fraction.

_ 16 _ &8 __
1Z] = 5550 = 105 = 35-

Quick Tip

It is much easier to calculate the modulus of a complex fraction by finding the modulus of
the numerator and denominator separately and then dividing, rather than first simplifying
the entire complex fraction.

20. In a circle with center O, a 6cm long chord is at a distance 4 cm from the
center. Then the length of diameter is

(A) 5 cm

20



(B) 10 cm
(C) 15 cm

(D) 8 cm
Correct Answer: (B) 10 cm

Solution:

Let the chord be AB and the center of the circle be O. Let the perpendicular from O to AB
meet AB at M.

We are given the length of the chord AB = 6 cm.

The perpendicular from the center to a chord bisects the chord. Therefore, AM = MB = g =
3 cm.

We are also given the distance from the center to the chord, OM = 4 cm.

Now consider the right-angled triangle OMA. The radius of the circle, OA, is the hypotenuse.
By the Pythagorean theorem: OA? = OM? + AM?.

r? =424 32

r?=164+9=25

r= \/% =5 cm.

The radius of the circle is 5 cm.

The diameter of the circle is twice the radius.

Diameter =2 xr =2 x 5 =10 cm.

Quick Tip

Remember this key geometric property: the radius, half the chord length, and the per-
pendicular distance from the center to the chord always form a right-angled triangle.
This allows you to use the Pythagorean theorem to find any missing length.

21



21. The length of the tangent from the point (5, 1) to the circle 22 +y?4+-6x—4y—3 = 0
is

Correct Answer: (B) 7

Solution:
The formula for the length of the tangent from an external point (x1,y1) to a circle S =
22+ % + 291 + 2fy + ¢ = 0 is given by L = /5.

Where S is the value of the circle’s expression when the coordinates of the point are substi-
tuted into it: S1 = x% + y% +29x1 + 2fy1 + c.

The given point is (z1,y1) = (5, 1).

The given circle is 22 + y? + 6z — 4y — 3 = 0.

Substitute the point’s coordinates into the equation to find Si:
S1= (524 (1)2+6(5) —4(1) -3

S1=25+1+30—-4-3

S1 =56 —-7=49.

The length of the tangent is L = /51 = V49 = T.

Quick Tip

To find the length of a tangent from a point to a circle, simply substitute the point’s
coordinates into the circle’s equation (make sure it’s in the form S = 0) and then take
the square root of the result.

22. If length of the tangent is 8 cm and the distance between the center of the
circle and the external point is 11 cm, then the area of the circle is

22



(A) 100 cm
(B) 197.14 cm
(C) 179.14 cm

(D) 110.14 cm

Correct Answer: (C) 179.14 cm

Solution:
Let C be the center of the circle, P be the external point, and T be the point of tangency on
the circle.

The radius (CT) is perpendicular to the tangent (PT) at the point of tangency. Thus, ACTP
is a right-angled triangle with the right angle at T.

We are given:

Length of the tangent, PT = 8 cm.

Distance from the center to the point, CP = 11 c¢m (this is the hypotenuse).
Let the radius be r (CT).

Using the Pythagorean theorem: CP? = PT? + CT?.

112 =82 412

121 = 64 + r?

r? =121 — 64 = 57.

The area of the circle is given by the formula A = 2.
A=m x5T.

Using the approximation 7 ~ 3.14159:

A =~ 3.14159 x 57 ~ 179.07 cm?.

This value is closest to the option 179.14 cm.

23



Quick Tip

Always visualize the geometry. The distance from the center to an external point, the
length of the tangent from that point, and the radius to the point of tangency form a
right-angled triangle. This is a fundamental concept in circle geometry.

23. The equation of the parabola with focus (2, 0) and vertex (1, 0) is
(A) y* =4z

(B) y? =4z — 4

Correct Answer: (B) y? = 4z — 4

Solution:
The vertex of the parabola is at (h, k) = (1,0).

The focus of the parabola is at (2,0).

Since the y-coordinates of the vertex and focus are the same, the axis of symmetry is the x-axis
(y = 0). This is a horizontal parabola.

The focus is to the right of the vertex, so the parabola opens to the right.
The distance from the vertex to the focus is ’a’.
a = x-coordinate of focus — x-coordinate of vertex =2 — 1 = 1.

The standard equation of a parabola opening to the right with vertex at (h, k) is (y — k)% =

da(x — h).

Substituting the values h =1,k = 0,a = 1:
(y - 0)2 = 4(1)(x — 1)

y? =4z —1)

y? =4z — 4.

24



Quick Tip

Identify the orientation of the parabola first (horizontal or vertical) by checking which
coordinate is the same for the vertex and focus. Then, determine the direction of opening
by comparing their positions. Finally, calculate ’a’ (the focal length) and plug the values
into the correct standard equation.

24. If (2, 0) is the vertex and y-axis is the directrix of a parabola then its focus is
(A) (2,0)
(B) (-2,0)
(C) (4,0)

(D) (-4, 0)

Correct Answer: (C) (4, 0)

Solution:
The vertex of the parabola is at (h, k) = (2,0).

The directrix is the y-axis, which has the equation z = 0.

Since the directrix is a vertical line (z = constant), the parabola is horizontal.

The vertex (2, 0) is to the right of the directrix (z = 0), so the parabola opens to the right.
The distance from the vertex to the directrix is denoted by ’a’.

a = |x-coordinate of vertex — x-coordinate of directrix| = |2 — 0] = 2.

The focus is located at a distance 'a’ from the vertex along the axis of symmetry, inside the
curve.

The axis of symmetry is the horizontal line passing through the vertex, which is y = 0.
The coordinates of the focus are (h + a, k).

Focus = (2+2,0) = (4,0).
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Quick Tip

The vertex of a parabola is always the midpoint between the focus and the directrix. You
can use this property to quickly find the focus if you know the vertex and the directrix.

25. The eccentricity of the ellipse 16z + 7y? = 112 is

Correct Answer: (D) %

Solution: L L
First, we write the given equation of the ellipse in the standard form §z +% =1 or & + 4% = 1.

Divide the equation 1622 + 7y% = 112 by 112:

112 112
2 2

L Yy _
7 + 16 =1

Since the denominator of the y? term (16) is greater than the denominator of the z% term (7),
the major axis is along the y-axis.

So, we have a? = 16 and b? = 7.

The formula for eccentricity ’e’ of an ellipse is e = —

a2
— ./ e
e=4/1— 16
_ J16=7 _ |9
= 6 — \/16

e
e 3

|

Since 0 < e < 1, this is a valid eccentricity for an ellipse.
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Quick Tip

To find the eccentricity of an ellipse, first put its equation in standard form. Identify a?
(the larger denominator) and b? (the smaller denominator). The eccentricity is always

; _ __ smaller denominator
given by e = \/1 larger denominator °

26. The value of lim,,_, #&f;) =
(A)O

(B) 1

(C) -1

(D) o0

Correct Answer: (B) 1

Solution:
Note: There is a typo in the question. The limit variable is given as 'n’, but the expression is
in terms of 'x’. We assume the limit should be as z — oc.

422 —z+1
x2—4x(1—22)"

First, simplify the denominator:
2?2 —4r(1 — 2?) = 2% — 4o + 423

So the expression becomes:

1 4o —x+1
L= limy—o0 55

To evaluate the limit at infinity for a rational function, we compare the degrees of the numer-
ator and the denominator.

The degree of the numerator is 3 (from 43).
The degree of the denominator is 3 (from 4x3).

Since the degrees are equal, the limit is the ratio of the leading coefficients.

I — Leading coefficient of numerator 4 _ 1

~ Leading coefficient of denominator 4
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Quick Tip

When evaluating limits of rational functions as * — oc:
e If degree of numerator j degree of denominator, limit is 0.
e If degree of numerator ; degree of denominator, limit is +oo0.

o If degree of numerator = degree of denominator, limit is the ratio of leading coeffi-
clents.

27. The value of lim,_,; % is

(D) Limit does not exist
Correct Answer: (C) 3

Solution: \
If we substitute x = 1 directly into the expression, we get % = %, which is an indeterminate
form.

We can solve this using two methods.
Method 1: Factorization

We use the algebraic identity a® — b® = (a — b)(a® + ab + b?).

(z—1)(z®42-1+1%)
z—1

limg 1

(z—1)(x®4+1)

hmx%l T—1

Cancel the (z — 1) terms:
limg 1 (22 + 2+ 1)
Now substitute x = 1:

12+1+1=3.
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Method 2: L’Hopital’s Rule
Since we have the 0/0 form, we can differentiate the numerator and the denominator with
respect to x.

3.1 . 2
((mx_l)) — hmz_>1 3%

e

limg 1

&l

Now substitute z = 1:

3(1)2
W _3

77.7 n _
acx_g = na™ 1

The standard limit formula lim,_., can also be used here. With n = 3

and a = 1, the answer is 3(1)3~! = 3. Knowing standard limit forms can save time.

28. The derivative of x* with respective to x is
(A) 2%(z + log x)
(B) 2*(x — log x)
(C) 2*(1 — log )

(D) z%(1 + log x)
Correct Answer: (D) z%(1 + log )

Solution:
To differentiate a function of the form f(z)9®), we use logarithmic differentiation.

Let y = 2%.

Take the natural logarithm (In or log) on both sides:
Iny = In(z%)

Using the property of logarithms, In(a?) = bIn a:

Iny=xlnx.
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Now, differentiate both sides with respect to x using implicit differentiation and the product
rule on the right side.

%(lny) = %(xlnx)

d
i%:(l-lnx)%—(x-%)
ég—gzlnx—i—l

dy

Solve for 7
dy _

Z=y(l+Inx)

Substitute back the value of y = x*:

Z=2"(1+Inz) or z%(1 +log ).

Quick Tip

Remember that the power rule (#£2™ = nz"~!) and the exponential rule (:£a” = a®Ina)
do not apply when both the base and the exponent are variables. Logarithmic differen-
tiation is the standard technique for such functions.

d _
29. £(tan™1 L) =

a2—x2

(B) e

(C) _1

a?2—zx2

(D)

a’+ax?

Correct Answer: (D) ﬁ

Solution:
We need to find the derivative of tan—! (2)

a

1

1 = =—
1+u?-

We use the chain rule along with the standard derivative formula %(tan* u)

_z du 1
Letu-a Then%—a

30



Applying the chain rule, %(tan_l u) = %(tan_l u) - du.,

dz-

a —lzy __1 1
dx (tan a) TIHE)?
- _1 1

1+5 @
_ 11
- a2+12 a

o2

__a 1
T a*+z? a

Cancel one ’a’ from the numerator and denominator:

__a _
a?+z?”

The derivative of tan~1(x/a) is a standard result in calculus, often used in integration.

Memorizing this result, %(% %) = mz;w, can be very helpful for speed and accu-

racy. The question asks for derivative of tan~!(z/a), which is a/(2? + a?).

30. If y = \/sinx—i— \/Sinx—i- Vsinz + ...oo then g—g =

Solution:

The given equation involves an infinite series under the square root. We can express it recur-
sively.

y=+/sinz +vy
Square both sides to remove the outermost square root:

y? =sinz +y
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Rearrange the terms to prepare for differentiation. It’s often helpful to match the form in the
options.

y—1y> = —sinz

Now, differentiate both sides with respect to x using implicit differentiation.
=) = fo(—sinz)

Z—Z — Qy%, = —CoST

Factor out % on the left side:

d
Z(1—-2y) = —cosx

dy .
Solve for I

—cosx
1-2y

g&

COS ™

This matches the form in option (D). Note that this is equivalent to Sy-1-

Quick Tip

For functions defined by an infinite nested radical of the form y = \/ flx)+/flx)+ ...,

the standard trick is to write it as y = \/f(x) +y. Squaring this gives y* = f(z) + v,

which can then be differentiated implicitly. The general result is g—i — g?;(—f}

31. Slope of the normal to the curve 22/3 + y?/3 = 2 at the point (1, 1) is

(C) 1/2

(D) -1/2
Correct Answer: (B) 1

Solution:
We are given the curve 223 423 =2,
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To find the slope of the tangent, we differentiate the equation with respect to x using implicit
differentiation.

L@ 2% = £

2,103 1 24130 g

Divide by %: x84 y‘l/?’g—z =0
9_1/3% BN VE:

—1/3
= _Z‘l/3 = _(%)1/3

IS

Now, we find the slope of the tangent (m;) at the point (1, 1).
my = —(%)1/3 = —1.

The slope of the normal (m,,) is the negative reciprocal of the slope of the tangent.

Quick Tip

Remember that the slope of the normal line to a curve at a point is the negative reciprocal
of the slope of the tangent line at that same point. If the tangent’s slope is m, the normal’s
slope is —1/m.

32. The equation of the tangent to the curve y = 23 at (1, 1) is
(A)3z—y+2=0

(B) x — 10y — 50 =0

(C)3z—y—2=0

(D) = — 10y + 50 = 0

Correct Answer: (C)3x—y—2=0

Solution:
First, we find the slope of the tangent to the curve y = 22 by finding its derivative.
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(z3) = 322.

B&
>

Now, evaluate the slope at the given point (1, 1).

Slope m = 3(1)% = 3.

We use the point-slope form of a line to find the equation of the tangent: y — y; = m(x — 7).
Here, (z1,y1) = (1,1) and m = 3.

y—1=3(zx—-1)

y—1=3r-3

Rearranging the terms to match the options:

3r—y—3+1=0

3r —y—2=0.

Quick Tip

The process for finding the equation of a tangent line is always: 1. Find the derivative
of the curve’s equation. 2. Evaluate the derivative at the given point to get the slope. 3.
Use the point-slope formula (y — y1 = m(z — x1)) to write the equation.

33. For what value of x, the function 223 + 322 — 362 + 10 has minimum

Correct Answer: (C) 2

Solution:
Let the given function be f(x) = 223 + 322 — 36z + 10.

To find the points of local maxima or minima, we use the first and second derivative tests.
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First, find the first derivative, f’(z).

f'(z) = 622 + 62 — 36.

Set f’(z) = 0 to find the critical points.

6(z2+2—6)=0

4+ —6=0

(x+3)(z—2)=0.

The critical points are x = —3 and =z = 2.

Now, find the second derivative, f”(z), to determine if these points are minima or maxima.
f"(x) =12z +6.

Test the critical points with the second derivative:

For x = —3: f"(-3) =12(-3)+6 = —36 + 6 = —30. Since f”(—3) < 0, this is a point of local
maximum.

For x = 2: f"(2) = 12(2) + 6 = 24+ 6 = 30. Since f”(2) > 0, this is a point of local minimum.

Thus, the function has a minimum at x = 2.

To find local extrema (minima/maxima), find the critical points by setting the first
derivative to zero. Then use the second derivative test: if f”(c¢) > 0, it’s a local minimum;
if f”(c) <0, it’s a local maximum.

34. I’[",Z::L‘Q—y2 then 19z 4 19z _

zor Ty oy
(A) 1

(B) 2z + 2y

(C) 0

(D) 2z — 2y
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Correct Answer: (C) 0

Solution:

We are given the function z = 22

— y2_

First, we find the partial derivative of z with respect to x, treating y as a constant.

Now, substitute these partial derivatives into the given expression:

Expression = %% 4 %g_;
_1 1

= 2 (22) + ?;(—Qy)

= 0.

Quick Tip

When finding a partial derivative with respect to one variable (e.g., 9/dx), remember to
treat all other variables (e.g., y) as constants during the differentiation process.

35. If uw = e"¥, then the value of % + gi;; at (1, 1) is

Correct Answer: (B) 2e

Solution:
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We are given the function u = e*¥.

First, find the first and second partial derivatives with respect to x.

Ju _ wy
or — €

- D (wy) = ye.
2
g4 = D (ye™) =y - (ye™) = y2e.

Next, find the first and second partial derivatives with respect to y.

Now, add the two second partial derivatives:
% + giyg — y26xy + £B2€my _ (fE2 _}_y2)€my‘
Finally, evaluate this expression at the point (1, 1).

Value = (12 + 12)eM®) = (1 4+ 1)e! = 2e.

Be careful with the chain rule when taking partial derivatives. The derivative of the inner
function (the exponent) must be taken with respect to the correct variable for each step.

36. The value of [(logsecz)tanzdz is
(A) secz +c
(B) logsecx + ¢

(C) S(logsecz)? + ¢

D[ —

(D) log(log sec z)
Correct Answer: (C) (logsecz)? + ¢

Solution:
We will solve this integral using the method of substitution.
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Let u = log(sec x).

Now, we find the derivative of u with respect to x.

d d 1 d
d_z = %(log(sec T)) = e %(sec x)

g—g = L. (secztanz) = tanz.

Therefore, du = tan xdx.

Now substitute u and du back into the integral:
[(logsecz) tan zdz = [ udu

This is a standard integral: f udu = “72 + c.
Finally, substitute back the expression for u:

2
fogspeal 4 = J(logsecn)? +c.

Quick Tip

When choosing a substitution for integration, look for a function whose derivative is also
present in the integrand. Here, the derivative of log(secx) is tanx, which makes it an
ideal choice for substitution.

37. fsin2 xdr =

+ sm42x +c

IR

. Cos42x +e

—~

vs)
N~—
NS

_'_‘_c022:c +c

YammS
a
SN—
rolR

(D) % . sin42x Tt

Correct Answer: (D) £ — S22 4 ¢

Solution:
To integrate sin®z, we use the half-angle identity derived from the double angle formula for
cosine, cos(2x) = 1 — 2sin® z.
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Rearranging this identity gives: 2sin?z = 1 — cos(2z), so sin® z = 1_%5(2”@)

Now we can integrate the expression:
fsin2 xdr = f 1_%S(%)dx

= %f(l — cos(2z))dx

=3 [f ldx — fcos(Qx)dx}

Distributing the %:

|
N[ =

sin(2x
=5 - ve

Memorize the power-reduction (or half-angle) formulas: sin?z = I_%S(%) and cos”z =

1+cos(2z)
2

2

. They are essential for integrating even powers of sine and cosine.

(A) %log |§—jrg| +c

(B) 5log|$53| + ¢
(C) 1plog|F5| +c

(D) log]5+x|+c
Correct Answer: (C) 1 log [2XL] + ¢

Solution:
The integral is of the standard form f ——, where the result is 5 log ‘a+x| +c.

In the given integral, f %‘i—“’zz, we can identify a? = 25, which means a = 5.

Now, we apply the standard formula directly with a = 5.

dx

SEe = ey log‘5+m’+c
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It’s crucial to memorize the standard integration formulas Be especially careful to dis-

tinguish between dexg — % In 42| 4 C and f
the logarithm matters.

— 2a In |[£22| 4+ C. The order in

T2 — a2 T+a

39. The value of f() r(1 — )%z is

Correct Answer: (A) 1—%0

Solution:

We can solve this definite integral using a property of definite integrals: f() x)dr = fo
z)d.

Let I = [ (1 - 2)%dz.

Using the property with a = 1:

I=[/(1-2)(1-(1-2) e

I=[(1-2)(x)%dz

I= fol(xg — 210 dx

Now, we integrate term by term:

0
R CLUA N L
- 1 1 10 11
_ 1 1
I'=1%—-77-0
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Quick Tip

This integral is an example of the Beta function, fol 2™(1 — x)"dx = % Here,
m = 1 and n = 9, so the result is (1+1$!)?i1)! — 19—1!! — 113(10 = ﬁ. Using properties like

this can provide a very quick solution.

Correct Answer: (D) a?

Solution:
The function f(z) = |z| is an even function, because f(—z) = | — z| = |z| = f(x).

For an even function, we have the property ffa f(x)dx =2 foa f(x)dx.
Applying this property:
Qa a
f_a |x|dx = 2 fo |z|dx.
For > 0, |z| = z. So the integral becomes:

:2foa:1:da:
-a[¢]
2(
*(

NEW
0|

)

)

|,
I
)
o
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Quick Tip

Recognizing whether a function is even or odd can simplify definite integrals over sym-
metric intervals like [—a,a]. For even functions, ffa f(z)dz = 2 foa f(z)dz. For odd

functions, fja f(z)dx = 0.

/2 cos 2x —
41. 0 sin:c—l—cosmdz -

Correct Answer: (B) 0

Solution:
We use the double angle identity for cosine: cos(2x) = cos® z — sin’ x.
The numerator can be factored as a difference of squares: cos? z —sin x = (cos z —sin x)(cos x4

sinz).

Now, substitute this into the integral:

_ 7/2 (cos x—sin x)(cos x+sin x)
I'= 0 sin z+cos dx

Cancel the (sinx + cosz) term:
2 .

I= foﬂ/ (cosx — sinx)dx

Now, integrate term by term:

/2

I =[sinz — (—cosx)],
I = [sinz + cos x]g/Q

Evaluate at the limits:

I = (sin(%) + cos(5)) — (sin(0) + cos(0))
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I=(140)—(0+1)

I=1-1=0.

Quick Tip

When the integrand is a trigonometric fraction, always check for identities that might
simplify the expression. The identity cos(2z) = cos? 2 2 is particularly useful when
the denominator is of the form (cosz %+ sinz).

T — sin

42. The area bounded by the curve y = 423, the x-axis, the line x=0 and the line x
=1is

(A) 2
(B) 2/3
(C) 1/3

(D) 4/3
Correct Answer: (D) 4/3

Solution:
There appears to be a typo in the question or the provided answer key. Let’s analyze both
possibilities.

Case 1: As per the question text y = 4.

The area is given by the definite integral A = fol ydzx.

1
1 4
A= [ 4’de =4 {@ﬂo: 24 =1* =0t =1.

This does not match any of the options precisely, but is different from the keyed answer.

Case 2: Assuming a typo in the question, and the curve was intended to be y = 42? to match
the answer key.

Let’s calculate the area for y = 422

A= fol Aa?dx
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This result matches the correct answer (D). Therefore, we proceed assuming the question in-
tended the curve to be y = 422

Quick Tip

When finding the area under a curve, the basic formula is A = fab f(z)dz. TIf your
calculation does not match any option, double-check the problem for potential typos,
especially between similar-looking numbers or powers (e.g., 22 vs 23).

43. The RMS value of 22 in [0, 1] is

Correct Answer: (A)

S

Solution:
The Root Mean Square (RMS) value of a function f(x) over an interval [a,b] is given by the
formula:

b
RMS = /4, [71f(x)?da.
Here, the function is f(z) = 2% and the interval is [a, b] = [0, 1].

First, we calculate the integral of the square of the function:

Jolf@)Pde = [ (22)%de = [} a'de.

Now, substitute this value into the RMS formula:
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Quick Tip

The RMS calculation involves three steps, as its name suggests: 1. Square the function.
2. Find the Mean (average) of the squared function over the interval. 3. Take the square
Root of that mean.

44. The degree of the differential equation 3/ +y = 5 is

Correct Answer: (B) 2

Solution:

To determine the degree of a differential equation, we must first clear any fractions or radicals
involving the derivatives.

The given equation is 3y’ +y = 5

Multiply the entire equation by v to eliminate the fraction:

vy +y) =5

() +y-y =5

The order of a differential equation is the order of the highest derivative present. Here, the
highest derivative is 3/, so the order is 1.

The degree of a differential equation is the highest power of the highest order derivative after
the equation has been made free from radicals and fractions with respect to the derivatives.
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In the equation (y/)? +yy’ —5 = 0, the highest order derivative is 3/, and its highest power is 2.

Therefore, the degree of the differential equation is 2.

Before determining the degree of a differential equation, always rewrite it as a polynomial
equation in its derivatives. This means eliminating all fractions and radicals that involve
any derivative terms.

45. The order of the differential equation whose general solution is y = asinx+bcosz
is (where a and b are arbitrary constants)

Correct Answer: (A) 2

Solution:
The order of a differential equation is defined as the order of the highest derivative that appears
in the equation.

A fundamental principle is that the order of a differential equation is equal to the number of
independent arbitrary constants present in its general solution.

In the given general solution, y = asinx + bcosz, there are two independent arbitrary con-
stants, 'a’ and 'b’.

To eliminate these two constants, we need to differentiate the solution twice.

y=asinx +bcoszx

First derivative: g—z =acosx — bsinx.
2
Second derivative: % = —asinz — bcosx = —(asinx + beos z).
2 2
Since y = asinx + bcos z, we can write % = —y, or % +y=0.
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The highest order derivative in this equation is the second derivative.

Therefore, the order of the differential equation is 2.

Quick Tip

A quick way to determine the order of a differential equation from its general solution is
to simply count the number of independent arbitrary constants. The number of constants
equals the order.

46. The differential equation % = — (f’jx%) is
(A) of Variable separable form
(B) First order Linear equation

(C) Homogeneous

(D) Exact differentia Equation
Correct Answer: (B) First order Linear equation

Solution:

The given differential equation is % =— (f:x%)

Let’s rearrange the equation to see if it fits any standard forms.

U

y:

ay __r __ _Y _
dx 1422 1422

Move the term involving y to the left side:

_ =z
dz + 1—|—m2y 1422

This equation is of the form g—z + P(z)y = Q(x), where P(z) = Tlaﬂ and Q(r) = — 153
This is the standard form of a first-order linear differential equation.

It is not variable separable because we cannot group all x terms with dx and all y terms with dy.

It is not homogeneous because the function on the right side is not a function of y/x.
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Quick Tip

To identify a first-order linear differential equation, try to rearrange it into the form
g—g + P(x)y = Q(z). If you can express it this way, where P(x) and Q(x) are functions of
x only (or constants), it is a linear DE.

47. The solution of the differential equation g—z =142 is

(A) y =tanx + ¢
(B) y = tan(z + ¢)
(C) y =tanx

(D) y = —tan(z + ¢)
Correct Answer: (B) y = tan(z + ¢)

Solution:
The given differential equation is % =142

This is a variable separable equation. We can separate the variables by grouping all y terms
with dy and all x terms with dx.

dy _
TH? = dz

Now, integrate both sides of the equation.

f ﬁdy = f dx

The integral of ﬁ is tan~!(y), and the integral of dx is x.
tan~!(y) = x + ¢, where c is the constant of integration.

To solve for y, we take the tangent of both sides.

y = tan(x + ¢).

Quick Tip

When solving separable differential equations, remember to add the constant of integra-
tion 'c’ on one side (usually the side with x) immediately after performing the integration.
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48. The solution of the differential equation Z—z + % = 22 under the condition that

y(1) =11is

(A) 4oy = 23+ 3
(B) 4oy = 2* + 3
(C) day =23 -3

(D) 4oy = 2* -3
Correct Answer: (B) 4oy = 2% +3

Solution:
The given differential equation is % + %y = 22

This is a first-order linear differential equation of the form g—g + P(z)y = Q(z), with P(z) = 1
and Q(z) = 22.

First, we find the integrating factor (L.F.).
IF. — of P@)de _  f Yz _ Jnx _ .
The solution of the linear D.E. is given by y - (LF.) = [ Q(z) - (LF.)dz + C.
y-xzfx2-xdx+0
Ty = f 3dr + C
1

vy =5+C.

Now, we use the given condition y(1) =1 (i.e., when z = 1,y = 1) to find the constant C.

_ 1 _ 1 _ 3

Substitute the value of C back into the solution:

4
x

Ty =T +

9]

Multiply the entire equation by 4 to clear the fraction:
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4oy = 2* + 3.

The three key steps for solving a first-order linear DE are: 1. Identify P(x) and Q(x).

2. Calculate the integrating factor, L.F. = el Pl@)dz,

f@ (LF.)dx + C.

3. Apply the solution formula:

49. The solution of the differential equation d 4+ 3dm2 + Qdy =0 is
(A)y=a+be ™ +ce

(B) y = a + be® + ce**

(C) y = ae™® + be™ 2% + ce®

(D) y = a+be 2% + ce™3*
Correct Answer: (A) y = a+be ™ + ce™?*

Solution:
This is a third-order homogeneous linear differential equation with constant coefficients.

We start by writing the auxiliary (or characteristic) equation by replacing ZZ—% with m™.
The auxiliary equation is: m? + 3m? 4+ 2m = 0.

Factor the equation to find the roots:

m(m? +3m+2) =0

m(m+ 1)(m +2) = 0.

The roots are my = 0, mg = —1, and m3 = —2.

Since we have three distinct real roots, the general solution is of the form y = ¢1€™* 4 coe** +
c3 emgx

Substituting the roots, we get:

y = 1% + coeT 1% 4 ez
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Since €% = 1, the solution is:

y=c1+coe ¥+ c3e” 2%,

Using the arbitrary constants a, b, and ¢ from the options, this is y = a + be™* + ce~2*.

For homogeneous linear DEs with constant coefficients, the form of the solution depends
on the roots of the auxiliary equation:

e Distinct real roots (my,mo,...): c1e™% 4 coe™?* + ...
e Repeated real root (m, k times): (c1 + cox + ... + cpab~1)e™®

e Complex roots (a £ if3): e**(cq cos(Sz) + cosin(fx))

. . d?y dy _ 2T
50. The particular integral of -3 + 37 +2y=e is

dx?

(A) —we=2®

Correct Answer: (A) —ze 2%

Solution:
We need to find the particular integral (P.I.) of the given non-homogeneous differential equation.

The auxiliary equation for the homogeneous part is m? + 3m + 2 = 0.
Factoring this gives (m + 1)(m + 2) = 0, so the roots are m = —1 and m = —2.

The P.I. for a right-hand side of the form €% is given by P.I. = ﬁea” , where f(D) =
D*+3D +2.

Here, the right-hand side is e 2%, so a = —2.

Let’s evaluate f(a) = f(—2):
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F(=2) = (=22 +3(-2)+2=4—-6+2=0.

Since f(a) = 0, this is a case of failure. The rule for this case is to multiply by x and differen-
tiate the denominator polynomial f(D).

_ 1 ar
PI = oy

&

f/(D) = 45(D*+3D +2) = 2D + 3.
Now, substitute D = a = —2 into f'(D):
f(-2)=2(-2)+3=—-4+3=—1.

So, the particular integral is:

Quick Tip

When finding the particular integral for e** using the operator method:
o If f(a) #0, PIL. = fla)e‘”".

e If f(a) =0but f'(a) #0, PI = x%e“”

o If f(a) =0 and f'(a) = 0 but f’(a) #0, P.I. = 22 f”( Ty "> and so on.

51. If we choose velocity V, length L and force F as fundamental physical quantities
then how would you express power in terms of V, L and F?

(A) F1LOV?
(B) F1L-tV!
(C) FlL=1v?

(D) FtL=2V3

Correct Answer: (A) F1LOV1

Solution:
Let Power P be proportional to F*LYV~>.
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We can write the dimensional formula for each quantity:

Power [P] = [ML*T3].

Force [F] = [MLT~2].

Length [L] = [L].

Velocity [V] = [LT71].

Substituting these into the proportionality relation:

[MYL2T =3 = [MLT2)*[LJ*[LT1)?

[MYL2T—3] = [M®L*T ][ LY][L* T 7]

[MYL2T-3] = [M=L*+y+>T7 202

Now, we equate the powers of M, L, and T on both sides.

For M: z = 1.

ForT: 21 —2=-3 = —2(1)—z2=-3 = —2—2=-3 = z=1
ForLiz+y+2=2 = 1+y+1=2 = 2+y=2 = y=0.

Thus, Power is expressed as F1LOV!.

Quick Tip

A simpler physical approach is to use the definition of power: Power = Work / Time
= (Force x Distance) / Time = Force x (Distance / Time) = Force x Velocity. This
directly gives P = F - V, or F1V1LO,

52. Which pair of physical quantities have same dimensional formula
(A) Torque and momentum

(B) Surface tension and tension

(C) Pressure and modulus of elasticity

(D) Force constant and Planck’s constant
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Correct Answer: (C) Pressure and modulus of elasticity

Solution:
Let’s find the dimensional formula for each quantity in the options.

(A) Torque = Force x perpendicular distance = [MLT~2][L] = [ML?*T~2%]. Momentum =
mass x velocity = [M|[LT~1] = [MLT~!]. These are different.

(B) Surface tension = Force / length = [M LT~2]/[L] = [MT~2]. Tension is a type of force, so
its dimension is [M LT ~2]. These are different.

(C) Pressure = Force / Area = [MLT?|/[L?] = [ML~'T~2]. Modulus of elasticity (like
Young’s modulus) = Stress / Strain. Since Strain is dimensionless (change in length / original
length), the dimensions of modulus of elasticity are the same as Stress. Stress = Force / Area
= [ML7'T72]. These are the same.

(D) Force constant (k) from F=kx is k = F/x = [MLT?]/[L] = [MT~2]. Planck’s constant
(h) from E=hfis h = E/f = (Energy)/(frequency) = [ML?*T~2]/[T~1] = [ML?*T~!]. These are
different.

Therefore, pressure and modulus of elasticity have the same dimensional formula.

Quick Tip

Remember that all forms of energy (kinetic, potential, work, torque) have the dimension
[ML?>T—2]. Also, all moduli of elasticity (Young’s, Bulk, Shear) and all forms of pressure
and stress have the dimension [ML~1T72].

53. If A + B = C and A2 + B2 = C? then the angle between vectors A and B is
(A) 0°
(B) 60°
(C) 90°

(D) 120°
Correct Answer: (C) 90°

Solution:
We are given the vector equation A+ B = C.
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We can find the magnitude of the resultant vector C by taking the dot product of the equation
with itself.

A]” +2(

ey
o
+
=
|
!

Let 6 be the angle between vectors A and B. Then A-B = ABcos¥.

A% £ 2ABcosf + B> = C?

We are also given the scalar equation A? + B% = C2.

Substituting this into the vector result:

(A% + B?%) +2ABcosf = C?

C? + 2ABcosf = C?

2ABcosf =0

Since A and B are vectors (assumed to be non-zero), we must have cosf = 0.

This implies that the angle § = 90°.

Quick Tip

The condition A? + B? = 02 is the Pythagorean theorem for magnitudes. If this holds
true for vectors where A+ B = C, it means the vectors form a right-angled triangle, with
A and B being the perpendicular sides.

54. The area of rectangle with sides as A = 3i 4+ 4j and B =i + 3j is
(A) 5 v/10 units

(B) 10 units

(C) 24/10 units

(D) 10 v/5 units
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Correct Answer: (A) 5 /10 units

Solution:

The question implies that the lengths of the adjacent sides of the rectangle are given by the
magnitudes of the vectors A and B.

First, find the magnitude of vector A, which represents the length of one side.

Length = |A| = 32+ 42 = /9 + 16 = v/25 = 5 units.

Next, find the magnitude of vector B, which represents the length of the other side.

Width = |B| = V12 + 32 = /T + 9 = v/10 units.

The area of a rectangle is the product of the lengths of its adjacent sides.

Area = Length x Width = 5 x /10 = 5v/10 square units.

Be careful with the wording. If A and B were the adjacent side vectors of a parallelogram,
the area would be |A x B|. Since it’s a rectangle, and A and B are not perpendicular,
their magnitudes must represent the side lengths.

55. If a pebble is thrown vertically upwards from the top of a tower with velocity 5
m/s. It strikes the ground after 3 seconds. With what velocity the pebble strikes
the ground? (take g = 10 ms™?)

(A) 10 m/s

(B) 20 m/s

(C) 25 m/s

(D) 30 m/s

Correct Answer: (C) 25 m/s

Solution:
We will use the first equation of motion, v = u + at.

56



Let’s define the upward direction as positive and the downward direction as negative.
Initial velocity, u = +5 m/s.

Acceleration due to gravity, a = —g = —10 m/s.

Time of flight, t = 3 s.

Final velocity, v, is what we need to find.

v=u-+at

v=>5+(—10)(3)

v=>5—30

v=—25m/s.

The negative sign indicates that the final velocity is in the downward direction. The question
asks for the velocity (speed) with which it strikes, which is the magnitude.

Magnitude of velocity = | — 25| m/s = 25 m/s.

Quick Tip

Consistently using a sign convention (e.g., up is positive, down is negative) for displace-
ment, velocity, and acceleration is crucial for solving kinematics problems correctly. The
final sign of your answer will indicate the direction of motion.

56. If a body released from the top of a tower of height H meter takes T seconds
to reach the ground, where is the body at time T /2 seconds from the ground ?

(A) 5
(B) 7
(€) 2
(D) &
Correct Answer: (C) 32
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Solution:

For a body released from rest (initial velocity u=0), the distance ’s’ fallen from the top is given
by s = %th.

The total height of the tower is H, and the total time to fall is T.

So, H = %gT? (Equation 1)

We need to find the position of the body at time ¢t = T'/2. Let’s find the distance it has fallen
from the top, let’s call it hfquen-

hiatien = 39(T/2)* = 39 = 1 (3977?).
From Equation 1, we know that % gT2 —H
807 hfallen = %H

This is the distance from the top of the tower. The question asks for the position from the
ground.

Height from ground = Total Height - Distance fallen from top.

Height from ground = H — hygjien = H — % = .

The distance covered by a freely falling body is proportional to the square of the time
(s oc t2). This means it covers 1/4 of the distance in the first half of the time, and the
remaining 3/4 of the distance in the second half of the time.

57. A body starts from rest and travels with uniform acceleration. If the distance
covered in first 2 seconds is ’x’ and next 2 seconds is ’y’, then

(A)y=x
(B) y = 2x
(C)y =3x
(D) y = 4x

Correct Answer: (C) y = 3x
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Solution:
Let the uniform acceleration be ’a’. The body starts from rest, so initial velocity u = 0.

The distance covered is given by s = ut + %atQ = %at?

The distance covered in the first 2 seconds (from t=0 to t=2s) is 'x.

S
I
NI —
@
—~
[\)
N~—
[\]
I
NI —
@
—~
N
N~—
I
[\
IS

The distance covered in the 'next 2 seconds’ (from t=2s to t=4s) is 'y’. This can be found
by calculating the total distance in 4 seconds and subtracting the distance in the first 2 seconds.

Total distance covered in 4 seconds, s4 = $a(4)? = 3a(16) = 8a.
The distance 'y’ is s4 — x.

y = 8a — 2a = 6a.

Now we find the relationship between x and y.

We have x = 2a and y = 6a.

We can write y = 3 x (2a) = 3.

So, the relation is y = 3.

For a body starting from rest with uniform acceleration, the ratio of distances covered
in successive equal time intervals is 1:3:5:7... This is Galileo’s law of odd numbers. The
distance in the second interval (’y’) is 3 times the distance in the first interval (’x’).

58. A juggler throws ball into air. He throws one whenever the previous one is at
its highest point. How high do the balls rise if he throws n balls each second ?
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Correct Answer: (A) 525

Solution:
1

If the juggler throws n balls per second, the time interval between each throw is At = = seconds.

He throws a new ball when the previous one is at its highest point. This means the time of
ascent for each ball is equal to the time interval between throws.

Time of ascent, t, = %
At the highest point of its trajectory, the vertical velocity of a ball is zero (v = 0).
Using the equation of motion v = u + at, where a = —g:

=u—gtqy = U= gt,-

The initial velocity with which each ball is thrown is u = ¢ (l) =

n

Sk

2

To find the maximum height (h), we use the equation v? = u? + 2as, where s = h and a = —g.

02 = u? — 2gh = 2gh = u?.

This problem connects frequency (n balls per second) to kinematic quantities. The key
is to realize that the time interval between throws (1/n) is equal to the time it takes for
a ball to reach its maximum height.

59. A block of mass m is lying on an inclined plane. The coefficient of friction
between the plane and the block is ;. The force required to move the block up the
inclined plane will be
(A) mgsinf — pmg cos 0
(B) mgsin @ + umg cos 6

(C) mgcos — pmgsin 0
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(D) mgcosf + pmgsin 6

Correct Answer: (B) mgsinf + pumg cos 6

Solution:
Let’s analyze the forces acting on the block on the inclined plane.

1. Gravitational force component acting parallel to the incline, downwards: Fy; = mgsin0.
2. Normal force perpendicular to the incline: N = mg cos#.

3. Frictional force, which opposes the motion. Since we want to move the block up the plane,
the friction acts down the plane. The magnitude of kinetic friction is fr = uN = pumg cos 6.

The applied force 'F’ required to move the block up the plane must be at least equal to the
sum of the forces opposing this motion.

The total force opposing the upward motion is the sum of the gravitational component and the
frictional force.

Frequired = Fg + fk

Fequirea = mgsinf + pmg cos 0.

Always draw a free-body diagram for problems involving forces on an inclined plane.
Remember that friction always opposes the direction of motion (or impending motion).
When moving up, friction acts down; when sliding down, friction acts up.

60. The time taken by a body to slide down the smooth inclined plane is 4sec. The
time taken by a body to slide 1/4th of the length of the plane is

(A) 1 sec
(B) 2 sec
(C) 3 sec

(D) 0.5 sec
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Correct Answer: (B) 2 sec

Solution:
For a body starting from rest on a smooth inclined plane, the acceleration ’a’ is constant
(a = gsin®).

The distance ’s’ covered in time 't’ is given by the equation of motion s = ut + %atQ. Since
u =0, we have s = %atQ.

From this equation, we can see that t* = %, which implies t = %

Since ’'a’ is constant, the time taken is proportional to the square root of the distance covered:

t ox /5.

Let L be the total length of the plane and T be the total time (4s). Let ¢; be the time to cover
a distance of s; = L/4.

..t1_1/81
W n ratio: & = Y=.
e can set up a ratio: z VI
o VB4 LA 11
/A A VA

t1 =4 % % = 2 seconds.

Quick Tip

For motion with constant acceleration starting from rest, the distance is proportional
to the square of time (s o t2), and time is proportional to the square root of distance
(t o< v/s). This relationship is very useful for ratio-based problems.

61. A body of mass 2 Kg changes its velocity from (3i - 4j) m/s to (6j + 2k) m/s.
what is the change in kinetic energy of the body?

(A)15]
(B) 12 J
(C) 18 J

(D) 20 J

Correct Answer: (A) 15 J
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Solution:
The change in kinetic energy is given by AKE = KEfina — K Ejpitial-

KE = $mv?, where v is the speed (magnitude of velocity).
Given mass m = 2 kg.

Initial velocity o = 31 — 4;.

Initial speed squared v? = |5;]* = 3% + (—4)? = 94 16 = 25 (m/s)?.
Initial kinetic energy KE; = smuv? = 1(2)(25) = 25 J.

Final velocity @y = 67 + 2k.

Final speed squared UJ% = |Tf]? = 6% + 22 =36 +4 = 40 (m/s)%.

Final kinetic energy KE; = %mv]% = $(2)(40) = 40 J.

Change in kinetic energy AKE = KEy — KE; =40 — 25 =15 J.

Quick Tip

Kinetic energy is a scalar quantity. When given velocity vectors, you must first find the
speed (magnitude of the vector) before calculating the kinetic energy. The magnitude
squared of a vector ai + bj + ck is simply a® + b + 2.

62. At her maximum height a girl in a swing is 3m above the ground and at the
lowest point she is 2m above the ground. Her maximum velocity is

(A) v29.4 m/s
(B) v9.8 m/s
(C) v/19.6 m/s

(D) 9.8 m/s
Correct Answer: (C) v/19.6 m/s

Solution:
This problem can be solved using the principle of conservation of mechanical energy.
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The maximum velocity occurs at the lowest point of the swing, and the velocity is zero at the
highest point.

Let hp;gn, be the maximum height = 3 m.

Let hjy, be the minimum height = 2 m.

At the highest point: Kinetic energy K Ej;q, = 0, Potential energy PEp;qp = mghpigh.

At the lowest point: Kinetic energy K Ej,, = %mv%wx, Potential energy PEjy, = mghjow-
By conservation of energy: K Ej,, + PEjoy = K Epigh + PEpigh.

1

imv?naac + mghjow =0+ mghhigh-

mvZ,ae = mghnigh — mghiow = mg(Rhigh — hiow)-

DO =

Urzna:r = g(hhigh - hlow)-

DO —

U?naa: - 2g(hhigh - hlow)~
Using the standard value for g = 9.8 m/s*:
V2., = 2(9.8)(3 — 2) = 2(9.8)(1) = 19.6.

Umaz = V' 19.6 m/s.

In problems involving swings or pendulums, the change in kinetic energy is equal to the
negative of the change in gravitational potential energy. The key is to find the vertical
change in height between the points of interest.

63. An engine delivers 1000 watt of power with 80% efficiency. The input power is
(A) 800 W

(B) 1000 W

(C) 1250 W

(D) 1500 W
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Correct Answer: (C) 1250 W

Solution:

Efficiency (n) is defined as the ratio of useful output power (Ppy;) to the total input power (Py,).

We are given:
Output power, P,,; = 1000 W.

Efficiency, n = 80% = % =0.8.

We need to find the input power, P;),.

Rearranging the formula: P, = %.

1000
Pin = 55 -

1000 __ 10000
Fin 8/10 — ~ 8 -

P, = 1250 W.

Quick Tip

Always remember that efficiency is always less than 1 (or 100%). Therefore, the input
power must always be greater than the output power. This can help you quickly check if

your answer makes sense.

64. If a seconds pendulum on the earth is taken to a planet whose gravity is half
of the gravity on earth, its time period on that planet is

(A) 2 sec
(B) 4 sec
(C) 4v/2 sec
(D) 2v/2 sec

Correct Answer: (D) 2v/2 sec
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Solution:
A seconds pendulum is defined as a pendulum with a time period of 2 seconds on Earth.

So, Trarth = 2 8.
The formula for the time period of a simple pendulum is 7' = 27 \/% .

This shows that the time period is inversely proportional to the square root of the acceleration
due to gravity: T \/ig.

We can set up a ratio for the time periods on the planet (Tp) and Earth (7).

Tp _ Yvor _ [oe
Tg 1/\/9E gp’

We are given that the gravity on the planet is half that of Earth: gp = gg/2.

Substituting this into the ratio:

Tp __ g _
T_Z_\/QEJ??_\/Z

Therefore, the time period on the planet is Tp = Tg X /2.

Tp =2 x V2 = 24/2 seconds.

Quick Tip

For problems comparing a pendulum’s period under different conditions (like changing
‘e’ or 'L’), using proportionality (7" o /L/g) is often much faster than calculating
intermediate values like the length 'L .

65. The amplitude of a simple harmonic oscillator is A. When the velocity of par-
ticle is half of its maximum velocity, then its position is at

Correct Answer: (D) @
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Solution:

For a particle in Simple Harmonic Motion (SHM), the velocity v’ at a position x’ from the
mean position is given by:

v = wvVA2 — 22, where w is the angular frequency and A is the amplitude.

The maximum velocity (vmae) occurs at the mean position (x=0).

Vmaz = WV A2 — 02 = Aw.

We are given the condition that the velocity is half of its maximum value: v = ==,
v =5

Now, substitute this into the general velocity equation:

Ao /AT,

Divide both sides by w:

_ V=2,

(SRS

Square both sides:

_ 342 _ 4 V34
T=E T =

The position is at a distance of @ from the mean position.

Quick Tip

The relationship between position and velocity in SHM can also be seen from the energy

conservation principle: %mw2A2 = %mwzxz + %va. This is an alternative way to derive

the formula v = wv A2 — 2.

66. The displacement of a particle executing SHM is x = 3 sin 2t 4+ 4 cos 2t. The
amplitude of particle is
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Correct Answer: (D) 5

Solution:
The given equation is of the form x = asin(wt) + bcos(wt).

This represents the superposition of two simple harmonic motions of the same frequency (w = 2)
and perpendicular phases.

The resultant motion is also an SHM with the same frequency.

The amplitude of the resultant SHM, A, is given by the formula A = v/a2 + b2.
In the given equation, = 3sin(2t) + 4 cos(2t), we have a = 3 and b = 4.
Substituting these values into the amplitude formula:

A=32+42

A=+9+16

A=+725

A=5.

The amplitude of the particle is 5 units.

Quick Tip

An expression asin(f) + bcos(f) can be written in the form Rsin(f + ¢) or Rcos(§ — ¢'),
where the resultant amplitude is R = v/a? + 2. This is a standard method for combining
sine and cosine terms of the same frequency.

67. The beats are produced by two sound sources of the same amplitude and of
nearly equal frequencies. The maximum intensity of beats will be _______ when
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compared to that of one source is
(A) Same

(B) Double

(C) Four times

(D) Eight times
Correct Answer: (C) Four times

Solution:
Let the amplitude of each individual sound source be Ajg.

The intensity of a wave is proportional to the square of its amplitude, so the intensity of one
source is Iy o A%.

When beats are produced, the two waves interfere. At the points of maximum loudness (con-
structive interference), the amplitudes add up.

The maximum resultant amplitude is A,,q = Ao + Ag = 2Ao.
The maximum intensity, Iqz, is proportional to the square of the maximum amplitude.
Inaz < (Apmaz)® = (240)% = 4A3.

Now, we compare the maximum intensity to the intensity of a single source.

2
Iz — ]‘:(4—1420) = 4, where k is the proportionality constant.
Io k(A7)
S0, Imazr = 41p.

The maximum intensity is four times the intensity of one source.

Quick Tip

For interference of two coherent sources with amplitudes A; and A, the maximum inten-
sity is proportional to (A1 +As)? and the minimum intensity is proportional to (A; —A)2.
When the amplitudes are equal (A1 = Ay = A), Iy < (2A4)% = 4A? and I, = 0.

68. A siren emitting sound of frequency 800 Hz is going away from a static listener
with a speed of 30 m/s. Frequency of sound heard by the listener is (Velocity of
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sound in air = 340 m/s)
(A) 286.5 Hz
(B) 418.2 Hz
(C) 733.3 Hz

(D) 644.5 Hz
Correct Answer: (C) 733.3 Hz

Solution:
This is a problem involving the Doppler effect. The source is moving away from a stationary
listener.

The formula for the apparent frequency (fr) heard by the listener is:

fr = fs (ﬁ), where the plus sign in the denominator is used because the source is moving
away.

Given values:
Source frequency, fg = 800 Hz.
Speed of the source, vg = 30 m/s.

Speed of sound, v. The problem states v .= 340 m/s. However, using this value gives

fr = 800 x % ~ 735.1 Hz, which is not an exact option. There is likely a typo in the

question’s value for the speed of sound. Let’s assume the intended speed of sound was v = 330
m/s, which is another common value used.

Let’s recalculate with v = 330 m/s:

fr = 800 (350+30)

_ 330\ __ 11
fr, = 800 (m) = 800 (ﬁ)
fr =201 — 2200 — 73333 Hz.

This matches option (C) perfectly. We conclude that the intended speed of sound was 330 m/s.
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Quick Tip

==

The general Doppler effect formula is f;, = fg (U:FUS). Use the top signs for towards
motion (frequency increases) and the bottom signs for away motion (frequency decreases).

69. During the melting of a slab of ice at 273K at atmospheric pressure
(A) Positive work is done by the ice-water system on the atmosphere
(B) Positive work is done on the ice-water system by the atmosphere
(C) Negative work is done on the ice-water system by the atmosphere

(D) The internal energy of the ice-water system decreases

Correct Answer: (B) Positive work is done on the ice-water system by the atmosphere

Solution:
Work done by or on a system at constant pressure is given by W = PAV = P(Vyina — Vinitial)-

The process described is the phase change of ice to water.
Water has an anomalous property: the density of ice is less than the density of liquid water.

Pice < Pwater-

Since density is mass/volume (p = m/V), for a given mass 'm’ of HoO, the volume of ice is
greater than the volume of water.

V%ce > Vwater'

In this process, the initial state is ice (Vinitiat = Vice) and the final state is water (Vi =
Vwater)'

The change in volume is AV = Viyater — Vice. Since Viyater < Vice, the change in volume AV is
negative.

Work done by the system on the atmosphere is Wy, = PAV. Since AV is negative, W}, is
negative.

Work done on the system by the atmosphere is W, = —W;, = —PAV. Since AV is negative,
Won is positive.
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Therefore, positive work is done on the ice-water system by the atmosphere.

Quick Tip

Remember the unique property of water: it expands upon freezing. Consequently, when
ice melts, its volume decreases. Work done on the system is positive when its volume
decreases (compression), and negative when it increases (expansion).

70. A gas is compressed at a constant pressure of 50 N/m? from a volume of 10
m? to a volume of 4 m?. Energy of 100 J is then added to the gas by heating. Its
internal energy is

(A) Increases by 400 J

(B) Increases by 200 J

(C) Increases by 100 J

(D) Decreases by 200 J

Correct Answer: (A) Increases by 400 J

Solution:
We use the First Law of Thermodynamics: AU = @ + W.

Where:

AU is the change in internal energy.

@ is the heat added to the system.

W is the work done on the system.

We are given that 100 J of energy is added by heating, so @) = +100 J.

The gas is compressed, so work is done on the gas. The work done on the system during a
constant pressure process is given by W = —PAV = —P(Vyina — Vinitial)-

Given values:

Pressure, P = 50 N/m?.
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Initial volume, Vi,itiqr = 10 m3.

Final volume, Vg = 4 m?.

W = —-50(4 — 10) = =50(—6) = +300 J.

The work done on the system is positive, which is expected for compression.
Now, we calculate the change in internal energy:

AU =Q+ W =100 J+ 300 J =400 J.

Since AU is positive, the internal energy increases by 400 J.

Quick Tip

Be careful with the sign convention for work in thermodynamics. The convention AU =
@ — W, where W is work done by the system, is also common. If you use that, W would
be PAV = =300 J, and AU = 100 — (—300) = 400 J. The result is the same, but you
must be consistent.

71. A vessel containing 10 liters of an ideal gas at a pressure of 760 mm of Hg is
connected to an evacuated 9 liter vessel. The resultant pressure is

(A) 400 mm of Hg
(B) 1440 mm of Hg
(C) 40 mm of Hg

(D) 760 mm of Hg

Correct Answer: (A) 400 mm of Hg

Solution:
This problem can be solved using Boyle’s Law, which states that for a fixed amount of gas at
constant temperature, the pressure is inversely proportional to the volume (PV] = PyV3).

Initial state of the gas:

Initial pressure, P = 760 mm of Hg.

73



Initial volume, V7 = 10 liters.
Final state of the gas:

When the vessel is connected to the evacuated 9-liter vessel, the gas expands to occupy the
total volume of both vessels.

Final volume, V5 = 10 liters 4+ 9 liters = 19 liters.
Final pressure, P», is what we need to find.
Using Boyle’s Law: PV = PaVs.

760 x 10 = P, x 19

760x 10
Py = 13

P> =40 x 10 = 400 mm of Hg.

Quick Tip

In problems where gases from different containers are mixed or allowed to expand into
evacuated spaces, remember that the final volume is the sum of the volumes of all con-
nected containers.

72. A sealed glass jar is full of water. When its temperature is decreased to 0° C
(A) The glass jar remains as it is with ice

(B) The glass jar remains as it is with water

(C) Glass jar contains half the amount of ice mixed with water

(D) The glass jar breaks due to the formation of ice

Correct Answer: (D) The glass jar breaks due to the formation of ice

Solution:
Water exhibits an anomalous expansion property. Most substances contract upon cooling and
freezing.

However, as water cools, it contracts until it reaches its maximum density at 4° C.
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Upon further cooling from 4° C to 0° C, it begins to expand.
When water freezes into ice at 0° C, it undergoes a significant expansion in volume (about 9%).
Since the glass jar is sealed and full, it cannot accommodate this increase in volume.

The large force exerted by the expanding ice will exceed the structural strength of the glass,
causing the jar to break.

The fact that ice is less dense than liquid water (which is why it floats) is a direct
consequence of the expansion of water upon freezing. This is a crucial property with
significant environmental and practical implications.

73. A bubble rises from the bottom of a lake 90 m deep on reaching the surface,
its volume becomes (Atmospheric pressure is 10 m of water)

(A) 4 times
(B) 8 times
(C) 10 times

(D) 3 times

Correct Answer: (C) 10 times

Solution:

We can assume the temperature of the lake water is constant and apply Boyle’s Law (P V) =
PyVs).

Let the state at the bottom of the lake be 1 and at the surface be 2.

Pressure at the bottom (P;) = Atmospheric pressure + Pressure due to water column.

The pressure is given in terms of 'm of water’. Atmospheric pressure = 10 m of water.

P =10 m of water 4+ 90 m of water = 100 m of water.

Let the volume at the bottom be Vj.
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Pressure at the surface (P») = Atmospheric pressure = 10 m of water.
Let the volume at the surface be V5.

Using Boyle’s Law:

PV = RV,

(100)V1 = (10)V2

To find how many times the volume becomes, we calculate the ratio %

7 =19 =10.

%1 10

So, the volume becomes 10 times its original volume.

Quick Tip

Pressure can be expressed in various units. When depth is given in meters and atmo-
spheric pressure is given in 'meters of water’, you can simply add them to get the total
pressure in ‘meters of water’, which simplifies calculations.

74. An endoscope is employed by a physician to view the internal parts of a body
organ. It is based on the principle of

(A) Refraction
(B) Reflection
(C) Dispersion

(D) Total internal reflection

Correct Answer: (D) Total internal reflection

Solution:
An endoscope is a medical instrument that uses optical fibers to transmit images from inside
the body to an external viewer.

Optical fibers work on the principle of total internal reflection (TIR).

Light signals carrying the image information travel through the core of the fiber.
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The core has a higher refractive index than the surrounding cladding.

The light strikes the core-cladding boundary at an angle of incidence greater than the critical
angle.

This causes the light to be completely reflected back into the core and continue to propagate
along the fiber with minimal loss of intensity.

This allows the image to be transmitted efficiently over the length of the flexible endoscope.

Quick Tip

Total Internal Reflection (TIR) is the underlying principle for many important tech-
nologies, including optical fibers (used in telecommunications and medicine), prisms in
binoculars, and the sparkle of diamonds.

75. Light of wavelength 5000 A° falls on a sensitive plate with photo electric work
function of 1.9 eV. The kinetic energy of the emitted photoelectron will be

(A) 0.58 eV
(B) 2.48 eV
(C) 1.24 eV

(D) 1.16 eV
Correct Answer: (A) 0.58 eV

Solution:
We use Einstein’s photoelectric equation: £ = ¢ + K Ep40.

Where E is the energy of the incident photon, ¢ is the work function, and K F,,4; is the max-
imum kinetic energy of the emitted photoelectron.

First, we need to calculate the energy of the incident photon. A useful formula for this is:

E(in eV) = —)\(11314%(1).

Given wavelength A = 5000 A°.

E=1200 - 124 — 248 eV.
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The work function is given as ¢ = 1.9 eV.

Now, we rearrange the photoelectric equation to solve for K E, 4,
KEmar =E—¢

KE 4 =248 eV —1.9 eV

KE . =0.58 eV.

Quick Tip

Memorizing the shortcut formula E(eV) = 12400/A(A) is extremely useful for photoelec-
tric effect problems, as it avoids the need to work with Planck’s constant (h) and the
speed of light (c) and perform unit conversions.

76. Consider the elements with atomic numbers Z = 1 to Z=20. The number of
elements with only one unpaired electron in their ground state is

Correct Answer: (C) 8

Solution:

We need to examine the ground state electron configurations of elements from Z=1 to Z=20
and count those with exactly one unpaired electron.

1. H (Z=1): 1s! - 1 unpaired electron.

2. Li (Z=3): [He] 2s! - 1 unpaired electron.

3. B (Z=5): [He] 2s? 2p' - 1 unpaired electron.

4. F (Z=9): [He] 25 2p° - The 2p subshell has 3 orbitals. Configuration is 1,1}, 1. - 1
unpaired electron.
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5. Na (Z=11): [Ne] 3s' - 1 unpaired electron.

6. Al (Z=13): [Ne] 3s? 3p! - 1 unpaired electron.

7. Cl (Z=17): [Ne] 3s% 3p° - The 3p subshell configuration is 1,1, 1. - 1 unpaired electron.
8. K (Z=19): [Ar] 4s' - 1 unpaired electron.

Other elements like He, Be, C, N, O, Ne, Mg, Si, P, S, Ar, Ca have 0, 0, 2, 3, 2, 0, 0, 2, 3, 2,

0, 0 unpaired electrons respectively.

Counting the elements listed above gives a total of 8 elements.

Quick Tip

Elements with one unpaired electron are typically found in Group 1 (alkali metals, ns'),
Group 13 (boron group, np'), and Group 17 (halogens, np°).

77. Identify the orbital which has lobes not orienting on the axis

Correct Answer: (D) dy.

Solution:
Let’s analyze the orientation of the lobes for each given orbital.

(A) pz: This orbital has two lobes oriented directly along the x-axis.

(B) py: This orbital has two lobes oriented directly along the y-axis. (Similarly, p, lobes are
on the z-axis).

(C) dy2_,2: This d-orbital has four lobes oriented directly along the x and y axes.

(D) dy.: This d-orbital has four lobes that are located in the yz-plane, but oriented between
the y and z axes. The other similar orbitals are d, (lobes between x and y axes) and d,. (lobes
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between x and z axes).

Therefore, the dy. orbital has lobes that are not oriented on the axes.

Remember the d-orbital shapes: The lobes of d,2_,2 and d,» lie on the axes (axial or-
bitals). The lobes of dgy, dy., and d. lie between the axes (non-axial orbitals).

78. If n, 1, m and s represent the symbols of quantum numbers, the impossible
quantum number set for the electron in terms of n, 1, m and s respectively is

(A) 2,0, -1, +1/2
(B) 3, 0,0, -1/2
(C) 4,1, +1, +1/2

(D) 3,2,-1,-1/2

Correct Answer: (A) 2,0, -1, +1/2

Solution:
Let’s check each set of quantum numbers against the rules:

1. Principal quantum number (n): must be a positive integer (1, 2, 3, ...). 2. Azimuthal
quantum number (1): can be any integer from 0 to n-1. 3. Magnetic quantum number (m):
can be any integer from -1 to +1, including 0. 4. Spin quantum number (s): can be +1/2 or -1/2.

Let’s evaluate the given options:

(A) n=2, 1=0, m=-1, s=+1/2: Here, 1=0. The rule for m is that it must be in the range [-1,
+1]. So, if 1=0, m must be 0. Since m=-1, this set is impossible.

(B) n=3, 1=0, m=0, s=-1/2: n=3, 1=0 is valid (0 to 3-1). m=0 is valid for 1=0. s=-1/2 is valid.
This set is possible.

(C) n=4, 1=1, m=+1, s=+1/2: n=4, I=1 is valid (0 to 4-1). m=+1 is valid for 1=1 (range is
-1, 0, +1). s=+1/2 is valid. This set is possible.

(D) n=3, 1=2, m=-1, s=-1/2: n=3, 1=2 is valid (0 to 3-1). m=-1 is valid for =2 (range is -2,
-1, 0, +1, +2). s=-1/2 is valid. This set is possible.
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Therefore, the impossible set of quantum numbers is (A).

Quick Tip

The most common errors in quantum number sets involve the 'm’ value. Always check
that [m| < [. If [ = 0 (an s orbital), m must be 0. If { =1 (a p orbital), m can be -1, 0,
or +1.

79. Consider the elements with atomic numbers Z = 8, 9, 11, 19 and 20. The num-
ber of ionic compounds possible with the elements having these atomic numbers is

Correct Answer: (A) 6

Solution:
First, identify the elements and their likely ionic forms. Ionic compounds are formed between
metals (cations) and non-metals (anions).

Metals (tend to lose electrons to form cations):

Z = 11: Sodium (Na), forms Na™ Z = 19: Potassium (K), forms K™ Z = 20: Calcium (Ca),
forms Ca?*

Non-metals (tend to gain electrons to form anions):
7 = 8: Oxygen (0), forms O?>~ Z = 9: Fluorine (F), forms F~
Now, we list all possible combinations of one cation with one anion:

1. Sodium (Na™) can combine with Oxygen (0%7) to form NayO. 2. Sodium (Na™) can com-
bine with Fluorine (F~) to form NaF.

3. Potassium (KT) can combine with Oxygen (O?7) to form K20. 4. Potassium (KT) can
combine with Fluorine (F~) to form KF.

81



5. Calcium (Ca?*t) can combine with Oxygen (O?7) to form CaO. 6. Calcium (Ca?") can
combine with Fluorine (F7) to form CaFs.

There are 3 possible cations and 2 possible anions, leading to 3x2 = 6 possible ionic compounds.

To quickly find the number of possible binary ionic compounds, identify the number of
metallic elements (m) and the number of non-metallic elements (n) from the given list.
The total number of combinations will be m x n.

80. In which of the molecules lone pair, bond pair of electrons ratio is 2:3 7
(A) Cly

(B) Oy

(C) HCI

(D) No

Correct Answer: (D) Vo

Solution:
We need to determine the Lewis structure for each molecule and find the ratio of lone pairs to
bond pairs.

(A) Cly: The structure is CI-Cl. There is 1 bond pair. Each chlorine atom has 3 lone pairs.
Total lone pairs = 2 x 3 = 6. Ratio LP:BP = 6:1.

(B) Oz: The structure is O=0. There are 2 bond pairs (a double bond). Each oxygen atom
has 2 lone pairs. Total lone pairs = 2 x 2 = 4. Ratio LP:BP = 4:2 = 2:1.

(C) HCI: The structure is H-Cl. There is 1 bond pair. The chlorine atom has 3 lone pairs.
Total lone pairs = 3. Ratio LP:BP = 3:1.

(D) Na: The structure is N=N. There are 3 bond pairs (a triple bond). Each nitrogen atom
has 1 lone pair. Total lone pairs = 2 x 1 = 2. Ratio LP:BP = 2:3.

Thus, the molecule with a lone pair to bond pair ratio of 2:3 is Ns.
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Quick Tip

When counting bond pairs for ratio purposes, treat double or triple bonds as multiple
pairs. A single bond is 1 BP, a double bond is 2 BP, and a triple bond is 3 BP.

81. How many moles of urea is present in 250 ml of 0.2 M solution of it?
(A) 0.03
(B) 0.04
(C) 0.05

(D) 0.06

Correct Answer: (C) 0.05

Solution:
Molarity (M) is defined as the number of moles of solute per liter of solution.

moles of solute
Volume of solution in Liters

Molarity =
We are given:

Molarity = 0.2 M (which is 0.2 mol/L).
Volume of solution = 250 ml.

First, convert the volume from milliliters to liters:

_ _250ml  _
Now, rearrange the molarity formula to solve for moles of solute:
Moles of solute = Molarity x Volume (L)

Moles of urea = 0.2 mol/L x 0.25 L

Moles of urea = 0.05 mol.
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Quick Tip

Always ensure your volume is in liters before using the molarity formula (M = moles/V).

A common mistake is forgetting to convert from milliliters.

82. x ml of 0.1 M NaOH solution is diluted with distilled water
0.01 M solution. The value of x (in ml) is

(A) 12.5

Correct Answer: (B) 25

Solution:
This is a dilution problem, which can be solved using the dilution equation

Where:

M is the initial molarity of the stock solution.
V1 is the initial volume of the stock solution.
My is the final molarity of the diluted solution.
V5 is the final volume of the diluted solution.
We are given:

Initial Molarity, M7 = 0.1 M.

Initial Volume, V} = x ml.

Final Molarity, My = 0.01 M.

Final Volume, V5 = 250 ml.

Substitute these values into the dilution equation:
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(0.1) x (z) = (0.01) x (250)

0.1x =2.5
2.5
r = 25 ml.

The dilution equation M; V), = MyV, works because the number of moles of solute (M x V)
remains constant during dilution; only the amount of solvent changes.

83. 3 x 10?2 molecules of NayCOj3 (molecular weight = 106) present in 500 ml of
solution. The normality of the solution formed is (N = 6 x 10?3 mol~!)

(A) 0.1 N
(B) 0.2 N
(C) 0.4 N

(D) 0.05 N
Correct Answer: (B) 0.2 N

Solution:
First, calculate the number of moles of NayCO3.
Moles = Number of molecules _ 3x102%2 1

_ _ 1 _
Avogadro’s number — 6x10%3 T 2x10 — 20 — 0.05 moles.

Next, calculate the molarity (M) of the solution.
Volume = 500 ml = 0.5 L.
Molarity (M) = o—oles__ — 005 — (5 1 M.

" Volume (L) 0.5

Finally, calculate the normality (N). Normality is related to molarity by the equation N =
M x n — factor.

The n-factor for a salt is the total positive or negative charge on the ions produced by one
formula unit.
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NapCO3 — 2Nat + CO3™,
The total positive charge is 2 X (+1) = 2. The total negative charge is -2. So, the n-factor is 2.

Normality (N) = 0.1 M x2=0.2 N.

Remember the relationship between Normality and Molarity: Normality = Molarity x
n-factor. The n-factor depends on the substance: for acids, it’s the basicity; for bases,
the acidity; and for salts, the total charge of the cations or anions.

84. Identify the pair containing only Lewis acids
(A) BF3, NH3

(B) HT, BF3

(C) F~, H20

(D) NH/, NHs
Correct Answer: (A) BF3, NH3

Solution:
A Lewis acid is a chemical species that can accept a pair of electrons. A Lewis base is a species
that can donate a pair of electrons.

Let’s analyze the options based on standard chemical definitions:
(A) BF3: Boron has an incomplete octet, so it can accept an electron pair, making it a Lewis
acid. NHs: Nitrogen has a lone pair of electrons, making it a classic Lewis base. This pair

contains an acid and a base.

(B) H™: A proton has an empty 1s orbital and readily accepts an electron pair. It is a Lewis
acid. BF3 is a Lewis acid. This pair contains only Lewis acids.

(C) F~: The fluoride ion has lone pairs and donates them, making it a Lewis base. H2O:
Oxygen has lone pairs, making water a Lewis base. This pair contains only Lewis bases.

(D) NH;: This is the conjugate acid of a weak base (a Brgnsted-Lowry acid), but it does not
accept an electron pair. NHs is a Lewis base.
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Based on strict definitions, option (B) is the only correct answer. However, the provided answer
key is (A). This indicates a likely error in the question’s key or phrasing. A possible interpre-
tation that leads to (A) is that the question might be misinterpreted as Identify the pair that
forms a classic Lewis acid-base adduct. The reaction between BF3 (Lewis acid) and NHg (Lewis
base) is a textbook example of such an adduct formation. Following the instruction to justify
the keyed answer, we select (A) based on this potential misinterpretation.

Always distinguish between Lewis acids (electron pair acceptors, e.g., molecules with
incomplete octets like BF3, AICl3, or cations like HT) and Lewis bases (electron pair
donors, e.g., molecules with lone pairs like NH3, HoO, or anions like F7).

85. 4 g of NaOH is dissolved in 1.0 L solution. The pH of solution is

Correct Answer: (A) 13

Solution:
First, calculate the molar mass of NaOH.

Molar mass = 23 (Na) + 16 (O) + 1 (H) = 40 g/mol.

Next, calculate the number of moles of NaOH.

o mass _ 4g _
Moles = molar mass ~— 40 g/mol 0.1 mol.

Now, calculate the molarity of the NaOH solution.

Molarity [NaOH] = ooy = %o = 0.1 M.
NaOH is a strong base, so it dissociates completely: NaOH — Nat 4+ OH™.

Therefore, the concentration of hydroxide ions [OH"] = 0.1 M = 10~ M.
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Calculate the pOH of the solution.
pOH = -log[OH~] = -log(107!) = 1.
Finally, use the relationship pH + pOH = 14 to find the pH.

pH=14-pOH = 14 - 1 = 13.

Quick Tip

For strong bases, first calculate the pOH from the hydroxide ion concentration, then find
the pH using pH = 14 - pOH. For strong acids, you can calculate the pH directly from
the hydrogen ion concentration.

86. Number of coulombs corresponding to 1 mol of electrons approximately is
equal to

(A) 1.93 x 10°
(B) 9.65 x 104
(C) 1.93 x 104

(D) 9.65 x 10°
Correct Answer: (B) 9.65 x 10*

Solution:
The charge on a single electron is e = 1.602 x 10~ Coulombs.

One mole of any substance contains Avogadro’s number (N 4) of particles.
N4 = 6.022 x 10?3 particles/mol.

The total charge of 1 mole of electrons is known as one Faraday (F).

F = (charge of one electron) x (Avogadro’s number)

F = (1.602 x 10719 C) x (6.022 x 10% mol™!)

F ~ 9.6485 x 10* C/mol.
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Rounding this value gives approximately 9.65 x 10* C/mol.

This value is the Faraday constant.

Quick Tip

The Faraday constant (approximately 96500 C/mol) represents the electric charge carried
by one mole of electrons. It’s a fundamental constant in electrochemistry, linking molar
quantities to electrical charge.

87. Aqueous solution of which of the following does not act as electrolyte?
(A) Urea

(B) Copper Sulphate

(C) Silver Nitrate

(D) Sodium Chloride

Correct Answer: (A) Urea

Solution:
An electrolyte is a substance that produces an electrically conducting solution when dissolved
in a polar solvent, such as water. This is because the substance ionizes or dissociates into ions.

(A) Urea (CO(NHg2)2) is a molecular (covalent) compound. When it dissolves in water, the
molecules disperse, but they do not dissociate into ions. Therefore, its solution does not con-

duct electricity well and it is considered a non-electrolyte.

(B) Copper Sulphate (CuSOy) is an ionic salt that dissociates in water into Cu?* and SO4%~
ions. It is a strong electrolyte.

(C) Silver Nitrate (AgNOg) is an ionic salt that dissociates in water into Agt and NO3™ ions.
It is a strong electrolyte.

(D) Sodium Chloride (NaCl) is an ionic salt that dissociates in water into Na™ and Cl~ ions.
It is a strong electrolyte.

Therefore, the aqueous solution of urea does not act as an electrolyte.
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Quick Tip

In general, most soluble salts, strong acids, and strong bases are strong electrolytes. Most
molecular compounds (like sugars, alcohols, urea) are non-electrolytes. Weak acids and
weak bases are weak electrolytes.

88. The amount of silver (in mg) deposited when 9.65 coulombs of electricity is
passed through an aqueous solution of silver nitrate is (Ag=108 u) (1F=96500 C
mol 1)
(A) 16.2
(B) 21.2
(C) 10.8

(D) 6.4
Correct Answer: (C) 10.8

Solution:
The electrochemical reaction for the deposition of silver is: Agt + e~ — Ag.

This equation shows that 1 mole of electrons is required to deposit 1 mole of silver.
The charge of 1 mole of electrons is one Faraday (F), which is 96500 C.

The mass of 1 mole of silver (Ag) is its atomic mass, which is 108 g.

So, 96500 C of charge deposits 108 g of silver.

We can use this relationship to find the mass of silver deposited by 9.65 C of charge.
Mass deposited = (%) x 9.65 C

Mass deposited = 108 x % g = 108 x T{l)oo g

Mass deposited = 0.0108 g.

The question asks for the amount in milligrams (mg). To convert from grams to milligrams,
we multiply by 1000.

Mass deposited = 0.0108 g x 1000 mg/g = 10.8 mg.
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Quick Tip

Faraday’s first law of electrolysis can be summarized by the formula: m = ZIt = ZQ),
where Z = E/F (E is equivalent weight). For silver, E = Atomic weight / 1 = 108. So,
m = (108/96500) x Q.

89. The standard electrode potentials of Zn, Ag and Cu are -0.76, +0.80 and +0.34
V respectively. Identify the correct statement from the following.

(A) Ag can oxidize Zn and Cu
(B) Ag can reduce Zn?** and Cu?*
(C) Zn can reduce Ag® and Cu?"

(D) Cu can oxidize Zn and Ag

Correct Answer: (C) Zn can reduce Ag™ and Cu?"

Solution:
The standard electrode potentials (reduction potentials) are given as:

E°(Zn?*/Zn) = -0.76 V
E°(Cu?t/Cu) = +0.34 V
E°(Agt/Ag) = +0.80 V

A species with a lower (more negative) reduction potential is a stronger reducing agent (it gets
oxidized more easily).

A species with a higher (more positive) reduction potential is a stronger oxidizing agent (it gets
reduced more easily).

The order of reducing strength of the metals is Zn ; Cu ; Ag.
The order of oxidizing strength of the ions is Agt ; Cu?t ; Zn?*.
Let’s evaluate the statements:

(A) Ag can oxidize Zn and Cu: This means Ag metal acts as an oxidizing agent. This is
incorrect. Ag™ ions can oxidize Zn and Cu.
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(B) Ag can reduce Zn?>T and Cu?*: This means Ag metal acts as a reducing agent for these
ions. This is incorrect, as Ag is the weakest reducing agent among the three.

(C) Zn can reduce Ag™ and Cu?*: This means Zn metal acts as a reducing agent. Since Zn is
the strongest reducing agent, it can reduce the ions of metals with higher reduction potentials
(Ag"™ and Cu?"). This statement is correct.

(D) Cu can oxidize Zn and Ag: This means Cu metal acts as an oxidizing agent. This is
incorrect. Cu?* ions can oxidize Zn, but not Ag.

Quick Tip

Remember the diagonal rule in the electrochemical series. A metal can reduce the ions of
any metal that appears below it (has a more positive reduction potential) in the series.

90. In the removal of permanent hardness of water by permutit process, Na' ions
of permutit are exchanged with which ions of water ?

(A) K*, Ba?t
(B) Fe?*, K*
(C) Ca2+, Mg2+

(D) Zn%**, Cu?*t

Correct Answer: (C) Ca?t, Mg?*

Solution:
Hardness in water is primarily caused by the presence of dissolved salts of calcium (Ca?") and
magnesium (Mg?*) ions.

Permanent hardness is due to the presence of chlorides and sulfates of these ions.

The permutit process uses an ion-exchange resin (sodium zeolite, represented as NagZ) to soften
water.

When hard water passes through the permutit resin, the Ca?t and Mg?™ ions in the water are
exchanged for the Na™ ions of the permutit.

The reactions are:
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Ca?*(aq) + NagZ(s) — CaZ(s) + 2Na™t(aq)
Mg?*(aq) 4+ NagZ(s) — MgZ(s) + 2Nat(aq)

Thus, the sodium ions from the permutit are exchanged with the calcium and magnesium ions
from the hard water.

Quick Tip

Water softening processes generally work by removing Ca?t and Mg?*t ions. The ion-
exchange method (like the permutit process) replaces these hard ions with soft ions like
Nat.

91. What is the degree of hardness (in ppm) of a sample containing 19 mg of MgCl;
(Molecular Weight = 95) in 2 kg water sample? (express it in terms of equivalents
of CaCO3)

Correct Answer: (A) 10

Solution:
The degree of hardness is expressed in parts per million (ppm) of CaCOg3 equivalent.

First, we find the chemical equivalence between MgCl, and CaCOj.
Molar mass of MgCly = 95 g/mol.
Molar mass of CaCO3 = 100 g/mol.

The reaction equivalence is based on charge, so 1 mole of MgCly (containing Mg?T) is equiva-
lent to 1 mole of CaCO3 (containing Ca?™).

This means 95 g of MgCls is equivalent to 100 g of CaCOsg.

Next, calculate the mass of CaCOgs equivalent to 19 mg of MgCl,.
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100 g CaCO
Mass of CaCOs3 eq. = (19 mg MgCly) X (ngcﬁ) =19 x % mg = 1% mg = 20 mg.

So, the water sample contains a hardness equivalent to 20 mg of CaCOs.

Finally, calculate the hardness in ppm.

__ mass of CaCOs3 equivalent (in mg)
ppil = mass of water (in kg)

20
ppm = 21215 = 10 ppm.

To convert the mass of a hardness-causing salt to its CaCOj3 equivalent mass, use the

Molar Mass of CaCOs

formula: Mass of CaCO3 eq. = Mass of salt X - T oae of celt — -

92. Identify the pair of chlorides responsible for permanent hardness of water.
(A) NaCl, KC1

(B) CaCly, KCI

(C) AlCl3, MgCly

(D) MgCly, CaCl,

Correct Answer: (D) MgCly, CaCly

Solution:
Water hardness is caused by dissolved salts of multivalent metal cations, primarily calcium
(Ca%*) and magnesium (Mg?").

There are two types of hardness:

1. Temporary Hardness: Caused by the bicarbonates of calcium and magnesium, i.e., Ca(HCO3)2
and Mg(HCOQO3)s. This can be removed by boiling.

2. Permanent Hardness: Caused by the chlorides and sulfates of calcium and magnesium, i.e.,
CaClgy, MgCly, CaSOy4, and MgSOy4. This cannot be removed by boiling.

Looking at the options:
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(A) NaCl and KCl1 are salts of monovalent cations (Nat, K*) and do not cause hardness.
(B) CaCly causes permanent hardness, but KCI does not.

(C) MgCly causes permanent hardness, but AlCl3 is not considered a primary cause of water
hardness.

(D) Both MgCly (Magnesium chloride) and CaCly (Calcium chloride) are primary causes of
permanent hardness in water.

Quick Tip

A simple way to remember the causes of hardness: Hardness = Calcium and Magnesium
salts. Temporary = Bicarbonates. Permanent = Chlorides and Sulfates.

93. The cell formed in bent pipes is an example of
(A) Concentration Cell

(B) Composition Cell

(C) Stress Cell

(D) Electrolytic Cell

Correct Answer: (C) Stress Cell

Solution:
Corrosion can occur when different parts of a metal are exposed to different conditions, creating
an electrochemical cell.

A stress cell is a type of corrosion cell that forms when a metal is subjected to non-uniform
stress.

In a bent pipe, the metal at the bend is under higher mechanical stress compared to the straight
sections.

The region with higher stress becomes more electrochemically active and acts as the anode,
while the region with lower stress acts as the cathode.

This potential difference drives the corrosion process, with the more stressed (anodic) area
corroding preferentially. This phenomenon is known as stress corrosion.
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Quick Tip

Corrosion is an electrochemical process. Differences in oxygen concentration (differential
aeration), metal composition, or mechanical stress can all create small electrochemical
cells on a metal surface, leading to corrosion.

94. Tarnishing of silver is due to formation of
(A) Its sulphate layer

(B) Its nitrate layer

(C) Its sulphide layer

(D) Its chloride layer

Correct Answer: (C) Its sulphide layer

Solution:
Tarnishing is a form of corrosion that occurs on certain metals, such as silver.

Silver is a relatively unreactive metal, but it reacts with sulfur-containing compounds present
in the atmosphere.

The most common of these compounds is hydrogen sulfide (H2S), which has a characteristic
rotten egg smell and is present in trace amounts in the air from pollution and biological decay.

The reaction is: 4Ag(s) + 2H2S(g) + O2(g) — 2AgyS(s) + 2H20(1).

The product, silver sulfide (Ags2S), is a black solid that forms a thin layer on the surface of the
silver, causing the tarnished appearance.

Therefore, the tarnishing of silver is due to the formation of its sulfide layer.

Quick Tip

Remember the colors of common corrosion products: Rust on iron is hydrated iron(III)
oxide (red-brown), tarnish on silver is silver sulfide (black), and the patina on copper is
basic copper carbonate (green).
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95. Which of the following is not a co-polymer?
(A) Buna-S rubber

(B) Neoprene rubber

(C) Bakelite

(D) Urea - Formaldehyde

Correct Answer: (B) Neoprene rubber

Solution:
A homopolymer is a polymer formed from the polymerization of a single type of monomer.

A co-polymer is a polymer formed from two or more different types of monomers.
Let’s analyze the options:
(A) Buna-S rubber: It is a co-polymer of 1,3-butadiene and styrene.

(B) Neoprene rubber: It is a homopolymer formed by the polymerization of only one type of
monomer, which is chloroprene (2-chloro-1,3-butadiene).

(C) Bakelite: It is a co-polymer formed by the condensation polymerization of phenol and
formaldehyde.

(D) Urea-Formaldehyde resin: It is a co-polymer formed by the condensation polymerization
of urea and formaldehyde.

Therefore, Neoprene is not a co-polymer; it is a homopolymer.

Quick Tip

Many common synthetic polymers are co-polymers. It’s helpful to remember the
monomer units for key polymers like Nylon 6,6 (adipic acid + hexamethylenediamine),
Dacron (terephthalic acid + ethylene glycol), and Buna-S (butadiene + styrene).

96. The monomer involved in the formation of polystyrene is

(A) CHo=CH-CI
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(B) CHy=CH-CN
(C) CHy=CH-CgHj

(D) CHy=CH-CHg

Correct Answer: (C) CHy=CH-Cg¢Hj;

Solution:

Polystyrene is an addition polymer. Its name clearly indicates that it is formed by the poly-
merization of the monomer styrene.

The chemical name for styrene is vinylbenzene or phenylethene.

Its structure consists of a vinyl group (-CH=CHy) attached to a benzene ring (CgHs).

So, the structure of the styrene monomer is CHy=CH-CgHs.

Let’s identify the other options:

(A) CH2=CH-CI is vinyl chloride, the monomer for polyvinyl chloride (PVC).

(B) CH=CH-CN is acrylonitrile, the monomer for polyacrylonitrile (PAN, Orlon).

(D) CHo=CH-CHg is propene (or propylene), the monomer for polypropylene.

Quick Tip

The names of many addition polymers are formed by simply adding the prefix poly- to
the name of the monomer, for example, poly(ethene), poly(styrene), poly(propene), and
poly(vinyl chloride).

97. We can overcome the undesirable properties of natural rubber by heating nat-
ural rubber with

(A) Carbon
(B) Sulphur
(C) Phosphorus

(D) Silicon
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Correct Answer: (B) Sulphur

Solution:
Natural rubber is a polymer of isoprene. In its raw state, it is soft, sticky, and has low tensile
strength and elasticity, especially at high temperatures.

To improve these properties, natural rubber is heated with sulfur. This process is called vul-
canization.

During vulcanization, sulfur atoms form cross-links between the long polymer chains of the
rubber.

These cross-links make the rubber harder, more elastic, and more resistant to temperature
changes and chemical attack.

The extent of these properties can be controlled by varying the amount of sulfur used.

Quick Tip

Vulcanization is the process of creating cross-links in rubber using sulfur. This process
was discovered by Charles Goodyear and it transformed natural rubber into a durable
and commercially viable material.

98. Liquefied petroleum gas (LPG) mainly contains
(A) Methane, Ethane

(B) Ethane, Propane

(C) Butane, Isobutane

(D) Ethene, Ethyne

Correct Answer: (C) Butane, Isobutane

Solution:
Liquefied Petroleum Gas (LPG) is a flammable mixture of hydrocarbon gases used as fuel in
heating appliances, cooking equipment, and vehicles.

LPG is primarily composed of propane (CsHg), butane (C4Hjg), or a mixture of both.
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Isobutane is an isomer of butane, also with the formula C4H;g, and is a major component of
commercial butane.

Let’s analyze the options:
(A) Methane (CHy) is the main component of natural gas, not LPG.
(B) While propane is a component of LPG, the pair with ethane is not the best description.

(C) Butane and its isomer isobutane are the principal components of many commercial LPG
mixtures. This is the most accurate description among the choices.

(D) Ethene and ethyne are unsaturated hydrocarbons and not the main components of LPG.

Quick Tip

Remember the main components of common fuels: Natural Gas is primarily methane.

LPG is primarily propane and/or butane. Gasoline is a mixture of hydrocarbons from
C4 to C12.

99. Greenhouse effect is caused by

(A) NO2

(D) CO2

Correct Answer: (D) COq

Solution:

The greenhouse effect is a natural process that warms the Earth’s surface. Some of the sun’s
energy that reaches the Earth is radiated back towards space. Greenhouse gases in the at-
mosphere trap some of this outgoing infrared radiation, preventing it from escaping and thus
warming the planet.

The primary greenhouse gases in Earth’s atmosphere are:

1. Water vapor (H20) 2. Carbon dioxide (COg2) 3. Methane (CHy) 4. Nitrous oxide (NO) 5.
Ozone (O3)
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Among the given options, Carbon dioxide (COz) is the most significant long-lived greenhouse
gas whose concentration has been greatly increased by human activities, such as the burning
of fossil fuels.

NOg, CO, and NO are primarily considered air pollutants, although NoO (nitrous oxide) is a
potent greenhouse gas.

Quick Tip

While many gases are present in the atmosphere, only those that can absorb infrared
radiation contribute to the greenhouse effect. Diatomic molecules with identical atoms
like No and O9 are not greenhouse gases.

100. Which compound is mainly responsible for the depletion of ozone layer?
(A) COqg

(B) CHy

(C) CH30H

(D) CF5Cl,

Correct Answer: (D) CF3Cly

Solution:
The depletion of the stratospheric ozone layer is primarily caused by man-made chemicals
known as ozone-depleting substances (ODS).

The most well-known class of ODS are the chlorofluorocarbons (CFCs).

These compounds are very stable in the lower atmosphere, but when they reach the strato-
sphere, they are broken down by ultraviolet (UV) radiation, releasing chlorine atoms.

A single chlorine atom can act as a catalyst to destroy tens of thousands of ozone (O3) molecules
in a repeating cycle.

Let’s look at the options:
(A) CO2 is a greenhouse gas, but not a primary cause of ozone depletion.

(B) CHy is a greenhouse gas.
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(C) CH30H is methanol (an alcohol).

(D) CF2Cly (Dichlorodifluoromethane, also known as Freon-12) is a classic example of a chlo-
rofluorocarbon (CFC) and is a potent ozone-depleting substance.

Therefore, CF2Cly is the compound mainly responsible.

The key to ozone depletion is the presence of chlorine or bromine atoms in the strato-
sphere. Compounds like CFCs (containing chlorine) and halons (containing bromine) are
the major culprits.

101. Which of the following is a universal gate?
(A) AND

(B) OR

(C) NAND

(D) XOR

Correct Answer: (C) NAND

Solution:
A universal gate is a logic gate that can be used to implement any other type of logic gate.

The NAND and NOR gates are known as universal gates.

This is because all other basic logic functions (AND, OR, NOT) can be created using only
NAND gates (or only NOR gates).

For example, a NOT gate can be made by connecting the inputs of a NAND gate together. An
AND gate is a NAND gate followed by a NOT gate (which is another NAND gate).

Since NAND is listed as an option, it is the correct answer.
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Quick Tip

Remember that both NAND and NOR are universal gates. Any Boolean function, no
matter how complex, can be implemented using a combination of only NAND gates or
only NOR gates.

102. Which of the following is NOT a combinational circuit?
(A) Flip-Flop

(B) Decoder

(C) Multiplexer

(D) Adder

Correct Answer: (A) Flip-Flop

Solution:
Digital logic circuits are broadly classified into two types: combinational and sequential.

Combinational circuits are circuits whose output at any given time depends only on the present
input values. Examples include Adders, Decoders, Multiplexers, and Demultiplexers.

Sequential circuits are circuits whose output depends on the present input values as well as the
past sequence of inputs. They have memory elements to store past states.

A Flip-Flop is a fundamental memory element. Its output depends on its current state (stored
value) and the current inputs.

Therefore, a Flip-Flop is a sequential circuit, not a combinational circuit.

Quick Tip

The key difference is memory. If a circuit has memory (like a flip-flop, latch, or register),
it is sequential. If its output is purely a function of its current inputs, it is combinational.

103. A demultiplexer is a device that

(A) Encode multiple inputs into one output
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(B) Decode binary to decimal
(C) Store binary information

(D) Route a single input to multiple outputs

Correct Answer: (D) Route a single input to multiple outputs

Solution:
A demultiplexer, often abbreviated as DEMUX, is a combinational logic circuit.

Its primary function is to take a single input line and route it to one of several possible output
lines.

The specific output line to which the input is routed is determined by the value of a set of
select lines.

It is essentially a one-to-many switch.

Therefore, the correct description is that it routes a single input to multiple outputs.

Quick Tip

Think of a demultiplexer (DEMUX) as the opposite of a multiplexer (MUX). A MUX
selects one of many inputs to route to a single output (many-to-one), while a DEMUX
takes a single input and sends it to one of many outputs (one-to-many).

104. Convert the binary number 110011 into its decimal equivalent.

Correct Answer: (B) 51

Solution:
To convert a binary number to its decimal equivalent, we multiply each binary digit by its cor-
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responding power of 2 and sum the results. The powers of 2 start from 0 for the rightmost digit.
The binary number is 110011.

Let’s write out the positional values:

Ix224+1x28+0x23+0x22+1x2 41 x2Y

Calculate the values of the powers of 2:

Ix32+1x16+0x8+0x4+1x2+1x1

Sum the results:

32+164+0+0+2+1=51

Thus, the decimal equivalent of the binary number 110011 is 51.

Quick Tip

A quick way to remember powers of 2 for conversions is to start with 1 on the right and
keep doubling as you move left: ... 128, 64, 32, 16, 8, 4, 2, 1. Then, simply add up the
values where a '1” appears in the binary number.

105. The number of select lines required for an 8-to-1 multiplexer is?

Correct Answer: (B) 3

Solution:
A multiplexer (MUX) is a device that selects one of several input lines and forwards it to a
single output line.

The relationship between the number of input lines (m) and the number of select lines (s) is
given by the formula:
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m = 2% or equivalently, s = logy m.

In this case, we have an 8-to-1 multiplexer, so the number of input lines is m = 8.
We need to find the number of select lines, s.

Using the formula: 8 = 2°.

We know that 23 = 8.

Therefore, the number of select lines required is s = 3.

The number of select lines determines how many unique inputs can be addressed. With
's” select lines, you can create 2° unique binary combinations, each corresponding to one
input line.

106. A Sequential logic circuit that toggles its output state on each clock pulse is
(A) SR flip-flop

(B) D flip-flop

(C) JK flip-flop

(D) T flip-flop

Correct Answer: (D) T flip-flop

Solution:
The function described is toggling, which means the output switches to its opposite state (from
0 to 1, or from 1 to 0) on a clock pulse.

Let’s analyze the behavior of different flip-flops:

(A) SR flip-flop: Has Set (S) and Reset (R) inputs. It doesn’t have a dedicated toggle mode.
The input S=1, R=1 is usually forbidden.

(B) D flip-flop: The D (Data) flip-flop simply passes the input D to the output @ on the clock
pulse. It does not toggle.
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(C) JK flip-flop: This is a versatile flip-flop. When both inputs J and K are set to 1 (J=1,
K=1), the flip-flop enters toggle mode.

(D) T flip-flop: The T (Toggle) flip-flop is specifically designed for this purpose. When its sin-
gle input T is 1, the output toggles on each clock pulse. When T is 0, the output holds its state.

While a JK flip-flop can be used to toggle, the T flip-flop is the circuit whose specific name
and primary function is to toggle. A T flip-flop is essentially a JK flip-flop with J and K inputs
tied together. Given the options, the T flip-flop is the most direct and correct answer.

Quick Tip

Remember the characteristic behavior of the main flip-flop types: D for Data/Delay, T
for Toggle, SR for Set-Reset, and JK as a universal flip-flop that can mimic the others
and has its own toggle mode (J=K=1).

107. Convert the decimal number 108 into its octal equivalent.
(A) 124
(B) 134
(C) 144

(D) 154

Correct Answer: (D) 154

Solution:

To convert a decimal number to its octal (base-8) equivalent, we use the method of repeated
division by 8. We record the remainder at each step.

Step 1: Divide 108 by 8.

108 = 8 = 13 with a remainder of 4.

Step 2: Divide the quotient (13) by 8.

13 + 8 = 1 with a remainder of 5.

Step 3: Divide the new quotient (1) by 8.
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1 + 8 = 0 with a remainder of 1.

The process stops when the quotient becomes 0. The octal number is formed by reading the
remainders from the bottom up.

Reading from bottom to top, we get 1, 5, 4.

Therefore, the octal equivalent of decimal 108 is 154g.

The repeated division method works for converting decimal to any base. To convert to
binary, divide by 2. To convert to hexadecimal, divide by 16. Always remember to read
the remainders in reverse order (from bottom to top).

108. What is the simplified form of the Boolean expression (A 4+ B)(A 4+ C)?
A)A+B+C

(B) AB+ C

(C) AC + BC

(D) A + BC

Correct Answer: (D) A + BC

Solution:
We can simplify the given Boolean expression using the distributive law of Boolean algebra,
which states that X(Y +2) = XY + XZ and also (X +Y)( X +2) =X +YZ.

Method 1: Using the second distributive law directly.

Let X=AY=B,and Z =C.

The expression is (A + B)(A+ C).

According to the law (X +Y)(X + Z) = X + Y Z, the simplified form is A + BC.
Method 2: Expanding using the first distributive law.

(A+B)(A+C)=A(A+C)+B(A+C)
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=A-A+A-C+B-A+B-C

Using the idempotent law (A - A = A):
=A+ACH+ AB + BC

Factor out A from the first three terms:
= A(1+C + B) + BC

Using the identity law (1 + X = 1):

= A(1)+ BC

= A+ BC.

Both methods yield the same simplified form.

Quick Tip

Memorizing the second distributive law, (X +Y)(X + Z) = X +Y Z, is very useful as it
provides a direct shortcut for simplifying expressions of this common form.

109. What is the primary purpose of a Software Requirements Specification (SRS)
document?

(A) To define the coding standards
(B) To outline the software design
(C) To describe the functional and non-functional requirements

(D) To test the software

Correct Answer: (C) To describe the functional and non-functional requirements

Solution:
A Software Requirements Specification (SRS) is a comprehensive document created during the
requirements analysis phase of the software development life cycle.

Its primary purpose is to formally describe what the software will do and how it will be ex-
pected to perform.
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This includes:

1. Functional Requirements: What the system should do (e.g., The system shall allow users
to register for an account.). 2. Non-Functional Requirements: The qualities of the system,
such as performance, security, reliability, and usability (e.g., The system response time must be
less than 2 seconds.). 3. Constraints: Any limitations on the system or its development process.

The SRS serves as an agreement between the development team and the stakeholders (clients,
users) and forms the basis for design, implementation, and testing.

Quick Tip

Think of the SRS as the what document. It describes what the system must do, not how
it will be done. The how is detailed later in the design documents.

110. The second phase of a waterfall model is
(A) Requirement gathering

(B) Design

(C) Implementation

(D) Verification

Correct Answer: (B) Design

Solution:
The Waterfall Model is a sequential software development process in which progress flows
steadily downwards (like a waterfall) through a series of distinct phases.

The standard phases of the Waterfall Model, in order, are:

1. Requirement Gathering and Analysis: Understanding and documenting what is needed. 2.
System Design: Defining the architecture, components, modules, interfaces, and data for the
system. 3. Implementation (Coding): Writing the actual source code. 4. Testing (Verification):
Finding and fixing defects in the code. 5. Deployment: Releasing the software to the users. 6.

Maintenance: Making modifications to the software after its release.

Therefore, the second phase of the waterfall model is Design.
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Quick Tip

Remember the Waterfall Model as a strict, linear sequence. Each phase must be fully
completed before the next phase begins. There is no going back to a previous phase.

111. In which phase of SDLC is the feasibility study conducted?
(A) Planning

(B) Implementation

(C) Testing

(D) Maintenance

Correct Answer: (A) Planning

Solution:

The Software Development Life Cycle (SDLC) begins with an initial phase that involves un-
derstanding the problem and determining if a project is viable.

This initial phase is commonly called the Planning or Requirement Analysis phase.

A feasibility study is a key activity conducted during this phase.

Its purpose is to assess the project’s viability from different perspectives:

Technical Feasibility: Can the system be built with existing technology? Economic Feasibility:
Will the benefits of the system outweigh the costs? Operational Feasibility: Will the new sys-

tem work in the current organizational environment?

Based on the results of the feasibility study, a decision is made whether to proceed with the
project. Therefore, it is conducted in the Planning phase.

Quick Tip

Think of the feasibility study as the go/no-go decision point at the very beginning of a
project, which places it firmly within the initial Planning phase of the SDLC.

112. In Agile development, which methodology uses sprints?
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(A) Kanban
(B) Scrum
(C) Waterfall

(D) Spiral

Correct Answer: (B) Scrum

Solution:
Agile is an overarching philosophy for iterative and incremental software development. Several
methodologies or frameworks exist under the Agile umbrella.

(A) Kanban is an Agile method focused on visualizing workflow and limiting work in progress,
but it does not use fixed-time iterations like sprints. It’s a continuous flow model.

(B) Scrum is the most popular Agile framework. It is based on organizing work into short,
time-boxed iterations called sprints. Each sprint is typically 1-4 weeks long and results in a
potentially shippable increment of the product.

(C) Waterfall is a sequential, non-Agile model.

(D) Spiral is an iterative model focused on risk analysis, but it is not an Agile methodology
and does not use the term sprints.

Therefore, Scrum is the Agile methodology that uses sprints.

Quick Tip

The key concepts to associate with Scrum are: Sprints (time-boxed iterations), Prod-
uct Backlog (list of features), Sprint Backlog (work for a sprint), and specific roles like
Product Owner, Scrum Master, and Development Team.

113. Which testing level focuses on individual components or modules of the soft-
ware?

(A) Unit Testing
(B) System Testing

(C) Integration Testing
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(D) Validation Testing

Correct Answer: (A) Unit Testing

Solution:
Software testing is typically performed at different levels of granularity.

(A) Unit Testing: This is the lowest level of testing. It involves testing individual, isolated
components, modules, or units of code (like a single function or a class) to ensure they work
correctly on their own.

(C) Integration Testing: This level focuses on testing the interfaces and interactions between
different components that have already been unit tested. It checks if the modules work together

as expected.

(B) System Testing: This is a higher level of testing where the complete and integrated software
system is tested as a whole to verify that it meets the specified requirements.

(D) Validation Testing: This type of testing ensures that the final product meets the needs and
expectations of the customer. It answers the question, Are we building the right product?.

The level that focuses on individual components is Unit Testing.

Quick Tip

Remember the typical order of testing levels: Unit Testing -; Integration Testing -,
System Testing -; Acceptance Testing. The focus goes from small, individual parts to
the system as a whole.

114. Which of the following is an advantage of the Incremental Model?
(A) Complete product is delivered at once

(B) Allows early detection of errors

(C) Does not support customer feedback

(D) Requires no planning

Correct Answer: (B) Allows early detection of errors
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Solution:

The Incremental Model is a software development process where requirements are broken down
into multiple standalone modules of the software development cycle. Each module goes through
the requirements, design, implementation, and testing phases.

Let’s analyze the options:

(A) Complete product is delivered at once: This is a characteristic of the Waterfall model, not
the Incremental model. The Incremental model delivers the product piece-by-piece.

(B) Allows early detection of errors: Since a working version of the software with some core
features (an increment) is produced early in the development cycle, it can be tested early. This
allows for the early detection and correction of errors in the core functionality. This is a key
advantage.

(C) Does not support customer feedback: This is incorrect. A major advantage of the Incre-
mental model is that customers can see and provide feedback on early increments, which can
be incorporated into later ones.

(D) Requires no planning: This is incorrect. The Incremental model requires careful planning
to break down the requirements into meaningful increments and to manage the integration of
these increments.

Quick Tip

The core idea of both Incremental and Iterative models is to get a working piece of
software in front of users or testers much earlier than with the Waterfall model. This
early delivery and testing is a major advantage.

115. Which of the following best describes debugging?
(A) The process of writing code

(B) Running a program without any issues

(C) Adding new features to a program

(D) Identifying and fixing errors in a program

Correct Answer: (D) Identifying and fixing errors in a program

Solution:
Let’s define the terms related to software development:
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(A) The process of writing code is called coding or implementation.

(B) Running a program is called execution. Testing is the process of running a program to find
issues.

(C) Adding new features is part of development or maintenance.
(D) Debugging is the specific, methodical process of finding the root cause of an identified error
(a bug) in the software and then correcting it. It is a reactive process that follows the discovery

of a bug during testing or use.

Therefore, the best description of debugging is identifying and fixing errors.

Quick Tip

A common point of confusion is between testing and debugging. Testing is the process
of finding bugs. Debugging is the process of fixing the bugs that were found.

116. Which type of requirement deals with performance, reliability, and security?
(A) Functional Requirements

(B) System Requirements

(C) Non-Functional Requirements

(D) Business requirements

Correct Answer: (C) Non-Functional Requirements

Solution:
Software requirements are categorized into two main types:

1. Functional Requirements: These describe what the system should do. They define specific
behaviors or functions of the system, such as The system must allow a user to log in or The
system must generate a monthly report.

2. Non-Functional Requirements (NFRs): These describe how the system should perform its
functions. They are constraints on the system’s behavior and are often called quality attributes.
Performance (how fast), reliability (how often it fails), and security (how well it protects against
threats) are all classic examples of NFRs.
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Therefore, requirements dealing with performance, reliability, and security are Non-Functional
Requirements.

Quick Tip

A simple way to distinguish is: Functional requirements are about verbs (actions the
system takes), while Non-Functional requirements are about adverbs or adjectives (how
well the system performs those actions).

117. Which register holds the address of the next instruction to be executed?
(A) Instruction Register (IR)

(B) Memory Address Register (MAR)

(C) Program Counter (PC)

(D) Stack Pointer (SP)

Correct Answer: (C) Program Counter (PC)

Solution:
Let’s define the purpose of each register listed:

(A) Instruction Register (IR): Holds the actual instruction that is currently being executed by
the CPU.

(B) Memory Address Register (MAR): Holds the memory address of the data or instruction
that is to be fetched from or written to memory.

(C) Program Counter (PC): Holds the memory address of the next instruction that is to be
fetched and executed. After an instruction is fetched, the PC is automatically incremented to
point to the next instruction in sequence.

(D) Stack Pointer (SP): Holds the address of the top of the stack in memory.

Therefore, the Program Counter (PC) is the register that holds the address of the next instruc-
tion to be executed.
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Quick Tip

Think of the Program Counter (PC) as the CPU’s bookmark. It always points to where
the CPU needs to read from next in the program’s instruction sequence.

118. Which memory holds frequently accessed data for fast retrieval?
(A) Cache
(B) ROM
(C) RAM

(D) Hard Drive

Correct Answer: (A) Cache

Solution:
The memory hierarchy in a computer system is designed to balance speed, cost, and capacity.

(D) Hard Drive: Slow, large, and non-volatile storage. Used for long-term storage of programs
and data.

(C) RAM (Random Access Memory): Faster than the hard drive, but volatile. Holds the data
and programs currently in use by the CPU.

(A) Cache: A very small, extremely fast, and expensive type of volatile memory. It is located
closer to the CPU than RAM. Its purpose is to store copies of frequently accessed data and
instructions from RAM. When the CPU needs data, it checks the cache first. If the data is
there (a cache hit), it can be retrieved much faster than from RAM.

(B) ROM (Read-Only Memory): Non-volatile memory that holds firmware and boot instruc-
tions. It is not used for storing frequently accessed operational data.

Therefore, Cache is the memory that holds frequently accessed data for fast retrieval.

Quick Tip

The memory hierarchy works on the principle of locality: programs tend to access data
and instructions near those they have recently accessed. Cache memory exploits this by
keeping recent data close to the CPU for faster access.
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119. The 8086 microprocessor has how many address lines?

(D) 32

Correct Answer: (B) 20

Solution:
The Intel 8086 is a 16-bit microprocessor, which means its internal registers and data bus are
16 bits wide.

However, to allow it to access a larger memory space, it was designed with a 20-bit address bus.

The number of unique memory locations a microprocessor can access is determined by the
number of its address lines, 'n’. The total addressable memory is 2".

With 20 address lines, the 8086 can address 22° memory locations.
220 = (210)2 = (1024)? =~ (10%)% = 105, which is 1 Megabyte (MB).

Therefore, the 8086 microprocessor has 20 address lines.

Quick Tip

Don’t confuse the data bus width with the address bus width. The 8086 is a 16-bit
processor (16-bit data bus) but has a 20-bit address bus. The 8088, used in the original
IBM PC, was similar but had an 8-bit external data bus.

120. The primary purpose of an interrupt in a microprocessor is to
(A) Execute instructions faster

(B) Control memory access

(C) Organize Registers

(D) Handle I/O operations efficiently

118



Correct Answer: (D) Handle I/O operations efficiently

Solution:
An interrupt is a signal sent to the microprocessor from a hardware device or a software pro-
gram, indicating that an event needs immediate attention.

Without interrupts, the microprocessor would have to use a method called polling, where it
constantly checks the status of each I/O device to see if it needs service. This is very inefficient
as it wastes a lot of CPU time.

With interrupts, the microprocessor can continue executing its main program. When an I/0 de-
vice (like a keyboard or a disk drive) is ready to send or receive data, it sends an interrupt signal.

The microprocessor then temporarily suspends its current task, saves its state, and executes a
special routine called an Interrupt Service Routine (ISR) to handle the I/O operation. After
handling the interrupt, it resumes its original task.

This mechanism allows the CPU to manage I/O operations without wasting time waiting, thus
handling them much more efficiently.

Quick Tip

Think of an interrupt as a doorbell. The CPU doesn’t have to keep checking the door
(polling). It can do other work until the doorbell rings (interrupt occurs), signaling that
someone (an I/O device) needs attention.

121. Which of the following is a volatile memory?
(A) RAM

(B) ROM

(C) Hard Disk

(D) Flash Drive

Correct Answer: (A) RAM

Solution:
Memory is classified as volatile or non-volatile.
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Volatile memory requires power to maintain the stored information. If the power is turned off,
all data stored in it is lost.

Non-volatile memory retains the stored information even when not powered.
Let’s analyze the options:

(A) RAM (Random Access Memory): This is the main working memory of a computer. It is
volatile. When you turn off your computer, the contents of RAM are erased.

(B) ROM (Read-Only Memory): This memory is used to store firmware and bootup instruc-
tions. It is non-volatile.

(C) Hard Disk: This is a magnetic storage device used for long-term storage. It is non-volatile.
(D) Flash Drive: This is a solid-state storage device. It is non-volatile.

Therefore, RAM is the volatile memory among the given options.

Quick Tip

A simple way to remember is that volatile means it vanishes. The data in RAM vanishes
when the power is gone. Data on your hard drive or flash drive stays put.

122. The size of the general-purpose registers in the 8086 microprocessor is
(A) 8 bits

(B) 16 bits

(C) 32 bits

(D) 64 bits

Correct Answer: (B) 16 bits

Solution:
The Intel 8086 is a 16-bit microprocessor. This 16-bit designation primarily refers to the size
of its internal architecture components.

Key features of the 8086 architecture include:
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A 16-bit data bus. 16-bit general-purpose registers (AX, BX, CX, DX). 16-bit index and pointer
registers (SI, DI, SP, BP). 16-bit segment registers (CS, DS, SS, ES).

While the 8-bit registers (AH, AL, BH, BL, etc.) exist as the high and low bytes of the 16-bit

general-purpose registers, the primary register size is 16 bits.

Therefore, the size of the general-purpose registers in the 8086 microprocessor is 16 bits.

Quick Tip

The bitness of a processor (e.g., 8-bit, 16-bit, 32-bit, 64-bit) generally refers to the width of
its general-purpose registers and the amount of data it can process in a single instruction.

123. Which component of the CPU coordinates all activities inside it?
(A) ALU

(B) Control Unit

(C) Register File

(D) Cache

Correct Answer: (B) Control Unit

Solution:
The Central Processing Unit (CPU) has several main components, each with a specific function.

(A) ALU (Arithmetic Logic Unit): Performs all arithmetic operations (like addition, subtrac-
tion) and logical operations (like AND, OR, NOT).

(B) Control Unit (CU): This is the director of the CPU. It fetches instructions from memory,
decodes them, and generates control signals to coordinate the activities of all other components

of the CPU (like the ALU and registers) and other parts of the computer system.

(C) Register File: A set of high-speed storage locations within the CPU used to hold data and
instructions temporarily.

(D) Cache: A small, fast memory that stores frequently used data to speed up access.

The component responsible for coordination and control is the Control Unit.
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Quick Tip

Think of the CPU as a factory. The ALU is the workshop where the work gets done,
the registers are the workbenches holding tools and parts, and the Control Unit is the
factory manager, telling everyone what to do and when.

124. What is the result of the binary addition: 1101 + 10107
(A) 10111
(B) 10011
(C) 11110

(D) 11000

Correct Answer: (A) 10111

Solution:
We perform binary addition column by column from right to left, following these rules:

0+0=0041=114+0=114+1=0,carryl11+14+1=1, carry 1

Let’s add the numbers:

110(carry)
1101
+1010

Column 1 (rightmost): 1+0 = 1.

Column 2: 0+ 1= 1.

Column 3: 14+0 = 1.

Column 4: 1+ 1 =0, carry over 1.
Column 5: The carry-over 1 comes down.

The result is:

1100(carry)
110 1
+ 101 O
1011 1
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So, the result is 10111.
Alternatively, convert to decimal: 11012 = 131, 10102 = 1019. 13 + 10 = 23.

Convert result to decimal: 101115 =16 + 0+ 4 + 2 + 1 = 2319. This confirms the answer.

Quick Tip

When performing binary addition, a good way to check your work is to convert the
operands and the result to their decimal equivalents and see if the addition holds true.

125. The Carry Flag (CF) is set when

(A) The result is negative

(B) An arithmetic operation results in a zero value
(C) A division operation produces a remainder

(D) An arithmetic operation results in a carry out of the most significant bit

Correct Answer: (D) An arithmetic operation results in a carry out of the most significant bit

Solution:

The Carry Flag (CF) is a single-bit flag in the processor’s status register. Its primary purpose
is to indicate overflow or underflow conditions for unsigned arithmetic.

Let’s analyze the options:

(A) The Sign Flag (SF) is set when the result is negative.

(B) The Zero Flag (ZF) is set when an arithmetic operation results in a zero value.

(C) A division operation producing a remainder does not set the carry flag in this way. Flags
are affected differently by division.

(D) During an addition operation, the Carry Flag is set to 1 if the addition of the Most Sig-
nificant Bits (MSBs) produces a carry-out. For example, adding two 8-bit numbers that result
in a 9-bit number. During a subtraction, it is set if a borrow is required from the MSB. This
statement accurately describes the main function of the Carry Flag.
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Quick Tip

Remember the main status flags and their purposes: ZF (Zero Flag for zero result), SF
(Sign Flag for negative result), CF (Carry Flag for unsigned overflow), and OF (Overflow
Flag for signed overflow).

126. In two’s complement representation, which statement is true?
(A) The MSB (Most Significant Bit) is always 0

(B) The MSB determines the sign of the number

(C) Addition does not require special handling

(D) Two’s complement is not used in modern computers

Correct Answer: (B) The MSB determines the sign of the number

Solution:
Two’s complement is the standard method used by most computers to represent signed integers.

Let’s analyze the statements:

(A) The MSB (Most Significant Bit) is always 0: This is incorrect. The MSB is 0 for positive
numbers and 1 for negative numbers.

(B) The MSB determines the sign of the number: This is true. The MSB acts as the sign bit.
If the MSB is 0, the number is positive or zero. If the MSB is 1, the number is negative.

(C) Addition does not require special handling: While two’s complement arithmetic simplifies
addition and subtraction into a single addition operation, overflow conditions must still be
handled. So, this statement is not entirely true in all contexts. Compared to (B), (B) is a
more fundamental and universally true statement about the representation itself. The primary
reason for the discrepancy with the provided key (B) is likely due to the ambiguity of special
handling. The key advantage is that the same hardware can perform addition on both signed
and unsigned numbers, which is a form of 'not requiring special handling’. However, the an-
swer key provided in the PDF is (B). A possible reason the key points to (B) is that the core
algorithm for addition (binary addition) works for both positive and negative numbers without
change, which is a key advantage. Let’s re-evaluate. The question may have a flaw. If we
must choose, the fact that the MSB determines the sign is the most definitive true statement
about the representation. The statement about addition is a property of its use, and could be
debated. The provided answer key is B, and it is a correct statement.
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(D) Two’s complement is not used in modern computers: This is false. It is the most widely
used system for signed integer arithmetic in modern computers.

Reconsidering the PDF key: The provided key is (B). The statement The MSB determines the
sign of the number is a fundamental and correct property of two’s complement representation.
The statement Addition does not require special handling is also a major benefit but can be
seen as less precise. Given the options, (B) is an unequivocally true statement.

Quick Tip

To find the two’s complement of a binary number, you can use the invert and add one
method. Flip all the bits (0s become 1s and 1s become 0s), and then add 1 to the result.

127. Which of the following is NOT a type of addressing mode in microprocessors?
(A) Immediate

(B) Direct

(C) Indirect

(D) Sequential

Correct Answer: (D) Sequential

Solution:
Addressing modes are the different ways a microprocessor can specify the operand for an in-
struction. Common addressing modes include:

(A) Immediate Addressing: The operand itself is included as part of the instruction. (e.g.,MOV
AX, 1234H")

(B) Direct Addressing: The instruction contains the memory address where the operand is
located. (e.g.,MOV AX, [1234H])

(C) Indirect Addressing: The instruction specifies a register or memory location that contains
the address of the operand. (e.g.,MOV AX, [BX]')

Other common modes include Register, Indexed, and Relative addressing.

(D) Sequential: This term typically describes the flow of program execution (instructions are
executed one after another unless a jump occurs) or a type of file access. It is not a standard
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addressing mode for specifying operands in a microprocessor instruction.

Quick Tip

Think of addressing modes as different ways of telling the CPU where to find the data.
Immediate: The data is right here. Direct: The data is at this specific address. Indirect:
Go to this register to find the address of the data.

128. Which of the following is a type of ROM that can be programmed only once?
(A) PROM

(B) EPROM

(C) EEPROM

(D) Flash Memory

Correct Answer: (A) PROM

Solution:
Let’s define the different types of Read-Only Memory (ROM) listed:

(A) PROM (Programmable Read-Only Memory): This type of memory can be written to (pro-
grammed) exactly once by the user with a special device called a PROM programmer. After it
is programmed, the data cannot be changed.

(B) EPROM (Erasable Programmable Read-Only Memory): This memory can be erased by
exposing it to strong ultraviolet (UV) light and then reprogrammed.

(C) EEPROM (Electrically Erasable Programmable Read-Only Memory): This memory can
be erased and reprogrammed electrically, without being removed from the circuit.

(D) Flash Memory: A specific type of EEPROM that is erased and written in blocks, making
it faster. It’s widely used in USB drives and SSDs.

The type of ROM that can be programmed only once is PROM.

126



Quick Tip

Remember the evolution of programmable memory: PROM (write once), EPROM (erase
with UV light), EEPROM (erase with electricity), and Flash (a faster type of EEPROM).

129. Which data structure uses the FIFO (First In, First Out) principle?
(A) Stack

(B) Queue

(C) Linked List

(D) Tree

Correct Answer: (B) Queue

Solution:
Let’s analyze the access principles of the given data structures:

(A) Stack: A stack operates on the LIFO (Last In, First Out) principle. The last element
added to the stack is the first one to be removed. Think of a stack of plates.

(B) Queue: A queue operates on the FIFO (First In, First Out) principle. The first element
added to the queue is the first one to be removed. Think of a line of people waiting for a bus.

(C) Linked List: A linear data structure where access depends on the type of list. You can
insert or delete from the beginning, end, or middle, so it doesn’t inherently follow a single

principle like FIFO or LIFO.

(D) Tree: A non-linear, hierarchical data structure. Traversal can be done in various orders
(pre-order, in-order, post-order), none of which are strictly FIFO or LIFO.

The data structure that uses the FIFO principle is the Queue.

Quick Tip

A great way to remember the difference: Stack is like a stack of plates (you take the top
one off first - Last In, First Out). Queue is like a queue of people (the first person in line
gets served first - First In, First Out).
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130. What is the time complexity of Binary Search on a sorted array?

Correct Answer: (C) O(log n)

Solution:
Binary search is an efficient algorithm for finding an item from a sorted list of items.

It works by repeatedly dividing the search interval in half.

If the value of the search key is less than the item in the middle of the interval, the search is
narrowed to the lower half. Otherwise, it is narrowed to the upper half.

This process continues until the value is found or the interval is empty.
At each step, the size of the problem (the search interval) is halved.

If the original array has 'n’ elements, after one comparison, the problem size is n/2. After two
comparisons, it is n/4, and so on. After 'k’ comparisons, the size is n/ 2k,

The search stops when the size becomes 1. So, we set n/2% = 1, which gives n = 2%,
Solving for k (the number of steps), we get k = logy n.

Therefore, the time complexity of binary search is logarithmic, expressed as O(log n).

Quick Tip

Any algorithm that works by repeatedly halving the size of the problem (like binary
search, or operations on a balanced binary search tree) will typically have a logarithmic
time complexity, O(log n).

131. Which operation in a queue removes an element?

(A) Push
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(B) Pop
(C) Enqueue

(D) Dequeue

Correct Answer: (D) Dequeue

Solution:
Let’s define the standard operations for stacks and queues:

Stack Operations:

Push: Adds an element to the top of the stack. Pop: Removes an element from the top of the
stack.

Queue Operations:

Enqueue: Adds an element to the rear (end) of the queue. Dequeue: Removes an element from
the front (start) of the queue.

The question asks for the operation that removes an element from a queue.

Based on the standard terminology, this operation is called Dequeue.

To remember queue operations, think of a real-life queue (line). New people enqueue at
the back, and people at the front are served and dequeue from the line.

132. Which one of the following is NOT a linear data structure?
(A) Array
(B) Stack
(C) Queue

(D) Tree

Correct Answer: (D) Tree
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Solution:
Data structures can be classified as linear or non-linear.

Linear Data Structures: Elements are arranged in a sequential or linear order. Each element
has at most one predecessor and one successor.

(A) Array: Elements are stored in contiguous memory locations, forming a sequence. It is a
linear structure. (B) Stack: A list of elements where insertion and deletion occur at one end.
Logically, it’s a linear sequence. (C) Queue: A list of elements where insertion occurs at one
end and deletion at the other. Logically, it’s a linear sequence.

Non-Linear Data Structures: Elements are not arranged sequentially. An element can be con-
nected to multiple other elements.

(D) Tree: A hierarchical structure where elements (nodes) are connected in a parent-child rela-
tionship. A node can have multiple children, so the structure is non-linear. Graphs are another

example of non-linear structures.

Therefore, a Tree is not a linear data structure.

Quick Tip

The easiest way to identify a linear data structure is to see if you can naturally arrange
its elements in a single line or sequence. Arrays, linked lists, stacks, and queues fit this
description. Trees and graphs do not.

133. In Selection Sort, which element is selected at each step while sorting the
elements in ascending order?

(A) The largest element
(B) The Smallest element
(C) The Middle element

(D) Any Random element

Correct Answer: (B) The Smallest element

Solution:
Selection Sort is an in-place comparison sorting algorithm.
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The algorithm works by dividing the input list into two parts: a sorted sublist which is built
up from left to right at the front of the list, and a sublist of the remaining unsorted items.

To sort in ascending order, the algorithm proceeds as follows in each pass:

1. Find the minimum (smallest) element in the unsorted sublist. 2. Swap this minimum ele-
ment with the first element of the unsorted sublist. 3. Move the boundary of the sorted sublist
one element to the right.

This process is repeated until the entire list is sorted.

Therefore, at each step, the smallest element from the unsorted portion is selected and placed
in its correct position.

Remember the core actions of basic sorting algorithms: Selection Sort selects the min-
imum. Bubble Sort bubbles the largest element to the end. Insertion Sort inserts an
element into its correct place in the sorted part.

134. What type of data structure is used in recursion?
(A) Stack

(B) Queue

(C) Tree

(D) Linked List

Correct Answer: (A) Stack

Solution:
Recursion is a programming technique where a function calls itself.

To manage these nested function calls, the system uses a call stack.
When a function is called, an activation record (or stack frame) is created and pushed onto the

call stack. This record contains information about the function call, such as its parameters, lo-
cal variables, and the return address (where execution should resume after the function finishes).
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In a recursive function, each time the function calls itself, a new activation record is pushed
onto the stack.

When a recursive call returns, its activation record is popped off the stack, and execution re-
sumes at the point specified by the return address in the new top-of-stack record.

This LIFO (Last In, First Out) behavior is perfectly managed by a stack data structure. There-
fore, a stack is the underlying data structure used to implement recursion.

If a recursive algorithm runs too deep (too many nested calls), it can lead to a stack over-
flow error. This happens when the call stack runs out of memory to store the activation
records.

135. Which sorting algorithm is based on the divide-and-conquer principle?
(A) Bubble Sort

(B) Selection Sort

(C) Merge Sort

(D) Insertion Sort

Correct Answer: (C) Merge Sort

Solution:
The divide-and-conquer principle is an algorithmic paradigm that involves three steps:

1. Divide: Break the problem into smaller subproblems of the same type. 2. Conquer: Solve
the subproblems recursively. If the subproblems are small enough, solve them directly. 3. Com-
bine: Combine the solutions of the subproblems to create a solution to the original problem.

Let’s analyze the sorting algorithms:

(A) Bubble Sort, (B) Selection Sort, and (D) Insertion Sort are all iterative algorithms that do
not follow the divide-and-conquer approach. They work by comparing and swapping adjacent
elements or by finding the minimum /inserting an element in a sorted part of the array.

(C) Merge Sort: This algorithm is a classic example of divide-and-conquer. Divide: It divides
the unsorted list into n sublists, each containing one element (which is considered sorted). Con-

quer: It repeatedly merges sublists to produce new sorted sublists. Combine: This merging
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step continues until there is only one sorted list remaining.

Quick Sort is another well-known sorting algorithm based on the divide-and-conquer principle.

Quick Tip

The two most famous divide-and-conquer sorting algorithms are Merge Sort and Quick
Sort. Both have an average time complexity of O(n log n).

136. Which one is not a dynamic data structure?
(A) Array
(B) Stack
(C) Queue

(D) Linked List

Correct Answer: (A) Array

Solution:
Data structures can be classified as static or dynamic based on their memory allocation.

Static Data Structures: The size of the structure is fixed at compile time and cannot be changed
during program execution. Memory is allocated from the stack. A standard Array in languages

like C/C++ is a prime example. Its size must be declared beforehand.

Dynamic Data Structures: The size of the structure can grow or shrink during program execu-
tion as needed. Memory is typically allocated from the heap.

Let’s analyze the options:

(A) Array: A traditional, fixed-size array is a static data structure. Its memory size is deter-
mined when it is created and cannot be changed.

(D) Linked List: A classic dynamic data structure. Nodes can be added or removed at runtime,
allowing it to grow and shrink.

(B) Stack and (C) Queue: These are abstract data types. They can be implemented using ei-

ther static arrays or dynamic structures like linked lists. However, they are generally considered
dynamic because their primary use case involves changing size. In the context of this question,
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which contrasts them with a standard array, they are best categorized with dynamic structures.

Therefore, the array is the structure that is not inherently dynamic.

Quick Tip

The key difference between static and dynamic data structures is memory management.
Static structures (like arrays) have a fixed size allocated at compile time, while dynamic
structures (like linked lists) can change size at runtime by allocating memory from the
heap.

137. What is the time complexity of deleting an element from the beginning of a
linked list?

(D) O(n log n)

Correct Answer: (A) O(1)

Solution:
In a singly linked list, a pointer (usually calledhead* orstart‘) points to the first node of the list.

To delete the first element, the following steps are performed:

1. Check if the list is empty. If it is, there is nothing to delete. 2. Create a temporary pointer
to the current head node. 3. Update thehead® pointer to point to the second node in the
list (which ishead-;next‘). 4. Free the memory occupied by the original first node (using the

temporary pointer).

Each of these steps (checking, pointer assignment, memory deallocation) takes a constant
amount of time, regardless of the total number of elements ('n’) in the linked list.

Therefore, the time complexity of deleting an element from the beginning of a linked list is
constant time, or O(1).
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Quick Tip

Linked lists excel at insertions and deletions at the beginning (O(1)). Arrays, on the
other hand, are slow for these operations (O(n)) because all other elements need to be
shifted. However, arrays provide fast random access (O(1)), while linked lists require
traversal (O(n)).

138. Which of the following sorting algorithms is the most efficient in the average
case?

(A) Bubble Sort
(B) Selection Sort
(C) Quick Sort

(D) Insertion Sort

Correct Answer: (C) Quick Sort

Solution:
Let’s compare the average-case time complexities of the given sorting algorithms:

(A) Bubble Sort: Has an average-case time complexity of O(n?). It is generally inefficient for
large datasets.

(B) Selection Sort: Has an average-case time complexity of O(n?). Its performance does not
change significantly based on the initial order of the data.

(D) Insertion Sort: Has an average-case time complexity of O(n?). However, it is very efficient
for small or nearly sorted datasets, with a best-case complexity of O(n).

(C) Quick Sort: Has an average-case time complexity of O(n log n). This is significantly more
efficient than O(n?) for large datasets. Although it has a worst-case complexity of O(n?), this

is rare in practice with good pivot selection strategies.

Comparing the complexities, O(n log n) is much more efficient than O(n?). Therefore, Quick
Sort is the most efficient in the average case among the options provided.
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Quick Tip

When comparing algorithm efficiency, remember the hierarchy of common complexities
(from best to worst): O(1) ; O(log n) ¢ O(n) { O(n log n) ; O(n?) ; O(2"). Algorithms
with O(n log n) complexity are generally considered very efficient for sorting.

139. Which OSI layer is responsible for end-to-end communication?
(A) Transport

(B) Network

(C) Data Link

(D) Physical

Correct Answer: (A) Transport

Solution:
Let’s review the responsibilities of the lower layers of the OSI model:

(D) Physical Layer (Layer 1): Deals with the physical transmission of raw bits over a medium.

(C) Data Link Layer (Layer 2): Responsible for node-to-node (or hop-to-hop) delivery of data
frames between two directly connected devices. It handles framing and physical addressing
(MAC addresses).

(B) Network Layer (Layer 3): Responsible for host-to-host delivery of packets across different
networks. It handles logical addressing (IP addresses) and routing.

(A) Transport Layer (Layer 4): This is the first true end-to-end layer. It is responsible for
process-to-process communication between the source and destination hosts. It provides ser-
vices like segmentation, flow control, error control, and connection management (e.g., TCP and
UDP). It ensures that data from an application on one machine gets to the correct application
on the destination machine, providing a complete end-to-end communication channel.

Therefore, the Transport Layer is responsible for end-to-end communication.
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Quick Tip

A good way to remember the distinction: The Network layer gets the packet from the
source computer to the destination computer. The Transport layer gets the packet from
the correct application (e.g., your web browser) on the source computer to the correct
application (e.g., the web server) on the destination computer.

140. What is the default subnet mask for a Class B IP address?
(A) 255.0.0.0

(B) 255.255.0.0

(C) 255.255.255.0

(D) 255.255.255.255

Correct Answer: (B) 255.255.0.0

Solution:

In the classful IP addressing scheme, IP addresses are divided into classes (A, B, C, D, E). Each
class has a default subnet mask that defines which part of the address is the network portion
and which part is the host portion.

Class A: The first octet is the network portion, and the remaining three are for hosts. The
default subnet mask is 255.0.0.0. (Binary: 11111111.00000000.00000000.00000000)

Class B: The first two octets are the network portion, and the remaining two are for hosts. The
default subnet mask is 255.255.0.0. (Binary: 11111111.11111111.00000000.00000000)

Class C: The first three octets are the network portion, and the last one is for hosts. The
default subnet mask is 255.255.255.0. (Binary: 11111111.11111111.11111111.00000000)

The question asks for the default subnet mask for a Class B address, which is 255.255.0.0.

An easy way to remember default subnet masks: Class A has one '255’, Class B has two
’255’s, and Class C has three 255’s.

141. What is the main function of a router?
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(A) Signal Amplification
(B) Collision Avoidance
(C) Frame Filtering

(D) Packet Switching

Correct Answer: (D) Packet Switching

Solution:
A router is a networking device that operates at the Network Layer (Layer 3) of the OSI model.
Its primary function is to connect different networks and forward data packets between them.

Let’s analyze the options:

(A) Signal Amplification: This is the function of a repeater or a hub, which operate at the
Physical Layer (Layer 1).

(B) Collision Avoidance: This is managed by protocols like CSMA/CA at the Data Link Layer
(Layer 2), especially in wireless networks. Switches help reduce collisions by creating separate
collision domains.

(C) Frame Filtering: This is a function of a switch or a bridge, which operate at the Data Link
Layer (Layer 2). They forward frames based on MAC addresses.

(D) Packet Switching: This is the core function of a router. It receives an IP packet, examines
its destination IP address, consults its routing table to determine the best path to the desti-
nation network, and then forwards (switches) the packet to the appropriate next-hop router or
destination host.

Therefore, the main function of a router is packet switching.

Remember the primary device for each of the lower OSI layers: Layer 1 (Physical) -;
Hub/Repeater. Layer 2 (Data Link) -; Switch/Bridge. Layer 3 (Network) -; Router.

142. The primary purpose of an IP address is to

(A) Identify devices on a network
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(B) Authenticate users
(C) Encrypt Data

(D) Manage network protocols

Correct Answer: (A) Identify devices on a network

Solution:
An IP (Internet Protocol) address is a numerical label assigned to each device (e.g., computer,
printer) participating in a computer network that uses the Internet Protocol for communication.

Its primary purpose is twofold:
1. Host or Network Interface Identification: It provides a unique identifier for a specific device
or interface on the network. 2. Location Addressing: It specifies the location of the device in

the network, thereby establishing a path for data to reach it.

Essentially, an IP address is like a street address for a device on the internet or a local network,
allowing it to be located and identified for communication.

The other options are incorrect: user authentication, data encryption, and protocol manage-
ment are functions handled by higher-layer protocols and services, not by the IP address itself.

Quick Tip

Think of the two main addresses in networking: The MAC address is like a device’s
unique serial number (identifies who it is), while the IP address is like its current mailing
address (identifies where it is).

143. Which protocol operates at the Transport Layer of the OSI model?
(A) IP

(B) TCP

(C) ARP

(D) ICMP

Correct Answer: (B) TCP
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Solution:
Let’s identify the OSI layer at which each protocol operates:

(A) IP (Internet Protocol): This is the main protocol of the Network Layer (Layer 3). It is
responsible for logical addressing and routing of packets.

(B) TCP (Transmission Control Protocol): This is a core protocol of the Transport Layer
(Layer 4). It provides reliable, connection-oriented, end-to-end communication services for ap-
plications. UDP (User Datagram Protocol) is the other major Transport Layer protocol.

(C) ARP (Address Resolution Protocol): This protocol operates at the interface between the

Data Link Layer (Layer 2) and the Network Layer (Layer 3). Its function is to map a Network
Layer address (IP address) to a Data Link Layer address (MAC address).

(D) ICMP (Internet Control Message Protocol): This protocol is used by network devices to
send error messages and operational information. It is considered part of the Network Layer

(Layer 3).

Therefore, TCP is the protocol that operates at the Transport Layer.

Quick Tip

Memorize the two main Transport Layer protocols: TCP (reliable, connection-oriented,
like a phone call) and UDP (unreliable, connectionless, like sending a postcard). Also,
know that IP is the main Network Layer protocol.

144. Which statement best describes a Metropolitan Area Network (MAN)?
(A) A network that covers a small geographic area, such as a single building

(B) A network that spans a large geographical area, such as a country

(C) A network that connects multiple LANs within a city

(D) A wireless network providing access to mobile users

Correct Answer: (C) A network that connects multiple LANs within a city

Solution:
Computer networks are often classified by their geographical scope.
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(A) A network that covers a small area like a building or a campus is a Local Area Network
(LAN).

(B) A network that spans a large geographical area like a country or a continent is a Wide Area
Network (WAN).

(C) A Metropolitan Area Network (MAN) is a network that is larger than a LAN but smaller
than a WAN. It typically spans a city or a large town and is used to interconnect multiple
LANs. For example, a cable TV network or a network connecting all the branches of a bank
within a city.

(D) A wireless network for mobile users could be a WLAN (Wireless LAN) or a cellular net-
work, but this description doesn’t define a MAN.

Therefore, the best description for a MAN is a network connecting multiple LANs within a city.

Remember the hierarchy of network sizes: LAN (Local, e.g., office) | MAN (Metropolitan,
e.g., city) | WAN (Wide, e.g., country).

145. Which network model is based on direct connections between computers with-
out a central server?

(A) Client-Server Model
(B) Peer-to-Peer Model
(C) Hybrid Network Model

(D) Cloud Computing Model

Correct Answer: (B) Peer-to-Peer Model

Solution:
Let’s analyze the network models:

(A) Client-Server Model: In this model, dedicated computers called servers provide services
(like file storage, web pages, or email), and other computers called clients request and use these

services. It is a centralized model.

(B) Peer-to-Peer (P2P) Model: In this model, there is no central server. Each computer (or
peer) on the network has equal capabilities and can act as both a client and a server. They
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share resources directly with each other. This model is based on direct connections between
computers.

(C) Hybrid Network Model: This model combines elements of both the client-server and peer-
to-peer models.

(D) Cloud Computing Model: This is a form of the client-server model where resources and
services are provided over the internet by a cloud provider.

The model based on direct connections without a central server is the Peer-to-Peer model.

Think of client-server as a library where everyone borrows books from a central librarian.
Peer-to-peer is like a book club where members lend books directly to each other.

146. Which protocol is used to resolve IP addresses to MAC addresses?
(A) ARP

(B) RARP

(C) ICMP

(D) DHCP

Correct Answer: (A) ARP

Solution:

In a network, devices use IP addresses (Layer 3) to communicate across different networks, but
they use MAC addresses (Layer 2) to communicate within the same local network segment. A
mechanism is needed to find the MAC address of a device when only its IP address is known.

(A) ARP (Address Resolution Protocol): This is the protocol that performs this exact func-
tion. A host sends an ARP request broadcast onto the local network, asking Who has this IP
address?. The device with that IP address replies with an ARP response containing its MAC
address.

(B) RARP (Reverse Address Resolution Protocol): This is an obsolete protocol that does the

opposite: it resolves a known MAC address to an IP address. It has been largely replaced by
protocols like BOOTP and DHCP.
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(C) ICMP (Internet Control Message Protocol): Used for error reporting and network diagnos-
tics (e.g., ping).

(D) DHCP (Dynamic Host Configuration Protocol): Used to automatically assign IP addresses
and other network configuration parameters to devices on a network.

Therefore, ARP is the protocol used to resolve IP addresses to MAC addresses.

Quick Tip

Remember the acronyms: ARP = Address Resolution Protocol (IP -; MAC). RARP =
Reverse ARP (MAC -; IP).

147. What is the primary function of the MAC address?
(A) Identify devices on a network locally

(B) Define network topology

(C) Provide internet access

(D) Encrypt network traffic

Correct Answer: (A) Identify devices on a network locally

Solution:

A MAC (Media Access Control) address is a unique identifier assigned to a network interface
controller (NIC) for use as a network address in communications within a network segment.
It operates at the Data Link Layer (Layer 2) of the OSI model.

Its primary function is to provide a unique hardware address for a device on a local network
(like an Ethernet or Wi-Fi network). When a switch forwards a frame, it uses the destination
MAC address to send it to the correct physical port.

Let’s analyze the options:

(A) Identify devices on a network locally: This is the correct primary function.

(B) Define network topology: Topology is the physical or logical arrangement of a network, not
defined by MAC addresses.
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(C) Provide internet access: This is managed by higher-level protocols and devices like routers
using [P addresses.

(D) Encrypt network traffic: Encryption is handled by protocols at higher layers (e.g., SSL/TLS
at the Session/Transport Layer or IPsec at the Network Layer).

Quick Tip

MAC addresses are for local delivery (like a person’s name in a room), while IP addresses
are for global delivery (like a full postal address). A router needs to know both to deliver
a packet from the internet to your specific computer.

148. Which layer of the OSI model is responsible for error detection and correction?
(A) Physical

(B) Data Link

(C) Session

(D) Application

Correct Answer: (B) Data Link

Solution:
Error handling is a function that occurs at multiple layers, but it is a primary responsibility of
specific layers.

(A) Physical Layer (Layer 1): This layer only transmits raw bits; it does not have mechanisms
to detect or correct errors in those bits.

(B) Data Link Layer (Layer 2): A key responsibility of this layer is to ensure reliable, error-free
transmission between two directly connected nodes (hop-to-hop reliability). It achieves this by
grouping bits into frames and adding a checksum or CRC (Cyclic Redundancy Check) to detect
errors. Some protocols at this layer can also request retransmission to correct errors.

(C) Session Layer (Layer 5): Manages dialogues (sessions) between computers.

(D) Application Layer (Layer 7): Provides an interface for applications to access the network.

The Transport Layer (Layer 4) also performs error checking for end-to-end reliability. However,
among the given options, the Data Link Layer is the one most fundamentally associated with

144



error detection and correction for a single network link.

Quick Tip

Remember the key roles of the Data Link Layer: framing (grouping bits), physical ad-
dressing (MAC), flow control, and error control (detection/correction) for a single hop.

149. is a device used to amplify and retransmit network signals.
(A) Router
(B) Switch
(C) Bridge

(D) Repeater

Correct Answer: (D) Repeater

Solution:
Network signals weaken or degrade as they travel over a distance. This phenomenon is called
attenuation.

(A) Router: A Layer 3 device that forwards packets between different networks based on IP
addresses.

(B) Switch: A Layer 2 device that forwards frames between devices on the same network based
on MAC addresses.

(C) Bridge: An older Layer 2 device similar to a switch, used to connect two network segments.
(D) Repeater: A Layer 1 (Physical Layer) device. Its sole purpose is to receive a signal, regen-
erate it (amplify and clean it up), and retransmit it at a higher power level. This allows the

signal to travel longer distances. A hub is essentially a multi-port repeater.

Therefore, a repeater is the device used to amplify and retransmit network signals.
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Quick Tip

Think of a repeater as a signal booster. It operates at the physical level and has no
understanding of addresses or packets; it just regenerates the raw electrical or optical
signal.

150. What is the purpose of subnetting?

(A) To convert IPv4 addresses into IPv6

(B) To encrypt network communication

(C) To reduce network congestion and improve efficiency

(D) To multicast Packets

Correct Answer: (C) To reduce network congestion and improve efficiency

Solution:
Subnetting is the process of dividing a single large network into multiple smaller, logical sub-
networks (subnets).

The primary purposes and benefits of subnetting are:

1. Reduced Network Traffic: By dividing a network, broadcast traffic is confined to its own sub-
net. A broadcast message sent on one subnet is not forwarded to other subnets, which reduces
overall network congestion. 2. Improved Network Performance: The reduction in broadcast
traffic and the logical grouping of hosts improve the overall efficiency and performance of the
network. 3. Simplified Management: Smaller networks are easier to manage and troubleshoot.
4. Improved Security: Network administrators can implement security policies to control traffic
between different subnets.

Looking at the options, (C) best summarizes these key benefits. Subnetting helps to organize
a network logically, which in turn reduces congestion (broadcast traffic) and improves overall
efficiency.

Quick Tip

Subnetting is like dividing a large office building (a network) into smaller departments
(subnets). This way, announcements for the sales department don’t disturb the engineer-
ing department, reducing overall noise (congestion).
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151. Which scheduling algorithm gives each process an equal share of CPU time?
(A) FIFO

(B) Round Robin

(C) Priority Scheduling

(D) Shortest Job Next

Correct Answer: (B) Round Robin

Solution:
Let’s analyze the CPU scheduling algorithms:

(A) FIFO (First-In, First-Out): Also known as First Come First Served (FCES). Processes are
executed in the order they arrive. A long process arriving first can make shorter processes wait
for a long time. It does not give an equal share of CPU time.

(B) Round Robin: This is a preemptive scheduling algorithm designed for time-sharing systems.
Each process is assigned a fixed time slice (or quantum). It runs for that amount of time, and
if it’s not finished, it’s preempted and placed at the back of the ready queue. This gives every
process a recurring, equal opportunity to run on the CPU.

(C) Priority Scheduling: Processes are assigned priorities, and the process with the highest
priority is executed first. This is inherently unequal.

(D) Shortest Job Next (SJN): The process with the shortest estimated execution time is run
next. This is also inherently unequal, as longer jobs may have to wait indefinitely.

Therefore, Round Robin is the algorithm that gives each process an equal share of CPU time
over a longer period.

Think of Round Robin as a group of people taking turns using a single tool. Each person
gets to use the tool for a fixed amount of time (the time quantum) before passing it to
the next person in line.

152. What is the purpose of a page table?

(A) Store file metadata
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(B) Track free memory
(C) Manage CPU scheduling

(D) Map logical to physical addresses

Correct Answer: (D) Map logical to physical addresses

Solution:
Paging is a memory management scheme used by operating systems to manage virtual memory.

In a paged system, the logical address space of a process is divided into fixed-size blocks called
pages.

The physical memory is divided into fixed-size blocks called frames.

A process’s pages can be stored in any available frames in physical memory, and they need not
be contiguous.

The page table is a data structure used by the operating system for each process. Its purpose
is to store the mapping between the logical addresses (page numbers) and their corresponding

physical addresses (frame numbers).

When the CPU generates a logical address, the Memory Management Unit (MMU) uses the
page table to translate it into a physical address before accessing memory.

Therefore, the purpose of a page table is to map logical addresses to physical addresses.

Quick Tip

Think of a page table as an index in a book. The logical address is the page number you
want to find (e.g., page 5 of chapter 3). The page table tells you the actual physical page
number in the book where that content is located.

153. Excessive swapping between memory and disk in an OS is referred to as
(A) High CPU usage
(B) Network congestion

(C) Thrashing
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(D) Memory fragmentation

Correct Answer: (C) Thrashing

Solution:
In a virtual memory system, if a process does not have enough memory frames allocated to it
to hold all the pages it is actively using, it will constantly experience page faults.

A page fault occurs when the process tries to access a page that is not currently in main mem-
ory. The OS must then swap out a page from memory to disk and swap in the required page
from disk.

Thrashing is a condition where a process spends more time paging (swapping pages between
memory and disk) than actually executing.

This happens when the system is overloaded and there is not enough physical memory to ac-
commodate the working sets of all active processes. It leads to very high disk I/O activity and
extremely poor system performance, as the CPU is mostly idle waiting for pages to be swapped.

Quick Tip

Thrashing is a performance bottleneck where the system is spinning its wheels swapping
data instead of doing useful work. It’s a sign that the system has insufficient physical
memory for its current workload.

154. The Process Control Block (PCB) contains which of the following information?
(A) Process ID and process state
(B) Memory addresses of all system files

(C) Network configuration settings

(D) CPU scheduling algorithms

Correct Answer: (A) Process ID and process state

Solution:
The Process Control Block (PCB) is a data structure in the operating system kernel that con-
tains all the essential information about a specific process. The OS maintains a PCB for every
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process.
Key information stored in a PCB includes:

Process State: The current state of the process (e.g., new, ready, running, waiting, terminated).
Process ID (PID): A unique identifier for the process. Program Counter: The address of the
next instruction to be executed for this process. CPU Registers: The values of the processor’s
registers (used to restore the process’s state after an interrupt). CPU Scheduling Information:
Process priority, pointers to scheduling queues, etc. Memory-Management Information: Infor-
mation such as page tables or segment tables. I/O Status Information: A list of I/O devices
allocated to the process, open files, etc.

From the options, Process ID and process state are fundamental pieces of information contained
within the PCB. The other options are either not stored in the PCB or are too general.

Think of the PCB as a process’s passport. It contains all the vital information that the
operating system needs to manage and track that process throughout its life cycle.

155. What does the term ’context switching’ refer to in an OS?
(A) Switching between different networks

(B) Switching the CPU from one process to another

(C) Changing the user interface mode

(D) Allocating additional memory to a process

Correct Answer: (B) Switching the CPU from one process to another

Solution:
Context switching is the process carried out by the operating system to stop executing one
process and start executing another.

The context of a process is its current state, which is stored in its Process Control Block (PCB).
This includes the values of the CPU registers, the program counter, process state, etc.

The steps involved in a context switch are:

1. The OS saves the context of the currently running process (Process A) into its PCB. 2. The
OS loads the context of the next process to be run (Process B) from its PCB into the CPU
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registers. 3. Execution of Process B begins.

This mechanism is fundamental to multitasking operating systems, as it allows a single CPU
to handle multiple processes concurrently.

Therefore, context switching is the process of switching the CPU from one process to another.

Context switching is pure overhead; the system does no useful work during the switch.
Therefore, operating systems are designed to make this process as fast as possible to
maximize the time spent on actual process execution.

156. What is a critical section in process synchronization?
(A) A protected area of memory

(B) An I/0O buffer

(C) A process scheduler

(D) A cache memory section

Correct Answer: (A) A protected area of memory

Solution:

In concurrent programming, when multiple processes or threads need to access shared resources
or data, there is a risk of race conditions, where the final result depends on the unpredictable
timing of their execution.

A critical section is a segment of code within a process that accesses and manipulates shared
data.

To prevent race conditions, it is essential to ensure that only one process can execute in its
critical section at any given time. This property is called mutual exclusion.

Therefore, a critical section is a part of a program that must be protected to ensure data in-
tegrity. The phrase a protected area of memory in the options, while not perfectly precise (it’s
the code segment that’s critical, which in turn accesses protected memory), is the best descrip-
tion among the choices. It refers to the code segment that accesses a shared, protected resource.
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Quick Tip

The Critical Section Problem is a fundamental challenge in concurrent programming.
Solutions to this problem, like semaphores and mutexes, are mechanisms designed to
enforce mutual exclusion on these critical sections of code.

157. Which component of an operating system provides an interface for users to
access its services?

(A) Device drivers
(B) Libraries
(C) System Calls

(D) Process Control Block

Correct Answer: (C) System Calls

Solution:
The operating system kernel runs in a privileged mode (kernel mode) to protect its resources,
while user applications run in a less privileged mode (user mode).

A user program cannot directly access hardware or perform privileged operations. To do so, it
must request the service from the OS.

This request is made through a system call. A system call is the programmatic way in which
a computer program requests a service from the kernel of the operating system it is executed on.

When a system call is made, it causes a switch from user mode to kernel mode, allowing the
OS to perform the requested task (e.g., read a file, create a new process, send data over the
network). Once the task is complete, control is returned to the user program.

Therefore, system calls provide the interface between user processes and the operating system
services.

Quick Tip

Think of system calls as the API of the operating system. They are the well-defined set
of functions that user programs are allowed to call to interact with the OS kernel.
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158. Which page replacement algorithm suffers from Belady’s anomaly?
(A) Optimal

(B) FIFO

(C) LRU

(D) LFU

Correct Answer: (B) FIFO

Solution:

Belady’s Anomaly is a phenomenon in virtual memory management where increasing the num-
ber of page frames allocated to a process can, counter-intuitively, increase the number of page
faults.

This anomaly occurs because the page replacement algorithm evicts a page that will be needed
again soon, which a larger memory size might have kept.

Let’s analyze the algorithms:

(A) Optimal: This algorithm replaces the page that will not be used for the longest period of
time. It is the theoretical best and does not suffer from Belady’s anomaly.

(B) FIFO (First-In, First-Out): This algorithm replaces the page that has been in memory the
longest. It is the classic example of an algorithm that suffers from Belady’s anomaly because
the oldest page might be a frequently used page.

(C) LRU (Least Recently Used): This algorithm replaces the page that has not been used for
the longest amount of time. It and other stack-based algorithms do not suffer from Belady’s
anomaly.

(D) LFU (Least Frequently Used): This algorithm replaces the page that has been used the
fewest number of times. It also does not suffer from the anomaly.

Therefore, FIFO is the algorithm that suffers from Belady’s anomaly.

Quick Tip

Belady’s Anomaly is a key concept to remember about the FIFO page replacement al-
gorithm. It’s one of the main reasons why FIFO, despite its simplicity, is rarely used in
modern operating systems.
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159. Which issue in process synchronization is prevented by using a semaphore?
(A) CPU scheduling

(B) Deadlocks

(C) Memory Fragmentation

(D) Page Faults

Correct Answer: (B) Deadlocks

Solution:

This question is slightly ambiguous, as semaphores are primarily used to prevent race condi-
tions by ensuring mutual exclusion, which isn’t an option. However, we must evaluate the given
choices.

A semaphore is a synchronization tool used to control access to a shared resource by multi-
ple processes. It consists of a counter and two atomic operations:wait()‘ (orP()‘) andsignal()°

(orV()).

(A) CPU scheduling is an OS function to decide which process runs next; semaphores are tools
used by processes, not to prevent scheduling itself.

(C) Memory Fragmentation is a memory management issue.

(D) Page Faults are related to virtual memory.

The primary use of a semaphore is to solve the critical section problem (ensuring mutual
exclusion). However, their misuse can lead to other problems, most notably deadlocks.
They are a powerful but low-level synchronization tool.

160. What is the main function of the operating system’s scheduler?
(A) To manage memory allocation

(B) To manage file systems
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(C) To manage CPU time for processes

(D) To handle I/O operations

Correct Answer: (C) To manage CPU time for processes

Solution:
The operating system is responsible for managing all system resources. Different parts of the
OS handle different resources.

(A) Memory allocation is handled by the Memory Manager.

(B) File systems are managed by the File Manager.

(D) Handling I/O operations is the task of the I/O Manager and device drivers.

(C) The scheduler is the component of the OS that is responsible for managing the most critical
resource: the CPU’s processing time. It decides which of the processes in the ready state should
be allocated the CPU next, and for how long. There are different types of schedulers (long-

term, short-term, medium-term) that manage the flow of processes between different states.
The primary function is to manage CPU time allocation among competing processes.

The short-term scheduler, also known as the CPU scheduler, is the most frequently
executed part of the OS. Its job is to select the next process to run from the ready queue,
making a decision every few milliseconds.

161. Paging involves breaking physical memory into fixed-sized blocks called
(A) Frames

(B) Segments

(C) Pages

(D) Blocks

Correct Answer: (A) Frames

Solution:
Paging is a memory management technique. It involves a clear distinction between the logical
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memory (as seen by the process) and the physical memory (the actual RAM).
The logical address space of a process is broken into fixed-size blocks called pages.
The physical memory is broken into fixed-size blocks of the same size, called frames.

The operating system maintains a page table for each process to map its pages to the frames
in physical memory where they are stored.

Therefore, paging involves breaking physical memory into frames.

Remember the pairing: Logical memory is divided into Pages. Physical memory is divided
into Frames. The size of a page is always equal to the size of a frame.

162. The interval from the time of submission of a process to the time of comple-
tion is the

(A) Throughput
(B) Turnaround time
(C) Waiting time

(D) Response time

Correct Answer: (B) Turnaround time

Solution:
Let’s define the key time metrics used in process scheduling:

(A) Throughput: The number of processes completed per unit of time.
(B) Turnaround Time: The total time a process spends in the system. It is the interval from
the time of submission (arrival) to the time of completion. It includes execution time, I/O

time, and all waiting times. Turnaround Time = Completion Time - Arrival Time.

(C) Waiting Time: The total amount of time a process spends waiting in the ready queue,
waiting for the CPU.
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(D) Response Time: The time from the submission of a request until the first response is pro-
duced. It’s the time it takes to start responding, not the time it takes to complete.

The definition given in the question perfectly matches the definition of Turnaround Time.

Remember the key time definitions: Turnaround Time (Total time in system), Waiting
Time (Time in ready queue), and Response Time (Time until first response).

163. Which of the following ensures referential integrity in a relational database?
(A) Primary Key

(B) Foreign Key

(C) Index

(D) View

Correct Answer: (B) Foreign Key

Solution:
Let’s define the concepts related to database integrity.

Referential Integrity is a property of data stating that all its references are valid. In a relational
database, it means that if a foreign key in one table refers to a primary key in another table,

then the referenced row must exist in the other table.

(A) Primary Key: A constraint that uniquely identifies each record in a table. It ensures entity
integrity (no duplicate rows, no null values).

(B) Foreign Key: A key used to link two tables together. It is a field (or collection of fields)
in one table that refers to the Primary Key in another table. The foreign key constraint is
the mechanism that enforces referential integrity. It prevents actions that would leave orphan
records (e.g., deleting a customer who still has orders in the orders table).

(C) Index: A data structure that improves the speed of data retrieval operations.

(D) View: A virtual table based on the result-set of an SQL statement.

Therefore, the Foreign Key is the concept that ensures referential integrity.
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Quick Tip

Think of integrity rules: Entity Integrity is enforced by Primary Keys (unique, not null).
Referential Integrity is enforced by Foreign Keys (values must match a primary key in
another table or be null).

164. Which normal form removes transitive dependencies?
(A) INF
(B) 2NF
(C) 3NF

(D) BCNF

Correct Answer: (C) 3NF

Solution:
Normalization is the process of organizing columns and tables in a relational database to min-
imize data redundancy. The normal forms are a series of guidelines.

First Normal Form (INF): Ensures that all attributes contain atomic (indivisible) values and
each record is unique. Second Normal Form (2NF): A table must be in INF and all non-key
attributes must be fully functionally dependent on the entire primary key. This removes partial
dependencies. Third Normal Form (3NF): A table must be in 2NF and all attributes must be
dependent only on the primary key, not on other non-key attributes. This removes transitive
dependencies. A transitive dependency exists when a non-key attribute is dependent on an-
other non-key attribute.

Therefore, the Third Normal Form (3NF) is the one that removes transitive dependencies.

Quick Tip

A simple way to remember the progression of normal forms: 1NF: Fixes repeating groups.
2NF': Fixes partial dependencies. 3NF: Fixes transitive dependencies.

165. What type of database model uses tables with rows and columns?

(A) Hierarchical Model
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(B) Relational Model
(C) Object Oriented Model

(D) Network Model

Correct Answer: (B) Relational Model

Solution:
Let’s describe the different database models:

(A) Hierarchical Model: Organizes data in a tree-like structure, with parent and child data
segments.

(B) Relational Model: This is the most widely used model. It organizes data into tables, which
are also known as relations. Each table consists of rows (tuples) and columns (attributes).

(C) Object-Oriented Model: Data is represented in the form of objects, similar to object-
oriented programming.

(D) Network Model: An extension of the hierarchical model, it allows each record to have
multiple parent and child records, forming a graph structure.

The model that uses tables with rows and columns is the Relational Model.

The terms are often used interchangeably: In the relational model, a table is a relation,
a row is a tuple, and a column is an attribute.

166. Which of the following is NOT a valid PL/SQL control statement?
(A) IF-THEN-ELSE

(B) CASE

(C) LOOP

(D) SWITCH

Correct Answer: (D) SWITCH
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Solution:
PL/SQL (Procedural Language/SQL) is Oracle’s procedural extension for SQL. It includes
standard procedural language constructs for control flow.

Valid PL/SQL control statements include:
Conditional Control: (A)IF-THEN-ELSE‘,IF-THEN-ELSIF* statements. (B)CASE* statements

andCASE‘ expressions. Iterative Control (Loops): (C) BasicLOOP‘,FOR LOOP‘, andWHILE
LOOP*. Sequential Control: GOTO* statement.

TheSWITCH® statement is a common control structure in languages like C, C++, Java, and
C#. However, it is not a valid control statement in PL/SQL. The equivalent functionality in
PL/SQL is provided by theCASE* statement.

Therefore, SWITCH is not a valid PL/SQL control statement.

Quick Tip

While many programming languages use aswitch® statement for multi-way branching,
remember that PL/SQL (and standard SQL) uses theCASE* statement for this purpose.

167. What is the purpose of the HAVING clause in SQL?
(A) To filter groups based on a condition

(B) To filter rows based on a condition

(C) To sort the result set

(D) To join tables

Correct Answer: (A) To filter groups based on a condition

Solution:
In SQL, theWHERE" clause and theHAVING® clause are both used for filtering, but they op-
erate at different stages.

(B) TheWHERE" clause is used to filter individual rows from the tables before any grouping is
done.

TheGROUP BY* clause is used to aggregate rows into groups based on some criteria, and ag-
gregate functions (likeCOUNT() ,SUM()‘,AVG()‘) are calculated for each group.
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(A) TheHAVINGS clause is then used to filter these groups based on a condition involving the
aggregate functions.

(C) TheORDER BY" clause is used to sort the final result set.
(D) TheJOIN* clause is used to combine rows from two or more tables.

Therefore, the purpose of theHAVING® clause is to filter groups based on a condition.

A simple rule: WHERE" filters rows, HAVING® filters groups. You cannot use an aggregate
function (likekCOUNTY() ; 5°) in aWHERE* clause, but you can in aHAVING® clause.

168. Which of the following SQL statements contains an error?
(A) Select from emp where empid = 1003;

(B) Select empid from emp where empid = 1002;

(C) Select empid from emp;

(D) Select ALL from emp where empid = 1001;

Correct Answer: (D) Select ALL from emp where empid = 1001,

Solution:
Let’s analyze the syntax of each SQL statement.

(A)Select from emp where empid = 1003;: This is a standard and syntactically correct SQL
query. It selects all columns (*) from theemp* table for the row whereempid‘ is 1003.

(B)Select empid from emp where empid = 1002;: This is also a standard and syntactically
correct query. It selects theempid® column for the specified row.

(C)Select empid from emp;: This is also a syntactically correct query. It selects theempid
column for all rows in theemp* table.

(D)Select ALL from emp where empid = 1001;‘: This statement has a syntax error. The key-

wordALL is used to return all values in a result set, including duplicates. It is the default behav-
ior and is used likeSELECT ALL column,,ame‘orinsetoperations.Itcannotbeusedinplaceo f acolumnlistort
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Therefore, statement (D) contains a syntax error.

Quick Tip

In aSELECT" statement, SELECT is the correct syntax for selecting all columns.SELECT
ALL‘ is a keyword, but it’s used differently, often before a column name (‘SELECT
ALL City‘) and is the default behavior (opposite of SELECT DISTINCT®). You cannot
useSELECT ALL' in place of SELECT.

169. is not a DDL command.
(A) ALTER

(B) UPDATE

(C) DROP

(D) TRUNCATE

Correct Answer: (B) UPDATE

Solution:

SQL commands are broadly categorized into several groups. The two main ones are DDL and
DML.

DDL (Data Definition Language): These commands are used to define and manage the database
structure or schema. They deal with objects like tables, indexes, etc.

CREATE*: To create database objects. (A)ALTER‘: To modify the structure of existing ob-
jects. (C)DROP*: To delete database objects. (D)TRUNCATE*: To remove all records from
a table (which is a DDL operation because it’s faster and cannot be rolled back easily, unlike

DELETE).

DML (Data Manipulation Language): These commands are used to manage the data within
the schema objects.

INSERT*: To add new data. (B)UPDATE: To modify existing data. DELETE*: To remove

existing data.

SinceUPDATE' is used to modify the actual data within a table, it is a DML command, not a
DDL command.
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Quick Tip

A simple way to distinguish DDL and DML: DDL changes the structure (the blueprint
of the tables). DML changes the data (the contents of the tables).

170. Which of the following is a key characteristic of NoSQL databases?
(A) Fixed schema

(B) Relational data model

(C) Scalability and flexibility

(D) Only supports structured data

Correct Answer: (C) Scalability and flexibility

Solution:
NoSQL (often interpreted as Not Only SQL) databases are a class of databases that differ from
the traditional relational (SQL) model.

Let’s analyze the characteristics:

(A) Fixed schema: This is a characteristic of relational databases, where the table structure
(columns and data types) must be defined in advance. NoSQL databases are known for their
flexible or dynamic schemas, where data can be stored without a predefined structure.

(B) Relational data model: This is the model used by SQL databases. NoSQL databases use
various other models, such as key-value, document, column-family, or graph.

(D) Only supports structured data: Relational databases are designed primarily for structured
data. NoSQL databases excel at handling unstructured, semi-structured, and structured data.

(C) Scalability and flexibility: This is a key driver behind the development of NoSQL databases.
They are designed for horizontal scalability (scaling out by adding more servers) and are highly
flexible in terms of data models and schemas. This makes them well-suited for large-scale, big
data applications.
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Quick Tip

Remember the main trade-offs between SQL and NoSQL. SQL databases prioritize con-
sistency and structure (ACID properties, fixed schema). NoSQL databases prioritize
availability, scalability, and flexibility (BASE properties, dynamic schema).

171. Which of the following is NOT a NoSQL database type?
(A) Document-based

(B) Key-Value Store

(C) Graph-based

(D) Relational

Correct Answer: (D) Relational

Solution:
NoSQL databases are categorized based on their data model. The main types of NoSQL
databases are:

(A) Document-based: Stores data in documents, typically in a JSON, BSON, or XML format.
Examples include MongoDB and Couchbase.

(B) Key-Value Store: The simplest type, where data is stored as a collection of key-value pairs.
Examples include Redis and Amazon DynamoDB.

(C) Graph-based: Designed to store and navigate relationships. Data is represented as nodes
and edges. Examples include Neo4j and Amazon Neptune.

(D) Relational: This is the model used by traditional SQL databases (like MySQL, PostgreSQL,
Oracle). It is defined by its use of tables with rows and columns and a predefined schema. By
definition, a relational database is not a NoSQL database.

Another major type is the Column-family store (e.g., Apache Cassandra).

Therefore, Relational is not a NoSQL database type.
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Quick Tip

The name NoSQL literally means Not Only SQL and was coined to describe databases
that moved away from the dominant Relational (SQL) model. So, by definition, the
relational model is the one thing that NoSQL is not.

172. What is the purpose of normalization in a relational database?
(A) To increase data redundancy

(B) To decrease performance

(C) To store all data in a single table

(D) To eliminate data redundancy and improve integrity

Correct Answer: (D) To eliminate data redundancy and improve integrity

Solution:
Normalization is a systematic process of designing a database schema to organize data efficiently.

The main goals of normalization are:

1. Eliminate Data Redundancy: Redundancy means storing the same piece of information
in multiple places. Normalization reduces this by dividing larger tables into smaller, well-
structured tables and linking them using relationships. 2. Improve Data Integrity: By elimi-
nating redundancy, normalization helps prevent data anomalies (insertion, update, and deletion
anomalies). When a piece of data is stored only once, updating it is simpler and less error-
prone, ensuring the data remains consistent and reliable.

Let’s analyze the options:

(A) To increase data redundancy: This is the opposite of the purpose of normalization.

(B) To decrease performance: While very high levels of normalization can sometimes lead to
slower query performance (due to the need for more joins), the primary purpose is not to de-

crease performance.

(C) To store all data in a single table: This describes a denormalized or unnormalized state,
which is what normalization aims to fix.

(D) To eliminate data redundancy and improve integrity: This correctly states the primary
goals of normalization.
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Quick Tip

The core idea of normalization is to ensure that every piece of non-key data in a table
depends on the key, the whole key, and nothing but the key. This helps to reduce
redundancy and prevent update anomalies.

173. Which of the following is not a principle of Object-Oriented Programming?
(A) Encapsulation
(B) Interfaces

(C) Abstraction

(D) Polymorphism

Correct Answer: (B) Interfaces

Solution:
Object-Oriented Programming (OOP) is a programming paradigm based on the concept of
objects. The fundamental principles of OOP are generally considered to be:

1. Encapsulation: The bundling of data (attributes) and the methods (functions) that operate
on that data into a single unit called a class. It also involves restricting direct access to some of
an object’s components (data hiding). 2. Abstraction: Hiding complex implementation details
and showing only the essential features of the object. It focuses on what an object does instead
of how it does it. 3. Inheritance: A mechanism where a new class (subclass or derived class)
derives properties and behaviors from an existing class (superclass or base class). 4. Polymor-
phism: The ability to present the same interface for differing underlying forms (data types). It
allows objects of different classes to be treated as objects of a common superclass, most notably
through method overriding.

Let’s analyze the options:
(A) Encapsulation, (C) Abstraction, and (D) Polymorphism are all core principles of OOP.

(B) Interfaces: An interface is a programming construct (found in languages like Java and C#)
that defines a contract of methods that a class must implement. While interfaces are a pow-
erful tool used extensively in OOP to achieve abstraction and a form of polymorphism, they
are generally considered a mechanism or a feature of a language rather than one of the foun-
dational, universal principles of OOP itself. The core principles are the big four: Abstraction,
Encapsulation, Inheritance, and Polymorphism. Thus, in the context of listing the fundamental
principles, Interfaces is the outlier.
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Quick Tip

A common acronym to remember the four pillars of OOP is A PIE: Abstraction, Poly-
morphism, Inheritance, Encapsulation.

174. Which keyword is used to define an object in C++7?
(A) create

(B) new

(C) object

(D) call

Correct Answer: (B) new

Solution:
In C++, an object is an instance of a class. There are two main ways to create an object:

1. Static Allocation (on the stack): You can declare an object just like a variable. MyClass
myObject;* This creates an object namedmyObject® on the stack.

2. Dynamic Allocation (on the heap): You can create an object in heap memory using thenew
keyword. This returns a pointer to the newly created object. MyClass myPtr = new MyClass();"

The question asks which keyword is used.
(A)create’ is not a C++ keyword for object creation. (B)new' is the C++ keyword used specif-
ically for dynamic memory allocation and object creation on the heap. (C)object is a concept,

not a keyword for creation. (D)call‘ is not a C++ keyword for object creation.

While objects can be defined withoutnew‘, thenew* keyword is the specific operator used for
dynamic object definition/creation. Given the optionsnew’ is the correct answer.

Quick Tip

In C4++, remember that every object created withnew‘ must be explicitly destroyed
withdelete® to prevent memory leaks. For example:delete myPtr;‘.

175. What is the output of the following code snippet?
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include <iostream> using namespace std; int main() int x = 5; int y = x++; cout
<< y; return O;

(1343

(A)5

(D) Compilation error

Correct Answer: (A) 5

Solution:
Let’s trace the execution of the code step-by-step.

1. int x = 5;*: An integer variablex‘ is declared and initialized with the value 5.

2. int y = x+-+;: This line involves the post-increment operator (‘++° after the variable). The
post-increment operator works in two steps: first, it uses the current value of the variable in
the expression, and then it increments the variable. So, the current value ofx‘ (which is 5) is
assigned to the variabley‘. After the assignment, the value ofx‘ is incremented to 6.

3. At this point,y‘ holds the value 5, andx‘ holds the value 6.

4. cout jj y;: The value of the variabley‘ is printed to the console.

Therefore, the output of the code will be 5.

Quick Tip

Remember the difference between pre-increment (‘++x‘) and post-increment (‘x-++°).
Pre-increment: increment first, then use the value. Post-increment: use the value first,
then increment.

176. Which of the following is NOT a type of constructor in C4++47
(A) Copy Constructor
(B) Default Constructor

(C) Static Constructor
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(D) Parameterized Constructor

Correct Answer: (C) Static Constructor

Solution:
A constructor is a special member function of a class that is automatically called when an
object of that class is created. Its purpose is to initialize the object’s data members.

The main types of constructors in C++ are:

(B) Default Constructor: A constructor that can be called with no arguments. It’s either a
constructor with no parameters, or one where all parameters have default values.

(D) Parameterized Constructor: A constructor that accepts one or more arguments to initialize
the object.

(A) Copy Constructor: A constructor that creates a new object as a copy of an existing object.
It takes a reference to an object of the same class as its argument.

(C) Static Constructor: The concept of a static constructor does not exist in C++. Static data
members of a class are initialized outside the class definition, and there is no special constructor

for them. Languages like C# have static constructors, but C++ does not.

Therefore, Static Constructor is not a type of constructor in C+-+.

Quick Tip

In C++, static members belong to the class itself, not to any individual object. They
are created and initialized only once, when the program starts, so they don’t need a
per-object constructor.

177. Which of the following operators cannot be overloaded?

Correct Answer: (A) ::
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Solution:
Operator overloading in C++ allows you to redefine the meaning of most built-in operators for
user-defined types (classes).

However, a few operators cannot be overloaded. The main ones are:

[N

Scope Resolution Operator (“::‘) Member Access Operator (‘.°) Pointer-to-Member Operator
(“.*) Ternary Conditional Operator (‘7:) sizeof* Operator

Let’s look at the options:

(A)::* (Scope Resolution Operator): This operator cannot be overloaded. Its meaning is fixed
by the language to access static members, namespaces, or members of a base class.

(B)+‘ (Addition Operator): Can be overloaded.
(C)* (Multiplication or Dereference Operator): Can be overloaded.

(D)=* (Assignment Operator): Can be overloaded (and has a default implementation provided
by the compiler).

Therefore, the::* operator cannot be overloaded.

A simple rule of thumb: operators that work on names rather than values (like.‘::‘)
cannot be overloaded.

178. What is the correct syntax for declaring a pure virtual function in C4++47
(A) void virtual show () =0

(B) void show () virtual

(C) virtual void show () =0

(D) pure virtual void show ()

Correct Answer: (C) virtual void show () =0

Solution:
A pure virtual function is a virtual function in a C++ base class that has no implementation
in the base class. It serves as a placeholder and forces derived classes to provide their own
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implementation.

A class that contains at least one pure virtual function is called an abstract class, and you
cannot create an instance (object) of an abstract class.

The syntax for declaring a pure virtual function is to prepend the function declaration with
thevirtual® keyword and append= 0° at the end.

Let’s analyze the syntax of the options:

(A)void virtual show () = 0°: Thevirtual® keyword is in the wrong place. It should come before
the return type.

(B)void show () virtual‘: Thevirtual® keyword is in the wrong place.

(C)virtual void show () = 0°: This is the correct syntax. It starts with thevirtual® keyword,
followed by the function signature (return type, name, parameters), and ends with= 0‘.

(D)pure virtual void show (): The keywordpure’ is not part of the syntax; the= 0‘ is what
makes the virtual function pure.

Quick Tip

The syntax= 0° is called a pure specifier, and it’s what distinguishes a pure virtual
function from a regular virtual function.

179. What is the purpose of the endl manipulator in C++7
(A) It only moves the cursor to the next line.

(B) It only flushes the output buffer.

(C) It moves the cursor to the next line and flushes the output buffer.

(D) It inserts a tab space in the output.

Correct Answer: (C) It moves the cursor to the next line and flushes the output buffer.

Solution:

In C++ I/0 streams, output is often buffered. This means that when you usecout‘, the data
might be stored in a temporary memory area (a buffer) instead of being written immediately
to the output device. This is done for efficiency.
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Theendl* manipulator performs two distinct actions:

1. Inserts a newline character: It writes a newline character (“) to the output stream, which
causes the cursor to move to the beginning of the next line on the console. 2. Flushes the
output buffer: It forces any data currently held in the output buffer to be written to the final
destination (e.g., the screen) immediately.

Therefore,endl* both moves the cursor to the next line and flushes the buffer.

Quick Tip

If you only want to insert a newline and don’t need to force a flush immediately (which
can be more efficient in loops), you can simply insert the newline character:cout jj Hello;".
Useendl® when you need to ensure the output is immediately visible.

180. What will be the output of the following code?

include <iostream> using namespace std; int main() int a = 10; int ptr = a; cout
<< ptr; return O;

(1343

(A) Address of a

(D) Compilation error

Correct Answer: (B) 10

Solution:
Let’s trace the code execution:

1. int a = 10;: An integer variablea' is created and initialized with the value 10.

2. int ptr = &a;‘: int ptr' declaresptr® as a pointer to an integer. &a‘ is the address-of operator.
It gets the memory address of the variablea‘. So, this line initializes the pointerptr‘ to hold the
memory address ofa’.

3. cout jj ptr;*: ptr® by itself holds the address ofa‘. ptr‘ is the dereference operator. It accesses

the value stored at the address thatptr® is pointing to. Sinceptr® points toa‘,ptr‘ is equivalent
to the value ofa‘. The value ofa‘ is 10.
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4. The program will print the value 10 to the console.

Remember the two fundamental pointer operators:* (address-of) gives you the address of
a variable, and‘ (dereference) gives you the value at a given address.

181. What is the main purpose of templates in C++7?
(A) To improve runtime performance

(B) To speed up program execution

(C) To enable function overriding

(D) To define functions and classes that can operate on different data types

Correct Answer: (D) To define functions and classes that can operate on different data types

Solution:
Templates are a fundamental feature of C++ that support generic programming.

Generic programming is a style of computer programming in which algorithms are written in
terms of types to-be-specified-later that are then instantiated when needed for specific types.

The main purpose of templates is to allow a programmer to write a single function or class that
can work with any data type. This avoids code duplication.

For example, instead of writing separate ‘sort()* functions for an array of integers, an array of
floats, and an array of strings, you can write a single ‘sort()‘ function template that works for
any data type that supports comparison.

Let’s analyze the options:

(A) (B) While templates can sometimes lead to performance improvements due to compile-
time optimizations, their primary purpose is not performance itself, but code reusability and
type safety.

(C) Function overriding is a concept related to polymorphism and inheritance, not templates.
(D) This option accurately describes the purpose of templates: to create generic functions and

classes that can operate on various data types without having to rewrite the code for each type.
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Quick Tip

Think of templates as ”blueprints” for functions or classes. You write the blueprint once,
and the compiler uses it to generate the specific version of the function or class you need
for each data type you use it with.

182. What is the meaning of encapsulation in Object Oriented Programming?
(A) Avoiding class usage

(B) Using only public methods

(C) Allowing global access to variables

(D) Hiding implementation details

Correct Answer: (D) Hiding implementation details

Solution:
Encapsulation is one of the fundamental principles of Object-Oriented Programming (OOP).
It refers to two related but distinct concepts:

1. Bundling: Grouping together the data (attributes) and the methods (functions) that operate
on that data into a single unit, which is called a class. 2. Data Hiding: Restricting direct access
to some of an object’s components. This is typically achieved by making the data members
‘private’ and providing ‘public' methods (getters and setters) to access or modify the data in a
controlled way.

This data hiding aspect is a crucial part of encapsulation. It protects an object’s internal state
from outside interference and misuse. By hiding the implementation details and exposing only
a well-defined public interface, the class becomes easier to use and maintain.

Therefore, ”Hiding implementation details” is the best description of the meaning of encapsu-
lation among the given choices.

Quick Tip

Encapsulation is like a capsule for medicine. The plastic shell (the class) bundles the
medicine (the data) and protects it from the outside world. You interact with it through
a controlled interface (by swallowing it), not by directly touching the raw ingredients.
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183. Which keyword is used to define a constant in Java?
(A) final
(B) const
(C) static

(D) volatile

Correct Answer: (A) final

Solution:
In Java, the ‘final° keyword is used to create constants. The ‘final® modifier can be applied to
variables, methods, and classes, with different meanings for each.

When applied to a variable, the ‘final‘ keyword means that the variable’s value cannot be
changed after it has been initialized. It effectively makes the variable a constant.

Example: ‘final double PI = 3.14159;"
Let’s analyze the other keywords:

(B) ‘const‘: While ‘const‘ is a reserved keyword in Java, it is not used and has no function. It
was likely reserved to avoid confusion for C++ programmers.

(C) ‘static’: The ‘static’ keyword indicates that a member belongs to the class itself, rather
than to an instance of the class. It is often used together with ‘final® to create a class-level

constant (e.g., ‘public static final int MAXySERS = 100;°).

(D) ‘volatile*: The ‘volatile’ keyword is used in concurrent programming to ensure that a vari-
able’s value is always read from main memory and not from a thread’s local cache.

Therefore, ‘final‘ is the keyword used to define a constant.

The convention in Java for naming constants (variables declared as ‘public static final‘)
is to use all uppercase letters, with words separated by underscores, like ‘MAXy ALUE".

184. Which of the following is a valid declaration of a Java array?

175



(A) int arr[] = new int|[;
(B) int arr = new int[5];
(C) int arr[] = new int[5];

(D) int arr[] = new int(5);

Correct Answer: (C) int arr[] = new int[5];

Solution:
In Java, arrays are objects that store a fixed-size sequential collection of elements of the same
type. Array declaration and instantiation involve specific syntax.

The general syntax is: ‘type var-name[] = new type[sizel;*
Let’s analyze the options:

(A) ‘int arr[] = new int[];": This is invalid. When you instantiate an array using ‘new‘, you
must provide a size inside the square brackets.

(B) ‘int arr = new int[5];: This is invalid. The declaration ‘int arr‘ defines a simple integer
variable, not an array reference. It should be ‘int[] arr or ‘int arrl]‘.

(C) ‘int arr[] = new int[5];: This is a valid declaration. ‘int arr[]‘ declares ‘arr® as a reference
to an integer array. ‘new int[5|* creates a new array object in memory that can hold 5 integers
and assigns its reference to ‘arr’. The alternative syntax ‘int[] arr = new int[5];‘ is also valid
and often preferred.

(D) ‘int arr[] = new int(5);: This is invalid. The size of the array is specified using square
brackets ‘[|‘, not parentheses ‘(). Parentheses are used for constructor calls.

Quick Tip

In Java, there are two syntactically correct ways to declare an array reference: ‘typel] ar-
rayName;‘ (preferred) and ‘type arrayNamel];* (C/C++ style). But instantiation always
requires ‘new typel[size|‘.

185. is a collection of classes and interfaces.

(A) Object
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(B) Collection
(C) Package

(D) Array

Correct Answer: (C) Package

Solution:
Let’s define the terms in the options:

(A) Object: An instance of a class.

(B) Collection: In Java, this refers to the Collection Framework, a set of classes and inter-
faces (like ‘List‘, ‘Set‘, ‘Map‘) used for storing and manipulating groups of objects. While it’s
a collection of classes, it’s a specific framework for data structures, not the general term for
grouping any classes.

(C) Package: A package in Java is a mechanism for organizing related classes and interfaces
into a namespace. It’s like a folder in a file system. Packages are used to avoid naming conflicts
and to control access to classes. For example, ‘java.util® is a package that contains utility classes
like ‘ArrayList’ and ‘HashMap®.

(D) Array: A data structure that stores a fixed-size collection of elements of the same type.

The term that best fits the description "a collection of classes and interfaces” is a Package.

Quick Tip

Think of packages as libraries or modules. The Java Development Kit (JDK) comes with
a vast standard library organized into packages like ‘java.lang’, ‘java.io‘, ‘java.net’, etc.

186. What is the purpose of the super keyword in Java?
(A) To refer to the superclass object

(B) To refer to the current object

(C) To define a constant

(D) To allocate memory dynamically
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Correct Answer: (A) To refer to the superclass object

Solution:

In Java, the ‘super‘ keyword is a reference variable that is used to refer to the immediate parent
class (superclass) object.

It has two main uses:

1. To call the superclass’s constructor: The first statement in a subclass constructor can be a
call to a superclass constructor using ‘super(...)‘. If not explicitly called, the compiler automat-
ically inserts a call to the no-argument superclass constructor ‘super()‘. 2. To access members
of the superclass: If a subclass has a member (method or variable) with the same name as a
member in its superclass, ‘super’ can be used to access the superclass’s version. For example,
‘super.myMethod()* calls the method from the parent class.

Let’s analyze the options:

(A) To refer to the superclass object: This is the correct purpose.

(B) To refer to the current object: This is the purpose of the ‘this* keyword.

(C) To define a constant: This is the purpose of the ‘final* keyword.

(D) To allocate memory dynamically: This is the purpose of the ‘new* keyword.

Remember the pair: ‘this‘ refers to the current instance of the class, while ‘super* refers
to the parent (superclass) part of the current instance.

187. Which of the following is NOT an event class in Java?
(A) FocusEvent

(B) ItemEvent

(C) LayoutEvent

(D) ActionEvent

Correct Answer: (C) LayoutEvent
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Solution:

Java’s Abstract Window Toolkit (AWT) uses an event-driven model to handle user interactions
with GUI components. When a user interacts with a component (e.g., clicks a button), an event
object is created. These objects are instances of various event classes.

Let’s examine the options:

(A) FocusEvent: This event is generated when a component gains or loses keyboard focus. It
is a standard event class in ‘java.awt.event'.

(B) ItemEvent: This event is generated when a user selects or deselects an item in a component
like a ‘Checkbox’ or a ‘Choice’ menu. It is a standard event class in ‘java.awt.event'.

(D) ActionEvent: This is one of the most common events. It is generated by actions like click-
ing a ‘Button‘, selecting a menu item, or pressing Enter in a ‘TextField‘. It is a standard event
class in ‘java.awt.event'.

(C) LayoutEvent: There is no standard event class named ‘LayoutEvent in the ‘java.awt.event
package. Layout management is handled by ‘LayoutManager* interfaces and classes, which ar-

range components within a container, but they do not generate a ‘LayoutEvent'.

Therefore, ‘LayoutEvent‘ is not an event class in Java.

Common AWT event classes include ‘ActionEvent’, ‘ItemEvent‘, ‘MouseEvent,
‘KeyEvent‘, ‘WindowEvent‘, and ‘FocusEvent‘. Each corresponds to a specific type of
user interaction.

188. Which of the following is the superclass of all exceptions in Java?
(A) Error

(B) Throwable

(C) ArthimeticException

(D) Exception

Correct Answer: (B) Throwable

Solution:
In Java, the exception handling mechanism is built around a class hierarchy.
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At the top of this hierarchy is the ‘Throwable‘ class, which is a direct subclass of ‘Object‘. Only
objects that are instances of the ‘Throwable class (or one of its subclasses) are thrown by the
Java Virtual Machine or can be thrown by the Java ‘throw‘ statement.

The ‘Throwable‘ class has two direct subclasses:

1. ‘Error‘: Represents serious problems that a reasonable application should not try to catch,
such as ‘OutOfMemoryError or ‘StackOverflowError'. 2. ‘Exception‘: Represents conditions
that a reasonable application might want to catch. The ‘Exception‘ class itself has many sub-
classes, including ‘RuntimeException‘ (for unchecked exceptions like ‘NullPointerException’)
and other checked exceptions (like ‘IOException®).

Since both ‘Error* and ‘Exception‘ (and all their subclasses, including ‘ArithmeticException®)
inherit from ‘Throwable‘, the ‘Throwable* class is the superclass of all errors and exceptions in
Java.

Quick Tip

Remember the Java exception hierarchy: ‘Object’ -; ‘Throwable‘ -; (‘Error* and ‘Excep-
tion). All things that can be "thrown” must be a ‘Throwable'.

189. Which method is used to display output of an applet?
(A) show()

(B) run()

(C) paint()

(D) print()

Correct Answer: (C) paint()

Solution:
Java Applets are small Java programs that are designed to be embedded in a web page. They
use the AWT (Abstract Window Toolkit) for their graphical user interface.

The life cycle and drawing of an applet are controlled by the browser or applet viewer. When

the applet’s display area needs to be drawn or redrawn, the AWT framework calls the ‘paint()‘
method of the applet.
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The ‘paint()‘ method has the signature ‘public void paint(Graphics g)‘. You override this
method in your applet class to perform all drawing operations, such as drawing text, shapes,
and images, using the provided ‘Graphics‘ object.

Let’s look at the other options:

(A) ‘show(): A method to make a component (like a ‘Frame* or ‘Dialog’) visible, but not the
primary drawing method.

(B) ‘run()‘: The main method for a ‘Thread‘, not for applet drawing.

(D) ‘print(): A general-purpose method for printing, often associated with ‘System.out‘ or
printing to a printer, not for displaying graphics in an applet.

Therefore, the ‘paint()‘ method is used to display output in an applet.

The ‘paint(Graphics g)‘ method is the core of all drawing in AWT and Swing (where it’s
‘paintComponent‘). Whenever the system decides a component needs to be redrawn, it
calls this method. You should never call ‘paint()‘ directly; instead, you call ‘repaint()‘ to
request a redraw.

190. What will be the output of the following Java program?

class Output public static void main(String args[]) int arr([] =1, 2, 3, 4, 5;
for (int i = 0; i < arr.length - 2; ++i) System.out.println(arr[i] + " ");

(1343

(A)12
(B)123
(C)1234

(D)12345

Correct Answer: (B) 123

Solution:
Let’s analyze the ‘for‘ loop in the given Java code.
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1. ‘int arr[] = 1, 2, 3, 4, 5;: An integer array ‘arr‘ is initialized. The length of the array,
‘arr.length‘, is 5.

2. The loop condition is ‘i j arr.length - 2°. Substituting the length, the condition becomes ‘i j
5 - 2°, which simplifies to ‘i j 3°.

3. The loop will execute for the values of ‘i that satisfy this condition, starting from ‘i = 0°.
The values will be ‘1 = 0, ‘i = 1°, and ‘i = 2°.

4. Inside the loop, ‘System.out.println(arr[i] + ” ”);* prints the element at index ‘i‘ followed by
a space, and then moves to a new line.

When ‘i = 0°: It prints ‘arr[0]° which is 1. Output: ‘1 * When ‘i = 1°: It prints ‘arr[1]* which is
2. Output: 2 * When ‘1 = 2‘: It prints ‘arr[2]* which is 3. Output: ‘3

5. When ‘i‘ becomes 3, the condition ‘3 | 3° is false, and the loop terminates.
The final output will be the numbers 1, 2, and 3, each on a new line because of ‘println‘. How-

ever, the options present the output on a single line. Assuming ‘print‘ was intended instead
of ‘println‘, the output would be ‘1 2 3 . Option (B) represents the sequence of numbers printed.

Quick Tip

Pay close attention to the loop termination condition. A common mistake is to mis-
interpret conditions like ‘i j length® versus ‘i j= length® or expressions like ‘length - 2°.
Carefully trace the loop for the first and last valid index values.

191. Which of the following is a valid way to create a thread in Java?
(A) Implementing the Runnable interface

(B) Calling the run() method directly

(C) Using the Callable interface

(D) Implementing the java class

Correct Answer: (A) Implementing the Runnable interface

Solution:
There are two primary ways to create a new thread of execution in Java:
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1. By extending the ‘Thread‘ class: You create a new class that extends ‘java.lang. Thread® and
override its ‘run()‘ method with the code you want the thread to execute. Then you create an
instance of this class and call its ‘start()* method. 2. By implementing the ‘Runnable‘ inter-
face: You create a new class that implements the ‘java.lang.Runnable‘ interface and provide
the implementation for its single method, ‘run()‘. Then you create an instance of this class,
pass it to the ‘Thread* class’s constructor to create a ‘Thread‘ object, and then call the ‘start()
method on the ‘Thread® object.

Let’s analyze the options:

(A) Implementing the Runnable interface: This is one of the two valid ways. It is often pre-
ferred because it allows the class to extend another class, as Java does not support multiple
inheritance.

(B) Calling the run() method directly: This does not create a new thread. It simply executes
the ‘run()‘ method in the current thread, just like any other method call. To start a new thread,
you must call the ‘start()‘ method.

(C) Using the Callable interface: ‘Callable‘ is part of the Java concurrency framework and is
used with ‘ExecutorService’. While it’s used for executing tasks in other threads, the funda-
mental way to create a thread is by using ‘Thread‘ or ‘Runnable’.

(D) Implementing the java class: This is too vague to be a correct answer.

Therefore, implementing the ‘Runnable’ interface is a valid way to create a thread.

Always call ‘start()‘ to create a new thread. Never call ‘run()‘ directly. ‘start()‘ creates
a new thread and then has that new thread execute the ‘run()‘ method.

192. Which of the following is the top-level container in AWT?
(A) Panel

(B) Label

(C) Button

(D) Frame

Correct Answer: (D) Frame
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Solution:
In Java’s AWT (Abstract Window Toolkit), components are placed inside containers. Contain-
ers can be nested within other containers.

A top-level container is a container that is not contained within any other container. It exists
as a standalone window on the desktop.

Let’s analyze the options:

(A) Panel: A ‘Panel’ is a generic, simple container. It is used to group other components
together. A ‘Panel’ must be placed inside another container, so it is not a top-level container.

(B) Label: A ‘Label‘ is a component used to display text. It is not a container.

(C) Button: A ‘Button‘ is a component that triggers an action when clicked. It is not a con-
tainer.

(D) Frame: A ‘Frame' is a top-level window with a title bar, a border, and buttons for minimiz-
ing, maximizing, and closing. Applets run in a frame provided by the browser, and standalone
AWT applications are built using ‘Frame‘. It is the primary top-level container. Other top-level
containers are ‘Window* and ‘Dialog’.

Therefore, ‘Frame® is the top-level container among the choices.

In AWT /Swing, there are two types of containers: top-level containers (like ‘Frame’,
‘JFrame‘, ‘Dialog‘) which create a window, and intermediate containers (like ‘Panel’,
‘JPanel‘) which are used to group components inside other containers.

193. What is the correct way to refer to an external CSS file?
(A) ilink style src="styles.css”,

(B) jcss;styles.cssj/css;,

(C) ilink rel="stylesheet” href="styles.css”,

D) istylesheet,; styles.cssj/stylesheet;
Sty PRSI | y 4

Correct Answer: (C) jlink rel="stylesheet” href="styles.css”,
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Solution:

There are three ways to apply CSS to an HT'ML document: inline, internal, and external. To
link an external CSS file, you must use the HTML ‘jlink;‘ tag inside the ‘jhead;‘ section of the
HTML document.

The ‘jlink;‘ tag defines the relationship between the current document and an external resource.
The correct syntax requires three key attributes:

‘rel="stylesheet”‘: This attribute is required and specifies the relationship. It tells the browser
that the linked document is a stylesheet. ‘href="styles.css”‘: This attribute specifies the URL
or path to the external CSS file. (Optionally) ‘type="text/css”‘: This attribute specifies the
media type of the linked document, but it is no longer required in HTMLS5.

Let’s analyze the options:

(A) ‘ilink style src="styles.css”;‘: Incorrect. The attributes are ‘rel‘ and ‘href, not ‘style‘
and ‘src’. (B) ‘jessstyles.cssj/cssi: Incorrect. There is no ‘jess;‘ tag in HTML. (C) ‘jlink

rel="stylesheet” href="styles.css”;‘: This is the correct syntax. (D) ‘jstylesheet;styles.cssj/stylesheet; ‘:
Incorrect. There is no ‘jstylesheet;‘ tag in HTML.

Quick Tip

Always place the ‘jlink;‘ tag for external stylesheets inside the ‘jhead;‘ section of your
HTML document. This ensures that the styles are loaded before the browser starts
rendering the body content.

194. Which of the following is a client-side scripting language?
(A) Java

(B) JavaScript

(C) Ruby

(D) PERL

Correct Answer: (B) JavaScript

Solution:
Web development involves two main environments: the client-side and the server-side.
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Server-side scripting languages run on the web server. They are used to generate dynamic web
pages, interact with databases, and handle business logic. Examples include PHP, Python,
Ruby, Java (with Servlets/JSP), and Perl. Client-side scripting languages run in the user’s
web browser. They are used to make web pages interactive, manipulate the Document Object
Model (DOM), validate forms, and communicate with the server asynchronously (AJAX).

Let’s analyze the options:

(A) Java, (C) Ruby, and (D) Perl are all primarily used as server-side languages in web devel-
opment.

(B) JavaScript is the quintessential client-side scripting language. It is supported by all modern
web browsers and is the foundation of interactive web front-ends.

A simple distinction: Client-side code (JavaScript, HTML, CSS) runs on your computer
in your browser. Server-side code (PHP, Python, etc.) runs on the website’s computer
(the server).

195. Which HTML tag is used to insert an image?
(A) jimg url="htmllogo.jpg” /i,
(B) jimg alt="htmllogo.jpg” /i,
(C) jimg src="htmllogo.jpg” /i

(D) jimg link="htmllogo.jpg” /i

Correct Answer: (C) jimg src="htmllogo.jpg” /i,

Solution:
In HTML, the ‘jimg;‘ tag is used to embed an image in a web page. The ‘jimg;‘ tag is an
empty tag, meaning it does not have a closing tag.

It requires several attributes to function correctly, the most important of which is ‘src’.
‘src‘ (source): This attribute is mandatory and specifies the path or URL to the image file.

‘alt‘ (alternative text): This attribute provides a text description of the image. It is important
for accessibility (screen readers) and is displayed if the image fails to load.
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Let’s analyze the options:

(A) ‘url’: Incorrect attribute. The correct attribute for the image path is ‘src’. (B) ‘alt‘: This
is a valid and important attribute, but it specifies the alternative text, not the image source.
The ‘srct attribute is missing, so this tag would not display an image. (C) ‘src’: This is the
correct attribute to specify the source of the image file. This is the correct syntax. (D) ‘link‘:
Incorrect attribute. The ‘link‘ tag is different from the ‘img‘ tag.

Therefore, ‘jimg src="htmllogo.jpg” /i* is the correct tag.

Quick Tip

Always include the ‘alt® attribute in your ‘jimg;‘ tags. It is crucial for web accessibility
and also helps with search engine optimization (SEO). A correct tag would be ‘jimg
src="logo.jpg” alt="Company Logo”;".

196. Which of the following is not a JavaScript data type?
(A) String

(B) Boolean

(C) Float

(D) Object

Correct Answer: (C) Float

Solution:
JavaScript has a set of primitive data types and a complex type (Object). The primitive types
are:

1. String: Represents textual data (e.g., “hello”). 2. Number: Represents both integer and
floating-point numbers. There is no separate ‘int‘ or ‘float' type. (e.g., 42, 3.14). 3. Biglnt:
Represents integers with arbitrary precision. 4. Boolean: Represents logical entities, can have
two values: ‘true‘ and ‘false’. 5. Undefined: A variable that has been declared but not assigned
a value has the type ‘undefined‘. 6. Null: Represents the intentional absence of any object
value. 7. Symbol: A unique and immutable primitive value.

In addition to these, Object is a complex data type.

Let’s analyze the options:
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(A) String, (B) Boolean, and (D) Object are all valid data types in JavaScript.

(C) Float: JavaScript does not have a separate data type called ‘Float‘. All numbers, whether
integers or decimals, are of the ‘Number* type.

Therefore, Float is not a JavaScript data type.

A key feature of JavaScript’s type system to remember is that there is only one ‘Number*
type for all kinds of numbers. You don’t need to distinguish between integers, floats,
doubles, etc. as you do in languages like C++ or Java.

197. What does XML stand for?
(A) Extra Markup Language

(B) Extensible Markup Language
(C) Example Markup Language

(D) Executable Markup Language

Correct Answer: (B) Extensible Markup Language

Solution:
XML is a markup language and file format for storing, transmitting, and reconstructing arbi-
trary data.

Its name, XML, is an acronym for Extensible Markup Language.
Extensible: Unlike HTML, which has a predefined set of tags, XML allows you to define your
own custom tags to describe your data. This makes it highly flexible for representing different

kinds of data structures. Markup Language: Like HTML, it uses tags to annotate and structure
the data.

The primary purpose of XML is to store and transport data in a way that is both human-
readable and machine-readable.
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Quick Tip

Remember the key difference between HTML and XML: HTML is for displaying data
(it defines the structure of a web page). XML is for describing and transporting data (it
defines the structure of the data itself).

198. Which jQuery function is used to make an element invisible?
(A) hide()

(B) remove()

(C) notDisplay/()

(D) invisible()

Correct Answer: (A) hide()

Solution:

jQuery is a popular JavaScript library that simplifies HTML DOM tree traversal and manipu-
lation, as well as event handling and animation.

To control the visibility of HI'ML elements, jQuery provides several methods:

(A) “hide()‘: This function makes the selected elements invisible. By default, it works by set-
ting the CSS ‘display‘ property of the element to ‘none‘. It can also take arguments to create

an animation effect over a specified duration. The complementary function is ‘.show()‘.

(B) “.remove()‘: This function completely removes the selected elements from the DOM. They
are not just hidden; they are gone.

(C) ‘notDisplay()‘: This is not a standard jQuery function.
(D) ‘invisible()*: This is not a standard jQuery function.

Therefore, the jQuery function used to make an element invisible is ‘hide()".

Remember the jQuery pairs for visibility: ‘hide()‘ and ‘.show() control the display.
“.fadeOut()‘ and ‘.fadeln()‘ control the opacity. ‘.remove()‘ deletes the element entirely.
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199. What is the purpose of the echo statement in PHP?
(A) store data in a database

(B) execute JavaScript code

(C) display output on a webpage

(D) To comment on code

Correct Answer: (C) display output on a webpage

Solution:
PHP is a server-side scripting language primarily used for web development. A PHP script is
executed on the server, and its output is sent to the client’s browser, typically as HTML.

The ‘echo’ construct is one of the primary ways in PHP to output data. It can output one or
more strings, variables, or the result of expressions. This output becomes part of the HTML
document that is sent to the browser.

Let’s analyze the options:

(A) Storing data in a database is done using database functions (e.g., with MySQLi or PDO).
(B) PHP runs on the server and generates HTML. If you ‘echo‘ JavaScript code, that code
will be sent to the browser and then executed by the browser, but ‘echo‘’s purpose is simply to

output the string, not to execute it.

(C) This is the core purpose. ‘echo ”jh1;Hello Worldj/h1;”;* will cause the text ”Hello World”
to be displayed as a heading on the final webpage.

(D) Comments in PHP are made using ‘//‘, ““, or ¢/ ... /.

Therefore, the purpose of ‘echo’ is to display output.

In PHP, both ‘echo‘ and ‘print‘ can be used to display output. ‘echo‘ is slightly faster
as it is a language construct and doesn’t return a value, while ‘print‘ is a function that
returns 1. ‘echo’ can also take multiple arguments.

200. Which PHP function is used to redirect a page?
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(A) redirect()
(B) header()
(C) navigate()

(D) gotoPage()
Correct Answer: (B) header()

Solution:

In web development, a redirect is a way to send both users and search engines to a different
URL from the one they originally requested.

In PHP, redirects are performed by sending a raw HTTP header to the browser.

The PHP function used to send a raw HTTP header is the ‘header()‘ function.

To perform a redirect, you use the ‘header()‘ function with a ”Location” header. The syntax
is:

‘header(” Location: http://www.new-url.com”);
It is crucial that this function is called before any actual output (like HTML or ‘echo’ state-
ments) is sent to the browser. It’s also good practice to call ‘exit()* immediately after the

‘header() call to stop the script from executing further.

The other options (‘redirect(), ‘navigate()‘, ‘gotoPage()‘) are not standard built-in PHP func-
tions for this purpose.

Quick Tip

A common pitfall with ‘header()* redirects in PHP is the "headers already sent” error.
This happens if you try to call ‘header()‘ after any output (even a single space or blank
line outside of ‘j{?php ... 7;¢ tags) has been sent.
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