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General Instructions

1. The AP ECET 2025 examination will be conducted in Computer-Based Test
(CBT) mode by the Andhra University, Visakhapatnam on behalf of the AP
State Council of Higher Education (APSCHE).

2. The duration of the examination is 2 hours.

3. The question paper consists of 120 multiple-choice questions (MCQs), each
carrying 1 mark.

4. There is no negative marking for incorrect answers.

5. Candidates must carry a printed copy of their Admit Card and a valid Photo ID
proof to the examination centre.

6. Use of calculators, mobile phones, or any electronic gadgets is strictly pro-
hibited inside the examination hall.

7. Rough work should be done only in the space provided in the question paper or on
the rough sheet supplied.

8. Candidates must report to the examination centre at least 60 minutes before the
commencement of the test.

9. The test timer will automatically stop once the allotted time (2 hours) is over.

10. Do not leave the examination hall until the invigilator instructs you to do so.

Mathematics

1. If the matrix A =

1 2 3
4 5 6
7 8 9

, then which of the following is true?

(A) The matrix is invertible
(B) The matrix is singular
(C) The matrix is diagonalizable
(D) The matrix is symmetric

Correct Answer: (B) The matrix is singular

Solution:
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Step 1: Understanding the Concept
A square matrix is called singular if its determinant is zero. If the determinant is non-zero,
the matrix is called invertible or non-singular. To determine the nature of the given matrix
A, we need to calculate its determinant.
Step 2: Key Formula or Approach

The determinant of a 3x3 matrix A =

a b c

d e f
g h i

 is given by the formula:

det(A) = a(ei− fh)− b(di− fg) + c(dh− eg)

Step 3: Detailed Explanation

The given matrix is A =

1 2 3
4 5 6
7 8 9

.
We calculate the determinant of A by expanding along the first row:

det(A) = 1 ·
∣∣∣∣5 6
8 9

∣∣∣∣− 2 ·
∣∣∣∣4 6
7 9

∣∣∣∣+ 3 ·
∣∣∣∣4 5
7 8

∣∣∣∣
Now, we calculate the 2x2 determinants:

det(A) = 1 · (5× 9− 6× 8)− 2 · (4× 9− 6× 7) + 3 · (4× 8− 5× 7)

det(A) = 1 · (45− 48)− 2 · (36− 42) + 3 · (32− 35)

det(A) = 1 · (−3)− 2 · (−6) + 3 · (−3)

det(A) = −3 + 12− 9

det(A) = 0

Step 4: Final Answer
Since the determinant of matrix A is 0, the matrix is singular. Option (A) is incorrect
because an invertible matrix must have a non-zero determinant. Option (D) is incorrect
because A is not symmetric (i.e., A ̸= AT ). While the matrix might be diagonalizable, the
most direct and certain conclusion from det(A) = 0 is that it’s singular.
Therefore, the correct statement is that the matrix is singular.

� Quick Tip

For matrices with elements in an arithmetic progression, like this one (rows and
columns are in A.P.), the determinant is often zero. For a 3x3 matrix where the ele-
ments of each row (or column) form an arithmetic progression, the determinant is al-
ways zero. This can be a useful shortcut in competitive exams.
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2. If A =

[
a b
c d

]
and the determinant of A is 5, then determinant of the matrix 2A is

(A) 10
(B) 20
(C) 5
(D) 25

Correct Answer: (B) 20

Solution:
Step 1: Understanding the Concept
This question tests the properties of determinants, specifically how the determinant of a
matrix changes when the matrix is multiplied by a scalar (a constant number).
Step 2: Key Formula or Approach
If A is a square matrix of order n× n and k is a scalar, then the determinant of the matrix
kA is given by the property:

det(kA) = kn · det(A)
Step 3: Detailed Explanation
We are given the following information:
1. A is a 2x2 matrix, so its order is n = 2.
2. The determinant of A is 5, i.e., det(A) = 5.
3. We need to find the determinant of the matrix 2A, so the scalar is k = 2.
Using the formula from Step 2:

det(2A) = 2n · det(A)
Substitute the values of n and det(A):

det(2A) = 22 · 5

det(2A) = 4 · 5

det(2A) = 20

Step 4: Final Answer
The determinant of the matrix 2A is 20. This corresponds to option (B).

� Quick Tip

A common mistake is to think that det(kA) = k * det(A). Remember that the scalar
k is raised to the power of the matrix’s order (n). For a 2x2 matrix, it’s k², for a 3x3
matrix, it’s k³, and so on.

3. If the matrix A is of order 3x3 and the system of equations AX = B has a unique solution,
what can be concluded about the determinant of A?
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(A) The determinant of A is zero
(B) The determinant of A is non-zero
(C) The determinant of A must be 1 only
(D) The determinant of A cannot be negative

Correct Answer: (B) The determinant of A is non-zero

Solution:
Step 1: Understanding the Concept
This question relates the properties of a matrix to the nature of the solution of a system of
linear equations represented by that matrix. A system of linear equations can have a unique
solution, infinite solutions, or no solution.
Step 2: Key Formula or Approach
For a system of linear equations of the form AX = B, where A is the coefficient matrix:
1. If det(A) ̸= 0, the matrix A is invertible, and the system has a unique solution given by
X = A−1B.
2. If det(A) = 0, the system may have either no solution or infinitely many solutions,
depending on the matrix B.
Step 3: Detailed Explanation
The problem states that the system of equations AX = B has a unique solution.
Based on the fundamental theorem of linear algebra regarding systems of equations, a unique
solution exists if and only if the coefficient matrix A is non-singular (or invertible).
A matrix is non-singular if and only if its determinant is non-zero.
Therefore, the condition that the system has a unique solution directly implies that
det(A) ̸= 0.
Step 4: Final Answer
The determinant of A must be non-zero. The determinant can be any non-zero real number
(positive, negative, or a fraction), so options (C) and (D) are not necessarily true. Option (A)
is incorrect because a zero determinant implies either no solution or infinite solutions.
Thus, the correct conclusion is that the determinant of A is non-zero.

� Quick Tip

Remember the connection:

• Unique Solution ⇐⇒ det(A) ̸= 0 ⇐⇒ A is invertible/non-singular.

• No Solution or Infinite Solutions ⇐⇒ det(A) = 0 ⇐⇒ A is singular.

This is a crucial concept in linear algebra.

4. If A =

[
x 3
2 4

]
and A−1 =

[
−2 1.5
1 −0.5

]
, then the value of x is

(A) -2
(B) 1
(C) 1.5
(D) -0.5
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Correct Answer: (B) 1

Solution:
Step 1: Understanding the Concept
This question uses the fundamental property of a matrix and its inverse. The product of a
matrix and its inverse is the identity matrix.
Step 2: Key Formula or Approach
For any invertible matrix A, its inverse A−1 satisfies the property:

A · A−1 = I

where I is the identity matrix of the same order. For a 2x2 matrix, I =

[
1 0
0 1

]
.

Step 3: Detailed Explanation
We are given the matrices A and A−1. We can set up the equation A · A−1 = I:[

x 3
2 4

] [
−2 1.5
1 −0.5

]
=

[
1 0
0 1

]
To find the value of x, we can perform the matrix multiplication and equate the
corresponding elements. We only need to compute the element in the first row and first
column of the product matrix.
The element in the first row, first column of the product A · A−1 is calculated by multiplying
the first row of A by the first column of A−1:

(x×−2) + (3× 1) = −2x+ 3

This element must be equal to the element in the first row, first column of the identity
matrix, which is 1.
So, we have the equation:

−2x+ 3 = 1

Now, we solve for x:

−2x = 1− 3

−2x = −2

x =
−2

−2

x = 1

Step 4: Final Answer
The value of x is 1. This corresponds to option (B). We can verify this by calculating another
element, for instance, the one in the first row, second column:
(x× 1.5) + (3×−0.5) = 1.5x− 1.5. Setting x = 1, this becomes 1.5(1)− 1.5 = 0, which
matches the identity matrix.
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� Quick Tip

When solving for an unknown in a matrix equation like A · A−1 = I, you don’t need to
calculate the entire matrix product. Just calculate the single element that involves the
unknown variable and equate it to the corresponding element in the identity matrix.
This saves valuable time.

5. If A =

[
1 2
3 4

]
and B =

[
1 0
1 0

]
, then (AB)T =

(A)

[
0 0
3 4

]
(B)

[
0 0
3 7

]
(C)

[
3 7
0 0

]
(D)

[
3 6
0 0

]

Correct Answer: (C)

[
3 7
0 0

]
Solution:
Step 1: Understanding the Concept
This question involves two matrix operations: matrix multiplication and matrix transposition.
We first need to find the product of matrices A and B, and then find the transpose of the
resulting matrix.
Step 2: Key Formula or Approach
1. Matrix Multiplication: If C = AB, then the element Cij is the dot product of the i-th
row of A and the j-th column of B.
2. Matrix Transposition: The transpose of a matrix, denoted by MT , is obtained by
swapping its rows and columns.
Step 3: Detailed Explanation
First, we calculate the product matrix C = AB.

A =

[
1 2
3 4

]
, B =

[
1 0
1 0

]
AB =

[
(1 · 1 + 2 · 1) (1 · 0 + 2 · 0)
(3 · 1 + 4 · 1) (3 · 0 + 4 · 0)

]
AB =

[
(1 + 2) (0 + 0)
(3 + 4) (0 + 0)

]
AB =

[
3 0
7 0

]
Next, we find the transpose of the resulting matrix AB. To find the transpose, we interchange
the rows and columns.
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The first row [3 0] becomes the first column.
The second row [7 0] becomes the second column.

(AB)T =

[
3 7
0 0

]
Step 4: Final Answer

The resulting matrix is

[
3 7
0 0

]
. This matches option (C).

� Quick Tip

Remember the property of transpose of a product: (AB)T = BTAT . You could also
solve this problem by first finding the transposes of B and A and then multiplying

them in reverse order. BT =

[
1 1
0 0

]
, AT =

[
1 3
2 4

]
. BTAT =

[
1 1
0 0

] [
1 3
2 4

]
=[

(1 · 1 + 1 · 2) (1 · 3 + 1 · 4)
(0 · 1 + 0 · 2) (0 · 3 + 0 · 4)

]
=

[
3 7
0 0

]
. The result is the same.

6. If 2x+5
(x−1)(x+3) =

A
(x−1) +

B
(x+3) then A+B =

(A) -2
(B) 2
(C) 1
(D) -1

Correct Answer: (B) 2

Solution:
Step 1: Understanding the Concept
This question involves finding the values of constants in a partial fraction decomposition. The
given equation expresses a rational function as a sum of simpler rational functions.
Step 2: Key Formula or Approach
To find the constants A and B, we first clear the denominators by multiplying both sides of
the equation by the common denominator (x− 1)(x+ 3).

2x+ 5 = A(x+ 3) +B(x− 1)

We can find A and B using the ”cover-up” method or by substituting convenient values for x.
Step 3: Detailed Explanation
We start with the equation obtained after clearing the denominators:

2x+ 5 = A(x+ 3) +B(x− 1)

To find A: We substitute a value of x that makes the B term zero. This value is x = 1.
Substitute x = 1 into the equation:

2(1) + 5 = A(1 + 3) +B(1− 1)
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7 = A(4) +B(0)

7 = 4A

A =
7

4
To find B: We substitute a value of x that makes the A term zero. This value is x = −3.
Substitute x = −3 into the equation:

2(−3) + 5 = A(−3 + 3) +B(−3− 1)

−6 + 5 = A(0) +B(−4)

−1 = −4B

B =
−1

−4
=

1

4

The question asks for the value of A + B.

A+B =
7

4
+

1

4

A+B =
7 + 1

4
=

8

4

A+B = 2

Step 4: Final Answer
The value of A+B is 2. This corresponds to option (B).

� Quick Tip

For linear factors in the denominator, the cover-up method is very fast. To find A (the
numerator of 1

x−1), cover the (x − 1) term in the original fraction and substitute x = 1

into the rest: A = 2(1)+5
1+3 = 7

4 . Similarly, for B, cover (x + 3) and substitute x = −3:

B = 2(−3)+5
−3−1 = −1

−4 = 1
4 .

7. If 3x−1
(x−1)(x−2)(x−3) =

A
x−1 +

B
x−2 +

C
x−3 then the values of (A, B, C) are

(A) (1, -5, 4)
(B) (1, 5, 4)
(C) (4, 5, 1)
(D) (1, 4, 5)

Correct Answer: (A) (1, -5, 4)
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Solution:
Step 1: Understanding the Concept
This is a problem of partial fraction decomposition with three distinct linear factors in the
denominator. We need to find the constants A, B, and C.
Step 2: Key Formula or Approach
Multiply both sides by the common denominator (x− 1)(x− 2)(x− 3) to clear the fractions.

3x− 1 = A(x− 2)(x− 3) +B(x− 1)(x− 3) + C(x− 1)(x− 2)

We can find A, B, and C by substituting the roots of the denominator: x=1, x=2, and x=3.
Step 3: Detailed Explanation
We use the equation: 3x− 1 = A(x− 2)(x− 3) +B(x− 1)(x− 3) + C(x− 1)(x− 2).
To find A (substitute x=1):

3(1)− 1 = A(1− 2)(1− 3) +B(0) + C(0)

2 = A(−1)(−2)

2 = 2A

A = 1

To find B (substitute x=2):

3(2)− 1 = A(0) +B(2− 1)(2− 3) + C(0)

5 = B(1)(−1)

5 = −B

B = −5

To find C (substitute x=3):

3(3)− 1 = A(0) +B(0) + C(3− 1)(3− 2)

8 = C(2)(1)

8 = 2C

C = 4

So, the values are A=1, B=-5, and C=4.
Step 4: Final Answer
The values are (A, B, C) = (1, -5, 4), which corresponds to option (A).
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� Quick Tip

The cover-up method is extremely efficient here. To find A, cover (x-1) and plug in

x=1: A = 3(1)−1
(1−2)(1−3) = 2

(−1)(−2) = 1. To find B, cover (x-2) and plug in x=2: B =
3(2)−1

(2−1)(2−3) = 5
(1)(−1) = −5. To find C, cover (x-3) and plug in x=3: C = 3(3)−1

(3−1)(3−2) =
8

(2)(1) = 4. This technique saves a lot of writing and calculation time.

8. If sin θ = 3
5 , then cos θ =

(A) 4
5 but not −4

5
(B) 4

5 or −4
5

(C) −4
5 but not 4

5
(D) 3

5 but not −3
5

Correct Answer: (B) 4
5 or −4

5

Solution:
Step 1: Understanding the Concept
This question requires the use of the fundamental Pythagorean identity in trigonometry,
which relates sin θ and cos θ.
Step 2: Key Formula or Approach
The Pythagorean identity is:

sin2 θ + cos2 θ = 1

We can rearrange this to solve for cos θ:

cos2 θ = 1− sin2 θ

cos θ = ±
√

1− sin2 θ

Step 3: Detailed Explanation
We are given that sin θ = 3

5 .
Using the formula, we substitute this value:

cos2 θ = 1−
(
3

5

)2

cos2 θ = 1− 9

25

To subtract the fraction, we find a common denominator:

cos2 θ =
25

25
− 9

25

cos2 θ =
16

25
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Now, we take the square root of both sides. Remember to include both the positive and
negative roots.

cos θ = ±
√

16

25

cos θ = ±4

5

This means that cos θ can be 4
5 or −4

5 . The sign of cos θ depends on the quadrant in which the
angle θ lies. Since the quadrant is not specified, both possibilities are valid. If θ is in the first
or fourth quadrant, cos θ is positive. If θ is in the second or third quadrant, cos θ is negative.
Step 4: Final Answer
Since no information about the quadrant of θ is given, we must consider both possible values
for cos θ. Therefore, cos θ = 4

5 or cos θ = −4
5 . This corresponds to option (B).

� Quick Tip

Whenever you take a square root to solve a trigonometric equation, always remem-
ber the ± sign. The specific quadrant information is needed to determine the cor-
rect sign. Without it, both signs are possible solutions. The numbers (3, 4, 5) form a
Pythagorean triple, which is a common pattern in trigonometry questions.

9. If cos θ csc θ = −1 and θ lies in the second quadrant then cos θ =

(A) −
√
3
2

(B)
√
2
2

(C) −
√
2
2

(D) −
√
2

Correct Answer: (C) −
√
2
2

Solution:
Step 1: Understanding the Concept
This question requires simplifying a trigonometric expression and then using quadrant
information to determine the value of a specific trigonometric function.
Step 2: Key Formula or Approach
We use the reciprocal identity for cosecant: csc θ = 1

sin θ .

And the quotient identity for cotangent: cot θ = cos θ
sin θ .

We also need to know the signs of trigonometric functions in the second quadrant: sin θ is
positive, and cos θ is negative.
Step 3: Detailed Explanation
We start with the given equation:

cos θ csc θ = −1

Substitute csc θ = 1
sin θ :
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cos θ · 1

sin θ
= −1

cos θ

sin θ
= −1

This simplifies to:

cot θ = −1

We are looking for the value of cos θ. We know that cot θ = −1 for angles such as θ = 135◦ (in
the second quadrant) and θ = 315◦ (in the fourth quadrant).
The problem states that θ lies in the second quadrant. In the second quadrant, cos θ is
negative and sin θ is positive.
From cot θ = −1, we have cos θ = − sin θ.
Now, we use the Pythagorean identity sin2 θ + cos2 θ = 1.
Substitute cos θ = − sin θ into the identity:

sin2 θ + (− sin θ)2 = 1

sin2 θ + sin2 θ = 1

2 sin2 θ = 1

sin2 θ =
1

2

sin θ = ±
√

1

2
= ± 1√

2

Since θ is in the second quadrant, sin θ must be positive. So, sin θ = 1√
2
.

Now, we find cos θ using cos θ = − sin θ:

cos θ = − 1√
2

To rationalize the denominator, we multiply the numerator and denominator by
√
2:

cos θ = − 1 ·
√
2√

2 ·
√
2
= −

√
2

2

Step 4: Final Answer

The value of cos θ is −
√
2
2 . This corresponds to option (C).

� Quick Tip

Recognizing that cot θ = −1 immediately tells you the reference angle is 45◦ or π
4 ra-

dians. In the second quadrant, the angle is 180◦ − 45◦ = 135◦. Then, you can directly

find cos(135◦) = − cos(45◦) = −
√
2
2 .
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10. If 5 sin θ = 4 then the value of csc θ−cot θ
csc θ+cot θ is

(A) -1/4
(B) -1/2
(C) 1/2
(D) 1/4

Correct Answer: (D) 1/4

Solution:
Step 1: Understanding the Concept
This problem involves calculating the value of a trigonometric expression given the value of
sin θ. We will need to find the values of csc θ and cot θ from the given information.
Step 2: Key Formula or Approach
1. From 5 sin θ = 4, we get sin θ = 4

5 .
2. Use the reciprocal identity: csc θ = 1

sin θ .
3. Use the Pythagorean identity cos2 θ = 1− sin2 θ to find cos θ.
4. Use the quotient identity cot θ = cos θ

sin θ to find cot θ.
5. Substitute the values into the given expression.
Step 3: Detailed Explanation
Given 5 sin θ = 4, we have sin θ = 4

5 .
First, let’s find csc θ:

csc θ =
1

sin θ
=

1

4/5
=

5

4

Next, let’s find cos θ:

cos2 θ = 1− sin2 θ = 1−
(
4

5

)2

= 1− 16

25
=

9

25

cos θ = ±
√

9

25
= ±3

5

Since the options are all positive, we can assume θ is in the first quadrant, where all
trigonometric functions are positive. So, we take cos θ = 3

5 .
Now, let’s find cot θ:

cot θ =
cos θ

sin θ
=

3/5

4/5
=

3

4

Finally, we substitute the values of csc θ and cot θ into the expression:

csc θ − cot θ

csc θ + cot θ
=

5
4 −

3
4

5
4 +

3
4

=
5−3
4

5+3
4

=
2
4
8
4

=
2/4

8/4
=

2

8
=

1

4
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If we had taken cos θ = −3/5 (for θ in the second quadrant), then cot θ = −3/4. The

expression would be 5/4−(−3/4)
5/4+(−3/4) =

8/4
2/4 = 4, which is not among the options. Thus, assuming

the first quadrant is the intended context.
Step 4: Final Answer
The value of the expression is 1

4 . This corresponds to option (D).

� Quick Tip

A useful simplification: csc θ−cot θ
csc θ+cot θ =

1
sin θ

− cos θ
sin θ

1
sin θ

+ cos θ
sin θ

= 1−cos θ
1+cos θ . Given sin θ = 4/5, assume 1st

quadrant, cos θ = 3/5. Then 1−3/5
1+3/5 = 2/5

8/5 = 2
8 = 1

4 . This can sometimes be faster.

11. For real x and if x+ 1
x = 2 cos θ then cos θ is

(A) ±1
(B) 1

2
(C) 1
(D) ±1

2

Correct Answer: (A) ±1

Solution:
Step 1: Understanding the Concept
The question provides an equation relating a variable x and a trigonometric function cos θ.
The key piece of information is that x must be a real number. This constraint will limit the
possible values of cos θ.
Step 2: Key Formula or Approach
We can rearrange the given equation into a quadratic equation in terms of x. For a quadratic
equation ax2 + bx+ c = 0 to have real roots, its discriminant (∆ = b2 − 4ac) must be greater
than or equal to zero (∆ ≥ 0).
We also use the property of the cosine function: −1 ≤ cos θ ≤ 1, which implies cos2 θ ≤ 1.
Step 3: Detailed Explanation
Start with the given equation:

x+
1

x
= 2 cos θ

Assuming x ̸= 0, multiply the entire equation by x to eliminate the fraction:

x2 + 1 = 2x cos θ

Rearrange the terms to form a standard quadratic equation in x:

x2 − (2 cos θ)x+ 1 = 0

This is a quadratic equation of the form ax2 + bx+ c = 0, with a = 1, b = −2 cos θ, and c = 1.
Since x is a real number, the discriminant of this quadratic equation must be non-negative.

∆ = b2 − 4ac ≥ 0
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Substitute the values of a, b, and c:

(−2 cos θ)2 − 4(1)(1) ≥ 0

4 cos2 θ − 4 ≥ 0

4 cos2 θ ≥ 4

cos2 θ ≥ 1

Now, we must also consider the fundamental range of the cosine function. For any real angle
θ, the value of cos θ is always between -1 and 1, inclusive. Squaring this inequality gives:

0 ≤ cos2 θ ≤ 1

We have two conditions for cos2 θ: cos2 θ ≥ 1 and cos2 θ ≤ 1. The only value that satisfies
both conditions simultaneously is:

cos2 θ = 1

Taking the square root of both sides gives:

cos θ = ±1

Step 4: Final Answer
The only possible values for cos θ are 1 and -1. Therefore, cos θ = ±1, which corresponds to
option (A).

� Quick Tip

Another approach is to use the AM-GM inequality. For any positive real number x,
x+1/x

2 ≥
√

x · 1
x , which means x + 1

x ≥ 2. For negative x, x + 1
x ≤ −2. So, |x + 1

x | ≥ 2.

This means |2 cos θ| ≥ 2, or | cos θ| ≥ 1. Since we also know | cos θ| ≤ 1, the only
possibility is | cos θ| = 1, which implies cos θ = ±1.

12. sin6 θ + cos6 θ + 3 sin2 θ cos2 θ =
(A) 0
(B) 1
(C) 2
(D) -1

Correct Answer: (B) 1

Solution:
Step 1: Understanding the Concept
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This question asks to simplify a trigonometric expression. The key is to recognize the
algebraic structure of the expression and use the fundamental trigonometric identity
sin2 θ + cos2 θ = 1.
Step 2: Key Formula or Approach
We can use the algebraic identity for the sum of cubes:

a3 + b3 = (a+ b)(a2 − ab+ b2)

Alternatively, we can use the identity derived from (a+ b)3:

a3 + b3 = (a+ b)3 − 3ab(a+ b)

Let’s choose a = sin2 θ and b = cos2 θ.
Step 3: Detailed Explanation
Let a = sin2 θ and b = cos2 θ.
The expression can be written as (sin2 θ)3 + (cos2 θ)3 + 3 sin2 θ cos2 θ, which is a3 + b3 + 3ab.
We know the fundamental trigonometric identity:

a+ b = sin2 θ + cos2 θ = 1

Now, let’s use the algebraic identity a3 + b3 = (a+ b)3 − 3ab(a+ b).
Substitute a+ b = 1 into this identity:

a3 + b3 = (1)3 − 3ab(1)

a3 + b3 = 1− 3ab

Now substitute this back into the original expression we are trying to simplify:
Expression = (a3 + b3) + 3ab
Expression = (1− 3ab) + 3ab
Expression = 1
Therefore, sin6 θ + cos6 θ + 3 sin2 θ cos2 θ = 1.
Step 4: Final Answer
The value of the expression is 1. This corresponds to option (B).

� Quick Tip

This expression is a direct application of the identity (a+ b)3 = a3 + b3 + 3ab(a+ b). If
we let a = sin2 θ and b = cos2 θ, then a + b = 1. The expression given is a3 + b3 + 3ab.
By adding 3ab(a + b − 1) to this expression (which is zero), we can rewrite it. A better
way is to see that the given expression is missing the (a+b) factor in the 3ab term. The
identity a3+ b3 = (a+ b)3− 3ab(a+ b) is more direct. Substituting a = sin2 θ, b = cos2 θ
and a + b = 1 into our expression gives (1 − 3ab) + 3ab = 1. Memorizing the result
sin6 θ + cos6 θ = 1− 3 sin2 θ cos2 θ is also helpful.

13. The maximum value of 3 cos θ + 4 sin θ is
(A) 2
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(B) 4
(C) 5
(D) 1

Correct Answer: (C) 5

Solution:
Step 1: Understanding the Concept
This question asks for the maximum value of a linear combination of sine and cosine functions
of the same angle. Such expressions can be combined into a single trigonometric function
(sine or cosine) with a phase shift.
Step 2: Key Formula or Approach
An expression of the form a cos θ + b sin θ can be written as R cos(θ − α) or R sin(θ + β),
where R =

√
a2 + b2.

The range of this expression is [−R,R].
Therefore, the maximum value is R =

√
a2 + b2 and the minimum value is −R = −

√
a2 + b2.

Step 3: Detailed Explanation
The given expression is 3 cos θ + 4 sin θ.
This is in the form a cos θ + b sin θ with a = 3 and b = 4.
Using the formula, the maximum value of this expression is

√
a2 + b2.

Substitute the values of a and b:

Maximum value =
√

32 + 42

=
√
9 + 16

=
√
25

= 5

The minimum value would be -5. The entire expression 3 cos θ+4 sin θ will always have values
between -5 and 5, inclusive.
Step 4: Final Answer
The maximum value of the expression is 5. This corresponds to option (C).

� Quick Tip

This is a standard formula that is very useful to memorize for competitive exams. For
any expression a sin x+ b cos x, the maximum value is

√
a2 + b2 and the minimum value

is −
√
a2 + b2. The Pythagorean triple (3, 4, 5) is commonly used in these types of

questions, so recognizing it can lead to a very quick answer.

14. If sin 5x+sin 3x+sin x = 0 then the value of x other than zero lying between 0 ≤ x ≤ π
2 is

(A) π
6

(B) π
3
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(C) π
12

(D) π
4

Correct Answer: (B) π
3

Solution:
Step 1: Understanding the Concept
This problem requires solving a trigonometric equation. The key is to use the sum-to-product
formulas to simplify the expression and then solve for the variable x within the given interval.
Step 2: Key Formula or Approach
We will use the sum-to-product identity:

sinA+ sinB = 2 sin

(
A+B

2

)
cos

(
A−B

2

)
We will apply this to the terms sin 5x and sin x.
Step 3: Detailed Explanation
The given equation is sin 5x+ sin 3x+ sin x = 0.
Let’s rearrange the terms to group sin 5x and sin x:

(sin 5x+ sin x) + sin 3x = 0

Now, apply the sum-to-product formula with A = 5x and B = x:

2 sin

(
5x+ x

2

)
cos

(
5x− x

2

)
+ sin 3x = 0

2 sin

(
6x

2

)
cos

(
4x

2

)
+ sin 3x = 0

2 sin(3x) cos(2x) + sin 3x = 0

Factor out the common term sin 3x:

sin 3x(2 cos(2x) + 1) = 0

This equation is true if either sin 3x = 0 or 2 cos(2x) + 1 = 0.
Case 1: sin 3x = 0
The general solution for sin θ = 0 is θ = nπ, where n is an integer.
So, 3x = nπ, which gives x = nπ

3 .
We need to find a non-zero solution in the interval 0 ≤ x ≤ π

2 .
If n = 1, x = π

3 . This is in the given interval. (π3 ≈ 1.047, π
2 ≈ 1.57)

If n = 2, x = 2π
3 , which is outside the interval.

Case 2: 2 cos(2x) + 1 = 0

2 cos(2x) = −1

cos(2x) = −1

2

The principal values for θ where cos θ = −1/2 are θ = 2π
3 and θ = 4π

3 .
So, 2x = 2π

3 or 2x = 4π
3 , etc.
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This gives x = π
3 or x = 2π

3 .
The solution x = π

3 is in the interval [0, π2 ]. The solution x = 2π
3 is not.

Step 4: Final Answer
Both cases give the non-zero solution x = π

3 within the specified interval. This corresponds to
option (B).

� Quick Tip

When faced with a sum of three sine or cosine terms, look for a pair that can be sim-
plified using sum-to-product formulas to yield a term that is common with the third
term. Here, combining sin 5x and sin x gives a sin 3x term, which can be factored out.

15. The general solution of the equation tan2 x = 1 is
(A) nπ + π

4 only
(B) nπ ± π

4
(C) 2nπ ± π

4
(D) nπ − π

4 only

Correct Answer: (B) nπ ± π
4

Solution:
Step 1: Understanding the Concept
This question asks for the general solution of a basic trigonometric equation involving the
tangent function. A general solution includes all possible angles that satisfy the equation.
Step 2: Key Formula or Approach
The general solution for an equation of the form tan2 x = tan2 α is given by:

x = nπ ± α

where n is any integer.
Step 3: Detailed Explanation
We are given the equation tan2 x = 1.
First, we find a principal value α that satisfies this equation. We can write 1 as tan2

(
π
4

)
since

tan
(
π
4

)
= 1.

So the equation becomes:

tan2 x = tan2
(π
4

)
This is in the form tan2 x = tan2 α with α = π

4 .
Using the general solution formula x = nπ ± α, we get:

x = nπ ± π

4
Alternative Method:
Take the square root of both sides of tan2 x = 1:

tan x = ±1
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This gives two separate cases:
Case 1: tan x = 1
Since tan

(
π
4

)
= 1, the general solution is x = nπ + π

4 .
Case 2: tan x = −1
Since tan

(
−π

4

)
= −1, the general solution is x = nπ − π

4 .
Combining these two solutions gives x = nπ ± π

4 .
Step 4: Final Answer
The general solution that encompasses all possible values for x is x = nπ ± π

4 , where n is an
integer. This corresponds to option (B).

� Quick Tip

Remember the general solution formulas for squared trigonometric functions:

• If sin2 x = sin2 α, then x = nπ ± α.

• If cos2 x = cos2 α, then x = nπ ± α.

• If tan2 x = tan2 α, then x = nπ ± α.

These are very useful for solving equations quickly.

16. The value of cos 5π
17 + cos 7π

17 + 2 cos 11π
17 cos π

17 is
(A) 0
(B) 1
(C) -1
(D) 1/2

Correct Answer: (A) 0

Solution:
Step 1: Understanding the Concept
This problem involves simplifying a trigonometric expression using product-to-sum and
supplementary angle identities. The key is to transform the product part of the expression
into a sum of cosines.
Step 2: Key Formula or Approach
1. Product-to-Sum Formula: 2 cosA cosB = cos(A+B) + cos(A−B)
2. Supplementary Angle Identity: cos(π − θ) = − cos θ
Step 3: Detailed Explanation
Let the given expression be E.

E = cos
5π

17
+ cos

7π

17
+ 2 cos

11π

17
cos

π

17

First, simplify the product term using the product-to-sum formula, with A = 11π
17 and B = π

17 .

2 cos
11π

17
cos

π

17
= cos

(
11π

17
+

π

17

)
+ cos

(
11π

17
− π

17

)
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= cos

(
12π

17

)
+ cos

(
10π

17

)
Now substitute this back into the original expression:

E = cos
5π

17
+ cos

7π

17
+ cos

12π

17
+ cos

10π

17
Next, use the supplementary angle identity. Notice that the denominators are all 17.
Consider the term cos 12π

17 . We can write 12π
17 as π − 5π

17 .

cos
12π

17
= cos

(
π − 5π

17

)
= − cos

5π

17

Similarly, consider the term cos 10π
17 . We can write 10π

17 as π − 7π
17 .

cos
10π

17
= cos

(
π − 7π

17

)
= − cos

7π

17

Now, substitute these simplified terms back into the expression for E:

E = cos
5π

17
+ cos

7π

17
− cos

5π

17
− cos

7π

17
All the terms cancel each other out.

E = 0

Step 4: Final Answer
The value of the expression is 0. This corresponds to option (A).

� Quick Tip

When you see a series of cosine or sine terms with a common denominator like 17, 13,
11, etc., always check for relationships using π− θ, π+ θ, or 2π− θ. These often lead to
terms cancelling out.

17. If sin θ − cos θ = 4/5 then the value of sin θ + cos θ is
(A) 5√

34

(B) − 5√
34

(C)
√
34
25

(D)
√
34
5

Correct Answer: (D)
√
34
5

Solution:
Step 1: Understanding the Concept
This question involves finding the value of one expression (sin θ + cos θ) given the value of a
similar expression (sin θ − cos θ). The key is to use the relationship between the squares of
these two expressions and the Pythagorean identity.
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Step 2: Key Formula or Approach
We use the following identities:
1. (sin θ − cos θ)2 = sin2 θ − 2 sin θ cos θ + cos2 θ = 1− 2 sin θ cos θ
2. (sin θ + cos θ)2 = sin2 θ + 2 sin θ cos θ + cos2 θ = 1 + 2 sin θ cos θ
By adding these two squared expressions, we get a direct relationship:
(sin θ − cos θ)2 + (sin θ + cos θ)2 = (1− 2 sin θ cos θ) + (1 + 2 sin θ cos θ) = 2
Step 3: Detailed Explanation
We are given sin θ − cos θ = 4

5 .
Let the unknown value be k, so sin θ + cos θ = k.
Using the identity (sin θ − cos θ)2 + (sin θ + cos θ)2 = 2:
Substitute the known and unknown values into this identity:(

4

5

)2

+ k2 = 2

16

25
+ k2 = 2

Now, solve for k2:

k2 = 2− 16

25

k2 =
50

25
− 16

25

k2 =
34

25
Take the square root of both sides:

k = ±
√

34

25

k = ±
√
34

5
The options provided include the positive value. Without more information about the
quadrant of θ, we select the positive option available.
Step 4: Final Answer

The value of sin θ + cos θ is
√
34
5 . This corresponds to option (D).

� Quick Tip

The identity (a sin θ + b cos θ)2 + (b sin θ − a cos θ)2 = a2 + b2 is a generalization of this
concept. For this problem, a = 1 and b = 1, so (sin θ + cos θ)2 + (sin θ − cos θ)2 =
12 + 12 = 2. This is a very useful shortcut.

18. The real part of 1+2i
(2−i)2 is

(A) −1
5
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(B) 11
5

(C) −2
5

(D) 2
5

Correct Answer: (A) −1
5 (Note: The provided image has a checkmark on an option

corresponding to ‘1/5‘. However, direct calculation yields ‘-1/5‘. We proceed with the correct
calculation.)

Solution:
Step 1: Understanding the Concept
This question requires simplifying a complex number expression involving division. To find
the real part, we must first express the number in the standard form a+ bi, where a is the
real part and b is the imaginary part.
Step 2: Key Formula or Approach
1. Expand the denominator. Remember that i2 = −1.
2. To divide complex numbers, multiply the numerator and the denominator by the conjugate
of the denominator. The conjugate of a+ bi is a− bi.
3. Simplify the expression to the form a+ bi.
Step 3: Detailed Explanation
The given expression is 1+2i

(2−i)2 .

First, expand the denominator:

(2− i)2 = 22 − 2(2)(i) + i2

= 4− 4i− 1

= 3− 4i

Now the expression is 1+2i
3−4i .

To simplify this fraction, we multiply the numerator and the denominator by the conjugate of
the denominator. The conjugate of 3− 4i is 3 + 4i.

1 + 2i

3− 4i
× 3 + 4i

3 + 4i
=

(1 + 2i)(3 + 4i)

(3− 4i)(3 + 4i)

Calculate the numerator:

(1 + 2i)(3 + 4i) = 1(3) + 1(4i) + 2i(3) + 2i(4i)

= 3 + 4i+ 6i+ 8i2

= 3 + 10i+ 8(−1) = 3 + 10i− 8

= −5 + 10i

Calculate the denominator:

(3− 4i)(3 + 4i) = 32 − (4i)2 = 9− 16i2
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= 9− 16(−1) = 9 + 16 = 25

So, the complex number is:

−5 + 10i

25
=

−5

25
+

10i

25
= −1

5
+

2

5
i

The real part of this complex number is the term without i.
Step 4: Final Answer
The real part is −1

5 . Based on calculation, this should be the correct answer. The checkmark
in the source image might be on a typo’d option or the question itself might have had a typo
(e.g., ‘(1-2i)‘ in the numerator would yield a real part of ‘11/25‘).

� Quick Tip

When simplifying complex fractions, always start with the denominator. Expand any
powers first, then find the conjugate. Remember that multiplying a complex number
z = a+ bi by its conjugate z̄ = a− bi always gives a real number: zz̄ = a2 + b2 = |z|2.

19. Modulus of the complex number (1+i)10

(2i−4)4 is equal to

(A) 2
25

(B) − 2
25

(C) 1
25

(D) − 1
25

Correct Answer: (A) 2
25

Solution:
Step 1: Understanding the Concept
This question asks for the modulus of a complex number that is a result of division and
powers. We can use the properties of moduli to simplify the calculation.
Step 2: Key Formula or Approach
The properties of the modulus are:
1. |z1/z2| = |z1|/|z2|
2. |zn| = |z|n
3. For a complex number z = a+ bi, the modulus is |z| =

√
a2 + b2.

Step 3: Detailed Explanation

Let z = (1+i)10

(−4+2i)4 . We need to find |z|.
Using the properties of moduli:

|z| =
∣∣∣∣ (1 + i)10

(−4 + 2i)4

∣∣∣∣ = |(1 + i)10|
|(−4 + 2i)4|

=
|1 + i|10

| − 4 + 2i|4

First, calculate the modulus of the base complex numbers:

|1 + i| =
√
12 + 12 =

√
1 + 1 =

√
2
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| − 4 + 2i| =
√
(−4)2 + 22 =

√
16 + 4 =

√
20

Now, substitute these values back into the expression for |z|:

|z| = (
√
2)10

(
√
20)4

Simplify the powers:
(
√
2)10 = (21/2)10 = 210/2 = 25 = 32

(
√
20)4 = (201/2)4 = 204/2 = 202 = 400

So, the modulus is:

|z| = 32

400

Simplify the fraction:

|z| = 16

200
=

8

100
=

2

25

Step 4: Final Answer
The modulus of the complex number is 2

25 . This corresponds to option (A). Note that
modulus is always a non-negative real number, so options (B) and (D) can be eliminated
immediately.

� Quick Tip

Calculating the powers first, like (1 + i)10, and then finding the modulus is much more
complicated. Always use the property |zn| = |z|n to calculate the modulus of the base
first, which is usually a much simpler number, before applying the exponent.

20. In a circle with center O, a 6cm long chord is at a distance 4 cm from the center. Then
the length of diameter is
(A) 5 cm
(B) 10 cm
(C) 15 cm
(D) 8 cm

Correct Answer: (B) 10 cm

Solution:
Step 1: Understanding the Concept
This problem involves the geometric properties of a circle, specifically the relationship
between the radius, a chord, and the perpendicular distance from the center to that chord.
Step 2: Key Formula or Approach
The perpendicular from the center of a circle to a chord bisects the chord. This creates a
right-angled triangle with the following sides:
- The radius of the circle (hypotenuse).
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- The perpendicular distance from the center to the chord (one leg).
- Half the length of the chord (the other leg).
We can use the Pythagorean theorem: (radius)2 = (distance)2 + (half-chord)2.
Step 3: Detailed Explanation
We are given:
- Length of the chord = 6 cm.
- Distance from the center to the chord = 4 cm.
Let ’r’ be the radius of the circle.
First, find half the length of the chord:

Half-chord length =
6

2
= 3 cm

Now, apply the Pythagorean theorem:

r2 = (distance)2 + (half-chord)2

r2 = 42 + 32

r2 = 16 + 9

r2 = 25

r =
√
25 = 5 cm

The question asks for the length of the diameter. The diameter is twice the radius.

Diameter = 2× r = 2× 5 = 10 cm

Step 4: Final Answer
The length of the diameter is 10 cm. This corresponds to option (B).

� Quick Tip

Recognize the numbers 3 and 4 as legs of a right-angled triangle. This is a classic (3, 4,
5) Pythagorean triple, which means the hypotenuse (the radius) must be 5. This allows
for a very quick mental calculation of the radius. Always be careful to answer what is
asked - in this case, the diameter, not the radius.

21. The length of the tangent from the point (5, 1) to the circle x2 + y2 + 6x− 4y − 3 = 0 is
(A) 81
(B) 7
(C) 29
(D) 21

Correct Answer: (B) 7
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Solution:
Step 1: Understanding the Concept
This question asks for the length of a tangent segment from an external point to a circle.
There is a direct formula for this calculation in coordinate geometry.
Step 2: Key Formula or Approach
The length of the tangent, L, from an external point (x1, y1) to a circle with the equation
S ≡ x2 + y2 + 2gx+ 2fy + c = 0 is given by the formula:

L =
√

S1 =
√

x21 + y21 + 2gx1 + 2fy1 + c

Essentially, we substitute the coordinates of the point into the circle’s equation (in standard
form) and take the square root of the result.
Step 3: Detailed Explanation
The given point is (x1, y1) = (5, 1).
The equation of the circle is x2 + y2 + 6x− 4y − 3 = 0.
Using the formula, we substitute x = 5 and y = 1 into the left-hand side of the circle’s
equation:

L2 = S1 = (5)2 + (1)2 + 6(5)− 4(1)− 3

L2 = 25 + 1 + 30− 4− 3

L2 = 56− 7

L2 = 49

Now, take the square root to find the length L:

L =
√
49

L = 7

Step 4: Final Answer
The length of the tangent is 7 units. This corresponds to option (B). Option (A) 81 is L2, a
common mistake.

� Quick Tip

To avoid errors, ensure the equation of the circle is in the form x2 + y2 + ... = 0 before
applying the formula. The formula is simply substituting the point into the expression
for the circle and taking the square root. Don’t forget the final square root step.

22. If length of the tangent is 8 cm and the distance between the center of the circle and the
external point is 11 cm, then the area of the circle is
(A) 100 cm2
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(B) 197.14 cm2

(C) 179.14 cm2

(D) 110.14 cm2

Correct Answer: (C) 179.14 cm2

Solution:
Step 1: Understanding the Concept
This question connects the geometry of tangents to a circle. The radius of the circle at the
point of tangency is perpendicular to the tangent line. This forms a right-angled triangle
involving the radius, the tangent length, and the distance from the center to the external
point.
Step 2: Key Formula or Approach
Let:
- r be the radius of the circle.
- L be the length of the tangent from the external point to the point of tangency.
- d be the distance from the center of the circle to the external point.
These three lengths form a right-angled triangle with d as the hypotenuse. According to the
Pythagorean theorem:

d2 = L2 + r2

The area of a circle is given by A = πr2.
Step 3: Detailed Explanation
We are given:
- Length of the tangent, L = 8 cm.
- Distance from the center to the external point, d = 11 cm.
Using the Pythagorean theorem, we can find the radius r:

112 = 82 + r2

121 = 64 + r2

Solve for r2:

r2 = 121− 64

r2 = 57

Now, calculate the area of the circle:

A = πr2

A = π × 57

Using the approximation π ≈ 3.14159:

A ≈ 57× 3.14159 ≈ 179.07063 cm2
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This value is closest to 179.14 cm2.
Step 4: Final Answer
The area of the circle is approximately 179.14 cm2. This corresponds to option (C).

� Quick Tip

Always draw a simple diagram for geometry problems. In this case, drawing the circle,
the center, the external point, and the tangent will immediately show the right-angled
triangle and which side is the hypotenuse (the distance from the center to the point,
’d’). Notice that you can find the area directly from r2 without needing to calculate r
itself.

23. The equation of the parabola with focus (2, 0) and vertex (1, 0) is
(A) y2 = 4x
(B) y2 = 4x− 4
(C) y2 = 4(x+ 1)
(D) y2 = −4(x− 1)

Correct Answer: (B) y2 = 4x− 4

Solution:
Step 1: Understanding the Concept
This question requires finding the equation of a parabola given its vertex and focus. The key
is to identify the orientation of the parabola (opens right, left, up, or down) and the value of
the parameter ’a’ (distance from vertex to focus).
Step 2: Key Formula or Approach
The standard equation of a parabola with vertex at (h, k) is:
- (y − k)2 = 4a(x− h) if it opens horizontally.
- (x− h)2 = 4a(y − k) if it opens vertically.
The parameter ’a’ is the directed distance from the vertex to the focus.
Step 3: Detailed Explanation
1. Identify the vertex: The vertex is given as (h, k) = (1, 0).
2. Determine the orientation: The vertex is at (1, 0) and the focus is at (2, 0). Since both
have the same y-coordinate, the axis of symmetry is the horizontal line y = 0 (the x-axis).
Since the x-coordinate of the focus (2) is greater than the x-coordinate of the vertex (1), the
parabola opens to the right. This means we use the form (y − k)2 = 4a(x− h).
3. Calculate ’a’: The distance ’a’ from the vertex to the focus is the difference in their
x-coordinates.

a = xfocus − xvertex = 2− 1 = 1

Since the parabola opens to the right, ’a’ is positive. So, a = 1.
4. Write the equation: Substitute the values of h, k, and a into the standard equation.

(y − 0)2 = 4(1)(x− 1)
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y2 = 4(x− 1)

y2 = 4x− 4

Step 4: Final Answer
The equation of the parabola is y2 = 4x− 4. This corresponds to option (B).

� Quick Tip

A quick check: The vertex (1,0) should satisfy the equation. For y2 = 4x − 4, substi-
tuting (1,0) gives 02 = 4(1) − 4, which is 0 = 0. This is correct. The focus is always
”inside” the curve. Since the vertex is at x=1 and focus at x=2, the parabola must
open to the right.

24. If (2, 0) is the vertex and y-axis is the directrix of a parabola then its focus is
(A) (2, 0)
(B) (-2, 0)
(C) (4, 0)
(D) (-4, 0)

Correct Answer: (C) (4, 0)

Solution:
Step 1: Understanding the Concept
This question uses the definition of a parabola and the relationship between its vertex, focus,
and directrix. The vertex is always the midpoint between the focus and the directrix.
Step 2: Key Formula or Approach
1. The axis of a parabola is the line passing through the vertex and the focus, and it is
perpendicular to the directrix.
2. The vertex is the midpoint of the perpendicular line segment connecting the focus to the
directrix.
3. The distance from the vertex to the focus is equal to the distance from the vertex to the
directrix. Let this distance be ’a’.
Step 3: Detailed Explanation
1. Identify Vertex and Directrix:
- Vertex: V = (2, 0).
- Directrix: y-axis, which is the line x = 0.
2. Determine the Axis of Symmetry: The directrix is a vertical line (x = 0). The axis of
symmetry must be perpendicular to it, so the axis is a horizontal line. Since the vertex (2, 0)
lies on the axis, the axis of symmetry is the line y = 0 (the x-axis).
3. Calculate the distance ’a’: The distance ’a’ is the distance from the vertex to the
directrix.

a = distance from (2, 0) to the line x = 0

30



a = |xvertex − xdirectrix| = |2− 0| = 2

4. Locate the Focus: The focus lies on the axis of symmetry (y = 0) at a distance ’a’ from
the vertex, on the side opposite to the directrix.
Since the vertex is at x = 2 and the directrix is at x = 0, the parabola opens to the right
(away from the directrix). Therefore, the focus will be to the right of the vertex.

xfocus = xvertex + a = 2 + 2 = 4

The y-coordinate of the focus is the same as the vertex, which is 0.
So, the focus is at (4, 0).
Step 4: Final Answer
The focus of the parabola is (4, 0). This corresponds to option (C).

� Quick Tip

Remember the order: Directrix – Vertex – Focus. The vertex is always exactly in the
middle. If you know any two of these three components, you can find the third. In this
case, moving from the directrix (x=0) to the vertex (x=2) is a move of +2 units along
the x-axis. To get to the focus, you make the same move from the vertex: 2 + 2 = 4.

25. The eccentricity of the ellipse 16x2 + 7y2 = 112 is
(A) 4

3
(B) 7

16
(C) 3√

7

(D) 3
4

Correct Answer: (D) 3
4

Solution:
Step 1: Understanding the Concept
This question asks for the eccentricity of an ellipse given its equation. The first step is to
convert the given equation into the standard form of an ellipse, identify the major and minor
axes, and then use the formula for eccentricity.
Step 2: Key Formula or Approach

The standard equation of an ellipse centered at the origin is x2

a2 +
y2

b2 = 1 or x2

b2 + y2

a2 = 1, where
a is the semi-major axis (a > b) and b is the semi-minor axis.
The eccentricity e is given by the formula:

e =

√
1− b2

a2

Step 3: Detailed Explanation
The given equation is 16x2 + 7y2 = 112.
To convert it to the standard form, we divide the entire equation by 112:
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16x2

112
+

7y2

112
=

112

112

Simplify the fractions:

x2

7
+

y2

16
= 1

Now we compare this with the standard forms. We need to identify a2 and b2. Since 16 > 7,
the larger denominator is under the y2 term. This means the major axis is along the y-axis.
So, we have:

a2 = 16 =⇒ a = 4

b2 = 7 =⇒ b =
√
7

Now, we can calculate the eccentricity using the formula e =
√

1− b2

a2 :

e =

√
1− 7

16

e =

√
16− 7

16

e =

√
9

16

e =
3

4

Step 4: Final Answer
The eccentricity of the ellipse is 3

4 . This corresponds to option (D).

� Quick Tip

The eccentricity of an ellipse is always between 0 and 1 (0 ≤ e < 1). Options (A) 4
3

and (C) 3√
7
(since

√
7 ≈ 2.64, this is > 1) can be immediately eliminated as they are

greater than 1. This leaves only two possible choices. Always identify the major axis
first by looking for the larger denominator in the standard form.

26. The value of limx→∞
4x3−x+1

x3−4x(1−x2)

(A) 0
(B) 1
(C) -1
(D) ∞

Correct Answer: (B) 1
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Solution:
Step 1: Understanding the Concept
This question requires finding the limit of a rational function as the variable approaches
infinity. The standard method is to analyze the degrees of the numerator and the
denominator polynomials.
Step 2: Key Formula or Approach

For a rational function f(x) = P (x)
Q(x) , where P(x) and Q(x) are polynomials, the limit as

x → ∞ is determined by the ratio of the leading terms. If deg(P ) = deg(Q), the limit is the
ratio of the leading coefficients. If deg(P ) < deg(Q), the limit is 0. If deg(P ) > deg(Q), the
limit is ∞ or −∞.
Alternatively, divide both the numerator and the denominator by the highest power of x
present in the expression.
Step 3: Detailed Explanation
The given limit is limx→∞

4x3−x+1
x3−4x(1−x2) .

First, let’s simplify the denominator:

x3 − 4x(1− x2) = x3 − (4x− 4x3) = x3 − 4x+ 4x3 = 5x3 − 4x

Now the limit expression is:

lim
x→∞

4x3 − x+ 1

5x3 − 4x
The degree of the numerator polynomial is 3, and the degree of the denominator polynomial
is also 3. Since the degrees are equal, the limit is the ratio of the leading coefficients.
The leading coefficient of the numerator is 4.
The leading coefficient of the denominator is 5.
So, the limit should be 4

5 .
Re-evaluation based on OCR and Answer Key: Let’s re-read the OCR’d denominator:
x3 − 4x(1− x2). This seems correct. Let’s re-read the OCR’d numerator: 4x3 − x+ 1. This
also seems correct. The calculation resulted in 4/5, which is not an option. Let’s check the
original image for the limit variable. It says limn→∞. This is likely a typo in the question
paper, and it should be limx→∞. Let’s assume there’s a typo in the question itself. Let’s
check the denominator again in the image: x3 − 4x(1− x2). This looks clear.

Let’s assume the question in the image had a typo and was meant to be 4x3−x+1
x3+4x(x2−1) or

something similar that gives an answer from the options. Let’s re-examine the OCR:
x3 − 4x(1− x2). Let me carefully re-transcribe it from the image. It is x3 − 4x(1− x2).

Calculation x3 − 4x+ 4x3 = 5x3 − 4x. So limit is limx→∞
4x3−x+1
5x3−4x = 4

5 . The options are 0, 1,

-1, ∞. The given solution is 1. This implies the denominator’s leading term must be 4x3.
Maybe the denominator was meant to be 4x3 − 4x(1− x2)? No, that’s 8x3 − 4x. Limit is 1/2.
Maybe the denominator was −x3 − 4x(1− x2) = −x3 − 4x+ 4x3 = 3x3 − 4x. Limit is 4/3.
Maybe the denominator was 4x− x3(1− x2)? This doesn’t match.
There appears to be a significant discrepancy between the question as written and the
provided answer options/key. Let’s assume the denominator was intended to be something
that results in an answer of 1. For the limit to be 1, the leading coefficient of the denominator
must be 4. For example, if the denominator was 4x3 − lower degree terms. Let’s assume the
question was limx→∞

4x3−x+1
4x(x2−1) . Denominator: 4x3 − 4x. Limit: 4

4 = 1. Let’s assume the

question was limx→∞
4x3−x+1

4x3−4x(1−x2) . No.
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Let’s assume there is a typo in the denominator and it should be 4x3 − 4x(1− x). This would
be 4x3 − 4x+ 4x2. Limit would be 1. Let’s assume the denominator is
x3 − 4(1− x3) = x3 − 4 + 4x3 = 5x3 − 4. Limit is 4/5.
Let’s stick to the question as written and point out the issue. Calculation:

lim
x→∞

4x3 − x+ 1

x3 − 4x+ 4x3
= lim

x→∞
4x3 − x+ 1

5x3 − 4x

Divide numerator and denominator by x3:

lim
x→∞

4x3

x3 − x
x3 +

1
x3

5x3

x3 − 4x
x3

= lim
x→∞

4− 1
x2 +

1
x3

5− 4
x2

As x → ∞, terms like 1
x2 and 1

x3 go to 0.

=
4− 0 + 0

5− 0
=

4

5

Since 4
5 is not an option, and the provided answer key points to 1, it’s highly likely there is a

typo in the question paper. If we assume the denominator was intended to be
4x3 − something, for example 4x3 − x2 + 1, then the limit would be 1. Let’s solve based on
the provided answer.
Justification for the given answer ’1’: For the limit to be 1, the ratio of the leading
coefficients of the numerator and denominator must be 1. The leading term of the numerator
is 4x3. Therefore, the leading term of the denominator must also be 4x3. The denominator is
written as x3 − 4x(1− x2), which simplifies to 5x3 − 4x. This gives a limit of 4/5. Let’s
assume a typo in the denominator, and it was meant to be 4x3 − x2 − 1. Then,

lim
x→∞

4x3 − x+ 1

4x3 − x2 − 1
=

4

4
= 1

Given the discrepancy, we will proceed by stating the question as written leads to 4/5, but to
match the answer key, a typo must be assumed.
Step 4: Final Answer
Based on a direct calculation from the question as written, the limit is 4/5, which is not an
option. Assuming there is a typo in the question and the denominator’s leading term was
intended to be 4x3 (e.g., the denominator was 4x3 + x2 − 1), the limit would be 1. We select 1
based on the provided answer key, acknowledging the error in the source question.

� Quick Tip

When evaluating limits at infinity for rational functions, first simplify the numerator
and denominator completely. Then, compare the degrees. If the degrees are equal, the
limit is the ratio of leading coefficients. If you calculate a result that isn’t an option,
double-check your simplification and then consider the possibility of a typo in the ques-
tion.

27. The value of limx→1

(
x2−1
x−1

)
is
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(A) 0
(B) 1
(C) 2
(D) Limit does not exist

Correct Answer: (C) 2 (Note: The provided image has a checkmark on ‘3‘, which is not an
option. The correct answer is 2.)

Solution:
Step 1: Understanding the Concept
This question asks to evaluate a limit. Direct substitution of x = 1 into the expression results
in the indeterminate form 0

0 . This means we need to simplify the expression algebraically or
use L’Hôpital’s Rule to find the limit.
Step 2: Key Formula or Approach
Method 1: Algebraic Simplification
We can factor the numerator using the difference of squares formula: a2 − b2 = (a− b)(a+ b).
Method 2: L’Hôpital’s Rule

If limx→c
f(x)
g(x) is of the form 0

0 or ∞
∞ , then limx→c

f(x)
g(x) = limx→c

f ′(x)
g′(x) , provided the latter limit

exists.
Step 3: Detailed Explanation
Using Method 1: Algebraic Simplification
The expression is x2−1

x−1 .

Factor the numerator: x2 − 1 = (x− 1)(x+ 1).
Now, substitute this back into the limit expression:

lim
x→1

(x− 1)(x+ 1)

x− 1

For x ̸= 1, we can cancel the (x− 1) term from the numerator and denominator:

lim
x→1

(x+ 1)

Now, we can substitute x = 1 into the simplified expression:

1 + 1 = 2

Using Method 2: L’Hôpital’s Rule
We have the indeterminate form 0

0 .
Let f(x) = x2 − 1 and g(x) = x− 1.
Find the derivatives:
f ′(x) = 2x
g′(x) = 1
Now, apply L’Hôpital’s Rule:

lim
x→1

f ′(x)

g′(x)
= lim

x→1

2x

1

Substitute x = 1:

2(1)

1
= 2

35



Step 4: Final Answer
Both methods yield the same result. The value of the limit is 2. The checkmark on ’3’ in the
image seems to be a mistake, as ’3’ is not even an option, and the calculation is
straightforward.

� Quick Tip

For limits of rational functions that result in 0
0 , always try factoring first. It’s often the

quickest method and less prone to error than taking derivatives for L’Hôpital’s Rule.

28. The derivative of xx with respective to x is
(A) xx(x+ log x)
(B) xx(x− log x)
(C) xx(1− log x)
(D) xx(1 + log x)

Correct Answer: (D) xx(1 + log x)

Solution:
Step 1: Understanding the Concept
This question asks for the derivative of a function of the form f(x)g(x), where both the base
and the exponent are functions of x. This type of function requires logarithmic differentiation.
Step 2: Key Formula or Approach
Logarithmic Differentiation Steps:
1. Let y = xx.
2. Take the natural logarithm of both sides: ln y = ln(xx).
3. Use the logarithm property ln(ab) = b ln a to simplify: ln y = x ln x.
4. Differentiate both sides with respect to x, using implicit differentiation on the left side and
the product rule on the right side. The product rule is (uv)′ = u′v + uv′.
5. Solve for dy

dx .
Step 3: Detailed Explanation
Let y = xx.
Take the natural logarithm of both sides:

ln y = ln(xx)

ln y = x lnx

Now, differentiate both sides with respect to x:

d

dx
(ln y) =

d

dx
(x lnx)

Using the chain rule on the left side and the product rule on the right side (with u = x and
v = ln x):

1

y

dy

dx
=

(
d

dx
(x)

)
· ln x+ x ·

(
d

dx
(ln x)

)
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1

y

dy

dx
= (1) · ln x+ x ·

(
1

x

)
1

y

dy

dx
= lnx+ 1

To solve for dy
dx , multiply both sides by y:

dy

dx
= y(1 + ln x)

Finally, substitute back y = xx:

dy

dx
= xx(1 + ln x)

Step 4: Final Answer
The derivative of xx is xx(1 + log x) (assuming ’log’ means natural log, which is standard in
calculus). This corresponds to option (D).

� Quick Tip

Do not use the power rule ( d
dxx

n = nxn−1) or the exponential rule ( d
dxa

x = ax ln a)
directly when both the base and exponent are variables. Logarithmic differentiation is
the standard and safest method for functions of the form f(x)g(x).

29. d
dx

(
tan−1 x

a

)
=

(A) a
a2−x2

(B) 1
a2+x2

(C) 1
a2−x2

(D) a
a2+x2

Correct Answer: (D) a
a2+x2

Solution:
Step 1: Understanding the Concept
This question asks for the derivative of the inverse tangent function with a scaled argument.
This requires knowledge of the standard derivative formula for tan−1(u) and the application
of the chain rule.
Step 2: Key Formula or Approach
1. Standard Derivative: The derivative of the arctangent function is d

du(tan
−1 u) = 1

1+u2 .

2. Chain Rule: If y = f(u) and u = g(x), then dy
dx = dy

du · du
dx .

Step 3: Detailed Explanation
We want to find d

dx

(
tan−1 x

a

)
.

Let y = tan−1(u) where u = x
a .

First, find the derivatives of the parts:

dy

du
=

1

1 + u2
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du

dx
=

d

dx

(x
a

)
=

1

a

Now, apply the chain rule:

dy

dx
=

dy

du
· du
dx

=
1

1 + u2
· 1
a

Substitute u = x
a back into the expression:

dy

dx
=

1

1 +
(
x
a

)2 · 1
a

dy

dx
=

1

1 + x2

a2

· 1
a

Simplify the complex fraction in the denominator:

dy

dx
=

1
a2+x2

a2

· 1
a

dy

dx
=

a2

a2 + x2
· 1
a

Cancel one ’a’ from the numerator and denominator:

dy

dx
=

a

a2 + x2

Step 4: Final Answer
The derivative is a

a2+x2 . This corresponds to option (D).

� Quick Tip

The derivative formula d
dx

(
tan−1 x

a

)
= a

a2+x2 is a very common result and is often
memorized for speed in exams. Notice the ’a’ in the numerator, which distinguishes
it from the related integral formula.

30. If y =

√
sin x+

√
sin x+

√
sin x+ . . .∞ then dy

dx =
(A) cosx

1−2y

(B) sinx
1−2y

(C) − sinx
1−2y

(D) cosx
2y−1

Correct Answer: (D) cosx
2y−1

Solution:
Step 1: Understanding the Concept
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This problem involves an infinitely nested radical function. The key to solving such problems
is to recognize the repeating pattern and express the function in terms of itself to get a finite,
implicit equation. Then, we use implicit differentiation.
Step 2: Key Formula or Approach
1. Let y =

√
sin x+

√
sin x+ . . ..

2. Notice that the expression under the first square root is sinx plus the original expression y.
3. This gives the equation y =

√
sin x+ y.

4. Square both sides to eliminate the radical: y2 = sinx+ y.
5. Differentiate this implicit equation with respect to x.
Step 3: Detailed Explanation
We start with the equation for y:

y =

√
sin x+

√
sin x+

√
sin x+ . . .∞

Due to the infinite nesting, we can write:

y =
√

sin x+ y

Square both sides:

y2 = sinx+ y

Now, we differentiate both sides with respect to x using implicit differentiation.

d

dx
(y2) =

d

dx
(sin x) +

d

dx
(y)

Apply the chain rule for d
dx(y

2):

2y
dy

dx
= cosx+

dy

dx

Now, we need to solve for dy
dx . Group all the dy

dx terms on one side:

2y
dy

dx
− dy

dx
= cosx

Factor out dy
dx :

dy

dx
(2y − 1) = cosx

Isolate dy
dx :

dy

dx
=

cos x

2y − 1

Step 4: Final Answer
The derivative is cosx

2y−1 . This corresponds to option (D). Note that option (A) is cosx
1−2y , which is

the negative of the correct answer. The checkmark in the image is on option 4, which is
equivalent to option D.
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� Quick Tip

There’s a shortcut for this specific type of function: If y =
√
f(x) +

√
f(x) + . . ., then

dy
dx = f ′(x)

2y−1 . In this case, f(x) = sin x, so f ′(x) = cosx. Applying the shortcut directly
gives the answer cosx

2y−1 .

31. Slope of the normal to the curve x2/3 + y2/3 = 2 at the point (1, 1) is
(A) -1
(B) 1
(C) 1/2
(D) -1/2

Correct Answer: (B) 1

Solution:
Step 1: Understanding the Concept
This question asks for the slope of the normal line to a given curve at a specific point. The
slope of the normal is the negative reciprocal of the slope of the tangent at that point. We
first need to find the slope of the tangent by calculating the derivative dy

dx using implicit
differentiation.
Step 2: Key Formula or Approach
1. Differentiate the equation of the curve x2/3 + y2/3 = 2 implicitly with respect to x.
2. Solve for dy

dx . This gives the slope of the tangent, mtangent.
3. Evaluate mtangent at the given point (1, 1).
4. The slope of the normal, mnormal, is given by mnormal = − 1

mtangent
.

Step 3: Detailed Explanation
The equation of the curve is x2/3 + y2/3 = 2.
Differentiate both sides with respect to x:

d

dx
(x2/3) +

d

dx
(y2/3) =

d

dx
(2)

Using the power rule and the chain rule:

2

3
x(2/3)−1 +

2

3
y(2/3)−1 · dy

dx
= 0

2

3
x−1/3 +

2

3
y−1/3 dy

dx
= 0

We can cancel the 2
3 from both terms:

x−1/3 + y−1/3 dy

dx
= 0

Now, solve for dy
dx :

y−1/3 dy

dx
= −x−1/3
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dy

dx
= −x−1/3

y−1/3
= −

(y
x

)1/3

This is the slope of the tangent line. Now evaluate it at the point (1, 1):

mtangent =
dy

dx

∣∣∣∣
(1,1)

= −
(
1

1

)1/3

= −1

The slope of the normal is the negative reciprocal of the slope of the tangent:

mnormal = − 1

mtangent
= − 1

−1
= 1

Step 4: Final Answer
The slope of the normal to the curve at the point (1, 1) is 1. This corresponds to option (B).

� Quick Tip

The curve x2/3 + y2/3 = a2/3 is called an astroid. When dealing with fractional expo-
nents, be careful with the power rule. A common mistake is to forget the chain rule for
the y-term during implicit differentiation. Always double-check your calculation for the
slope of the normal: mnormal ×mtangent = −1.

32. The equation of the tangent to the curve y = x3 at (1, 1) is
(A) 3x− y + 2 = 0
(B) x− 10y − 50 = 0
(C) 3x− y − 2 = 0
(D) x− 10y + 50 = 0

Correct Answer: (C) 3x− y − 2 = 0

Solution:
Step 1: Understanding the Concept
This question asks for the equation of the tangent line to a curve at a given point. This
requires finding the slope of the tangent at that point (which is the value of the derivative)
and then using the point-slope form of a line equation.
Step 2: Key Formula or Approach
1. Find the derivative of the function, dy

dx .
2. Evaluate the derivative at the given point (x1, y1) to find the slope of the tangent, m.
3. Use the point-slope form of a line equation: y − y1 = m(x− x1).
4. Rearrange the equation into the general form Ax+By + C = 0.
Step 3: Detailed Explanation
The curve is given by y = x3.
The point is (x1, y1) = (1, 1).
Step 1: Find the derivative

dy

dx
=

d

dx
(x3) = 3x2
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Step 2: Find the slope at the given point
Evaluate the derivative at x = 1:

m =
dy

dx

∣∣∣∣
x=1

= 3(1)2 = 3

The slope of the tangent at (1, 1) is 3.
Step 3: Use the point-slope form
The equation of the tangent line is:

y − y1 = m(x− x1)

y − 1 = 3(x− 1)

Step 4: Rearrange into the general form

y − 1 = 3x− 3

0 = 3x− y − 3 + 1

3x− y − 2 = 0

Step 4: Final Answer
The equation of the tangent to the curve at (1, 1) is 3x− y − 2 = 0. This corresponds to
option (C).

� Quick Tip

After finding the equation of the tangent line, it’s a good practice to quickly check if
the given point (1, 1) satisfies your final equation. For 3x − y − 2 = 0, substituting (1,
1) gives 3(1) − 1 − 2 = 3 − 3 = 0. This confirms the line passes through the correct
point.

33. For what value of x, the function 2x3 + 3x2 − 36x+ 10 has minimum
(A) -2
(B) -3
(C) 2
(D) 1

Correct Answer: (C) 2

Solution:
Step 1: Understanding the Concept
To find the local minimum of a function, we use the first and second derivative tests. A
critical point occurs where the first derivative is zero or undefined. The second derivative test
helps classify these critical points as local maxima, local minima, or points of inflection.
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Step 2: Key Formula or Approach
1. Let f(x) = 2x3 + 3x2 − 36x+ 10.
2. Find the first derivative, f ′(x).
3. Set f ′(x) = 0 and solve for x to find the critical points.
4. Find the second derivative, f ′′(x).
5. For each critical point c:
- If f ′′(c) > 0, the function has a local minimum at x = c.
- If f ′′(c) < 0, the function has a local maximum at x = c.
- If f ′′(c) = 0, the test is inconclusive.
Step 3: Detailed Explanation
The function is f(x) = 2x3 + 3x2 − 36x+ 10.
Step 1: Find the first derivative

f ′(x) =
d

dx
(2x3 + 3x2 − 36x+ 10)

f ′(x) = 6x2 + 6x− 36

Step 2: Find the critical points
Set f ′(x) = 0:

6x2 + 6x− 36 = 0

Divide by 6 to simplify:

x2 + x− 6 = 0

Factor the quadratic equation:

(x+ 3)(x− 2) = 0

The critical points are x = −3 and x = 2.
Step 3: Find the second derivative

f ′′(x) =
d

dx
(6x2 + 6x− 36)

f ′′(x) = 12x+ 6

Step 4: Apply the second derivative test
Now, test each critical point with the second derivative.
- For x = −3:
f ′′(−3) = 12(−3) + 6 = −36 + 6 = −30.
Since f ′′(−3) < 0, the function has a local maximum at x = −3.
- For x = 2:
f ′′(2) = 12(2) + 6 = 24 + 6 = 30.
Since f ′′(2) > 0, the function has a local minimum at x = 2.
Step 4: Final Answer
The function has a minimum at the value x = 2. This corresponds to option (C).
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� Quick Tip

For a cubic polynomial like this one, if there are two critical points, one will be a local
maximum and the other a local minimum. The graph of a cubic with a positive leading
coefficient (2x3) rises from left to right, so the maximum will occur at the smaller x-
value and the minimum at the larger x-value. Here, -3 ¡ 2, so max is at -3 and min is
at 2.

34. If z = x2 − y2 then x ∂z
∂x + y ∂z

∂y =
(A) 1
(B) 2x + 2y
(C) 0
(D) 2x - 2y

Correct Answer: (C) 0 (Note: The expression in the image appears to be 1
x
∂z
∂x + 1

y
∂z
∂y . OCR

is slightly incorrect. We will solve the problem as seen in the image)

Solution:
The question from the image is: If z = x2 − y2 then 1

x
∂z
∂x + 1

y
∂z
∂y =

Step 1: Understanding the Concept
This question involves partial derivatives. We need to find the partial derivatives of the
function z with respect to x and y separately, and then substitute them into the given
expression.
Step 2: Key Formula or Approach
1. Find ∂z

∂x by differentiating z with respect to x, treating y as a constant.

2. Find ∂z
∂y by differentiating z with respect to y, treating x as a constant.

3. Substitute these partial derivatives into the expression 1
x
∂z
∂x + 1

y
∂z
∂y .

Step 3: Detailed Explanation
The function is z = x2 − y2.
Step 1: Find the partial derivative with respect to x

∂z

∂x
=

∂

∂x
(x2 − y2) = 2x− 0 = 2x

Step 2: Find the partial derivative with respect to y

∂z

∂y
=

∂

∂y
(x2 − y2) = 0− 2y = −2y

Step 3: Substitute into the given expression
The expression is 1

x
∂z
∂x + 1

y
∂z
∂y .

1

x
(2x) +

1

y
(−2y)

= 2− 2

= 0
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Step 4: Final Answer
The value of the expression is 0. This corresponds to option (C).
Note on OCR vs Image: The OCR’d text suggested the expression was x ∂z

∂x + y ∂z
∂y . If this

were the case, the answer would be x(2x) + y(−2y) = 2x2 − 2y2 = 2(x2 − y2) = 2z, which is
not an option. The image clearly shows 1

x and 1
y , so the calculation above is correct.

� Quick Tip

This problem is related to Euler’s theorem on homogeneous functions. A function
z(x, y) is homogeneous of degree n if z(tx, ty) = tnz(x, y). Here, z = x2 − y2 is homo-
geneous of degree 2. Euler’s theorem states that for such a function, x ∂z

∂x + y ∂z
∂y = nz.

The expression in the question is different, but recognizing homogeneity can be useful
in similar problems.

35. If u = exy then the value of ∂2u
∂x2 +

∂2u
∂y2 at (1, 1) is

(A) e
(B) 2e
(C) 1
(D) 0

Correct Answer: (B) 2e

Solution:
Step 1: Understanding the Concept
This question requires finding the sum of two second-order partial derivatives of a given
function, and then evaluating this sum at a specific point. This involves applying the rules of
partial differentiation twice.
Step 2: Key Formula or Approach
1. Given u = exy.
2. Find the first partial derivative with respect to x, ∂u

∂x .

3. Find the second partial derivative with respect to x, ∂2u
∂x2 = ∂

∂x

(
∂u
∂x

)
.

4. Find the first partial derivative with respect to y, ∂u
∂y .

5. Find the second partial derivative with respect to y, ∂2u
∂y2 = ∂

∂y

(
∂u
∂y

)
.

6. Add the two second derivatives: ∂2u
∂x2 +

∂2u
∂y2 .

7. Substitute the point (1, 1) into the resulting expression.
Step 3: Detailed Explanation
The function is u = exy.
Derivatives with respect to x:
First partial derivative: (Treat y as a constant)

∂u

∂x
=

∂

∂x
(exy) = exy · ∂

∂x
(xy) = exy · y = yexy

Second partial derivative: (Treat y as a constant, apply product rule if needed, but here y is a
constant factor)
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∂2u

∂x2
=

∂

∂x
(yexy) = y · ∂

∂x
(exy) = y · (yexy) = y2exy

Derivatives with respect to y:
First partial derivative: (Treat x as a constant)

∂u

∂y
=

∂

∂y
(exy) = exy · ∂

∂y
(xy) = exy · x = xexy

Second partial derivative: (Treat x as a constant)

∂2u

∂y2
=

∂

∂y
(xexy) = x · ∂

∂y
(exy) = x · (xexy) = x2exy

Sum of second derivatives:

∂2u

∂x2
+

∂2u

∂y2
= y2exy + x2exy = (x2 + y2)exy

Evaluate at the point (1, 1):
Substitute x = 1 and y = 1 into the expression.(

∂2u

∂x2
+

∂2u

∂y2

) ∣∣∣∣
(1,1)

= (12 + 12)e(1)(1) = (1 + 1)e1 = 2e

Step 4: Final Answer
The value of the expression at (1, 1) is 2e. This corresponds to option (B).

� Quick Tip

When differentiating expressions like ef(x,y), remember the chain rule: the derivative is
ef(x,y) times the partial derivative of the exponent f(x, y). Be careful to treat the other
variable as a constant in each step.

36. The value of
∫
(log sec x) tan x dx is

(A) sec x+ c
(B) log secx+ c

(C) 1
2(log sec x)

2 + c

(D) log(log sec x) + c

Correct Answer: (C) 1
2(log sec x)

2 + c

Solution:
Step 1: Understanding the Concept
This problem requires evaluating an indefinite integral. The integrand involves a composite
function and its derivative, which suggests that the method of substitution (u-substitution) is
appropriate.
Step 2: Key Formula or Approach
Method of Substitution:
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1. Identify a part of the integrand, let’s call it u, such that its derivative du
dx (or a constant

multiple of it) also appears in the integrand.
2. Let u = log sec x.
3. Find du = du

dxdx.
4. Substitute u and du into the integral, which should simplify it to a standard form like∫
undu.

5. Integrate with respect to u.
6. Substitute back the original expression for u.
Step 3: Detailed Explanation
The integral is I =

∫
(log sec x) tan x dx.

Let’s choose the substitution u = log sec x.
Now, we find the differential du. We need to differentiate u with respect to x.

du

dx
=

d

dx
(log sec x)

Using the chain rule, the derivative of log(f(x)) is f ′(x)
f(x) .

Here, f(x) = secx, and f ′(x) = sec x tanx.

du

dx
=

sec x tan x

sec x
= tanx

So, du = tanx dx.
Now we can substitute u and du back into the integral:
The original integral was I =

∫
(log sec x︸ ︷︷ ︸

u

)(tan x dx︸ ︷︷ ︸
du

).

I =

∫
u du

This is a standard integral. Using the power rule for integration:

I =
u1+1

1 + 1
+ c =

u2

2
+ c

Finally, substitute back u = log secx:

I =
(log sec x)2

2
+ c =

1

2
(log sec x)2 + c

Step 4: Final Answer
The value of the integral is 1

2(log sec x)
2 + c. This corresponds to option (C).

� Quick Tip

When looking for a u-substitution, search for a function-derivative pair. In∫
g(f(x))f ′(x)dx, the substitution u = f(x) is almost always the right choice. Here,

if you let f(x) = log sec x, its derivative f ′(x) = tanx is present, making it a perfect
candidate for substitution.

37.
∫
sin2 x dx =
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(A) x
2 + sin 2x

4 + c
(B) x

2 − cos 2x
4 + c

(C) x
2 + cos 2x

4 + c
(D) x

2 − sin 2x
4 + c

Correct Answer: (D) x
2 − sin 2x

4 + c

Solution:
Step 1: Understanding the Concept
This question asks for the indefinite integral of sin2 x. We cannot integrate this function
directly. We need to use a trigonometric identity to reduce the power of the sine function to a
form that can be easily integrated.
Step 2: Key Formula or Approach
We use the power-reduction identity (or half-angle identity) for sin2 x, which is derived from
the double-angle formula for cosine, cos(2x) = 1− 2 sin2 x.
Rearranging this gives:

sin2 x =
1− cos(2x)

2

We can then integrate this expression term by term.
Step 3: Detailed Explanation
The integral is I =

∫
sin2 x dx.

First, apply the power-reduction formula:

I =

∫
1− cos(2x)

2
dx

We can split this into two separate integrals:

I =

∫
1

2
dx−

∫
cos(2x)

2
dx

I =
1

2

∫
1 dx− 1

2

∫
cos(2x) dx

Integrate the first term:

1

2

∫
1 dx =

1

2
x

Integrate the second term. The integral of cos(ax) is sin(ax)
a .

1

2

∫
cos(2x) dx =

1

2

(
sin(2x)

2

)
=

sin(2x)

4

Combine the results and add the constant of integration, c:

I =
x

2
− sin(2x)

4
+ c

Step 4: Final Answer
The value of the integral is x

2 − sin 2x
4 + c. This corresponds to option (D).
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� Quick Tip

Memorizing the power-reduction formulas is essential for integrating powers of sine and
cosine.

• sin2 x = 1−cos(2x)
2

• cos2 x = 1+cos(2x)
2

These are fundamental for calculus and appear very frequently.

38.
∫

dx
25−x2 =

(A) 1
5 log

∣∣x−5
x+5

∣∣+ c

(B) 1
5 log

∣∣x+5
x−5

∣∣+ c

(C) 1
10 log

∣∣5+x
5−x

∣∣+ c

(D) 1
10 log

∣∣5−x
5+x

∣∣+ c

Correct Answer: (C) 1
10 log

∣∣5+x
5−x

∣∣+ c

Solution:
Step 1: Understanding the Concept
This question asks to evaluate a standard form of an integral that results in a logarithmic
function. This integral can be solved using a standard formula or by using the method of
partial fraction decomposition.
Step 2: Key Formula or Approach
The standard integral formula is:∫

dx

a2 − x2
=

1

2a
log

∣∣∣∣a+ x

a− x

∣∣∣∣+ c

Alternatively, we can use partial fractions. Factor the denominator a2 − x2 = (a− x)(a+ x)
and express 1

a2−x2 as A
a−x + B

a+x .
Step 3: Detailed Explanation
Using the Standard Formula:
The integral is I =

∫
dx

25−x2 .

This matches the form
∫

dx
a2−x2 with a2 = 25, so a = 5.

Applying the formula directly:

I =
1

2(5)
log

∣∣∣∣5 + x

5− x

∣∣∣∣+ c

I =
1

10
log

∣∣∣∣5 + x

5− x

∣∣∣∣+ c

Using Partial Fractions:
Let’s decompose the integrand:

1

25− x2
=

1

(5− x)(5 + x)
=

A

5− x
+

B

5 + x
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Multiply by the denominator: 1 = A(5 + x) +B(5− x).
To find A, let x = 5: 1 = A(10) +B(0) =⇒ A = 1

10 .
To find B, let x = −5: 1 = A(0) +B(10) =⇒ B = 1

10 .
So the integral becomes:

I =

∫ (
1/10

5− x
+

1/10

5 + x

)
dx

I =
1

10

∫
1

5− x
dx+

1

10

∫
1

5 + x
dx

I =
1

10
(− ln |5− x|) + 1

10
(ln |5 + x|) + c

(Note the minus sign for the integral of 1
5−x due to the chain rule)

I =
1

10
(ln |5 + x| − ln |5− x|) + c

Using the logarithm property ln a− ln b = ln(a/b):

I =
1

10
log

∣∣∣∣5 + x

5− x

∣∣∣∣+ c

Step 4: Final Answer
Both methods yield the same result: 1

10 log
∣∣5+x
5−x

∣∣+ c. This corresponds to option (C).

� Quick Tip

Memorize the standard integral formulas for expressions like 1
a2−x2 ,

1
x2−a2 , and

1
a2+x2 .

They appear frequently and knowing them saves a lot of time compared to deriving
them using partial fractions or trigonometric substitution.

39. The value of
∫ 1
0 x(1− x)9dx is

(A) 1
110

(B) 1
120

(C) − 1
110

(D) − 1
120

Correct Answer: (A) 1
110

Solution:
Step 1: Understanding the Concept
This is a definite integral problem. The integrand is a product of a simple polynomial and a
power of a binomial. This can be solved using integration by parts, a substitution, or by using
the properties of the Beta function. A property of definite integrals is often the easiest
approach.
Step 2: Key Formula or Approach
Method 1: Property of Definite Integrals
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We use the property
∫ a
0 f(x) dx =

∫ a
0 f(a− x) dx.

Method 2: Beta Function
The Beta function is defined as B(m,n) =

∫ 1
0 xm−1(1− x)n−1 dx = Γ(m)Γ(n)

Γ(m+n) . For positive

integers m and n, Γ(n) = (n− 1)!.
Step 3: Detailed Explanation
Using Method 1: Property of Definite Integrals
Let I =

∫ 1
0 x(1− x)9dx.

Here, a = 1 and f(x) = x(1− x)9.
Apply the property

∫ a
0 f(x) dx =

∫ a
0 f(a− x) dx:

I =

∫ 1

0
(1− x)(1− (1− x))9dx

I =

∫ 1

0
(1− x)(x)9dx

I =

∫ 1

0
(x9 − x10)dx

Now, integrate this simplified polynomial:

I =

[
x10

10
− x11

11

]1
0

Evaluate at the limits:

I =

(
110

10
− 111

11

)
−
(
010

10
− 011

11

)

I =

(
1

10
− 1

11

)
− (0)

Find a common denominator:

I =
11− 10

110
=

1

110

Using Method 2: Beta Function
The integral is I =

∫ 1
0 x1(1− x)9dx.

This matches the Beta function form
∫ 1
0 xm−1(1− x)n−1 dx.

By comparing exponents, we have:
m− 1 = 1 =⇒ m = 2
n− 1 = 9 =⇒ n = 10
So, I = B(2, 10).

Using the formula B(m,n) = Γ(m)Γ(n)
Γ(m+n) = (m−1)!(n−1)!

(m+n−1)! :

I =
(2− 1)!(10− 1)!

(2 + 10− 1)!
=

1!9!

11!

I =
1× 9!

11× 10× 9!
=

1

11× 10
=

1

110

Step 4: Final Answer
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Both methods give the value 1
110 . This corresponds to option (A).

� Quick Tip

The property
∫ a
0 f(x) dx =

∫ a
0 f(a − x) dx is extremely powerful for integrals of the

form
∫ a
0 xm(a− x)ndx. Applying this property often simplifies the integrand by moving

the more complex exponent onto the simpler term, making expansion and integration
straightforward.

40.
∫ a
−a |x| dx =

(A) a
(B) 2a
(C) 0
(D) a2

Correct Answer: (D) a2

Solution:
Step 1: Understanding the Concept
This question asks to evaluate a definite integral of the absolute value function |x| over a
symmetric interval [−a, a]. We can solve this by splitting the integral into two parts based on
the definition of |x|, or by using the property of even functions.
Step 2: Key Formula or Approach
Method 1: Splitting the Integral
The absolute value function is defined as:

|x| =

{
x if x ≥ 0

−x if x < 0

We can split the integral at x = 0:∫ a

−a
|x| dx =

∫ 0

−a
|x| dx+

∫ a

0
|x| dx

Method 2: Property of Even Functions
A function f(x) is even if f(−x) = f(x). For an even function, the integral over a symmetric
interval is given by: ∫ a

−a
f(x) dx = 2

∫ a

0
f(x) dx

Step 3: Detailed Explanation
Using Method 1: Splitting the Integral∫ a

−a
|x| dx =

∫ 0

−a
(−x) dx+

∫ a

0
(x) dx

Now, evaluate each integral:∫ 0

−a
(−x) dx =

[
−x2

2

]0
−a

=

(
−02

2

)
−

(
−(−a)2

2

)
= 0−

(
−a2

2

)
=

a2

2
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∫ a

0
x dx =

[
x2

2

]a
0

=

(
a2

2

)
−
(
02

2

)
=

a2

2

Add the two results: ∫ a

−a
|x| dx =

a2

2
+

a2

2
= a2

Using Method 2: Property of Even Functions
The integrand is f(x) = |x|. Let’s check if it’s an even function: f(−x) = | − x| = |x| = f(x).
Since f(x) is an even function, we can use the property:∫ a

−a
|x| dx = 2

∫ a

0
|x| dx

For x ≥ 0, |x| = x. So,

= 2

∫ a

0
x dx

= 2

[
x2

2

]a
0

= 2

(
a2

2
− 02

2

)
= 2

(
a2

2

)
= a2

Step 4: Final Answer
Both methods yield the result a2. This corresponds to option (D).

� Quick Tip

Recognizing that |x| is an even function is the fastest way to solve this problem. The
property

∫ a
−a f(x)dx = 2

∫ a
0 f(x)dx for even functions simplifies the calculation by

avoiding negative limits. Geometrically, the integral represents the area of two iden-
tical triangles, each with base ’a’ and height ’a’, so the total area is 2× (12 ×a×a) = a2.

41.
∫ π/2
0

cos 2x
sinx+cosx dx =

(A) -1
(B) 0
(C) 1
(D) π

2

Correct Answer: (B) 0

Solution:
Step 1: Understanding the Concept
This question asks for the evaluation of a definite integral involving trigonometric functions.
The key is to use a trigonometric identity for the numerator that relates to the denominator,
simplifying the integrand.
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Step 2: Key Formula or Approach
1. Use the double angle identity for cosine: cos 2x = cos2 x− sin2 x.
2. Factor the numerator using the difference of squares formula: a2 − b2 = (a− b)(a+ b).
3. Simplify the integrand and then integrate.
4. An alternative approach is to use the ”King Property” of definite integrals:∫ b
a f(x)dx =

∫ b
a f(a+ b− x)dx.

Step 3: Detailed Explanation
Method 1: Using Trigonometric Identities

Let I =
∫ π/2
0

cos 2x
sinx+cosx dx.

Substitute cos 2x = cos2 x− sin2 x:

I =

∫ π/2

0

cos2 x− sin2 x

sin x+ cos x
dx

Factor the numerator as a difference of squares:

I =

∫ π/2

0

(cos x− sin x)(cosx+ sinx)

sin x+ cos x
dx

Cancel the (sinx+ cosx) term, as it is non-zero in the interval of integration except at the
endpoint.

I =

∫ π/2

0
(cos x− sin x) dx

Now, integrate term by term:

I = [sin x− (− cosx)]
π/2
0

I = [sin x+ cos x]
π/2
0

Evaluate at the upper and lower limits:

I =
(
sin

(π
2

)
+ cos

(π
2

))
− (sin(0) + cos(0))

I = (1 + 0)− (0 + 1)

I = 1− 1 = 0

Method 2: Using King Property

Let I =
∫ π/2
0

cos 2x
sinx+cosx dx. (Equation 1)

Using
∫ a
0 f(x)dx =

∫ a
0 f(a− x)dx, with a = π/2:

I =

∫ π/2

0

cos(2(π/2− x))

sin(π/2− x) + cos(π/2− x)
dx

I =

∫ π/2

0

cos(π − 2x)

cos x+ sin x
dx

Since cos(π − θ) = − cos θ:
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I =

∫ π/2

0

− cos(2x)

cos x+ sin x
dx

. (Equation 2)
Adding Equation 1 and Equation 2:

I + I =

∫ π/2

0

cos 2x

sin x+ cos x
dx+

∫ π/2

0

− cos 2x

sin x+ cos x
dx

2I =

∫ π/2

0

(
cos 2x− cos 2x

sin x+ cos x

)
dx =

∫ π/2

0
0 dx = 0

2I = 0 =⇒ I = 0

Step 4: Final Answer
Both methods show that the value of the integral is 0. This corresponds to option (B).

� Quick Tip

For definite integrals with limits like 0 to π/2, always consider using the property∫ a
0 f(x)dx =

∫ a
0 f(a − x)dx. It often leads to a simplification or an expression that

can be added to the original integral to cancel terms, as shown in Method 2.

42. The area bounded by the curve y = 4x2, the x-axis, the line x=0 and the line x = 1 is
(A) 2
(B) 2/3
(C) 1/3
(D) 4/3

Correct Answer: (D) 4/3

Solution:
Step 1: Understanding the Concept
This question asks for the area under a curve between two vertical lines and the x-axis. This
area can be calculated using a definite integral of the function representing the curve over the
given interval.
Step 2: Key Formula or Approach
The area A bounded by a curve y = f(x), the x-axis, and the vertical lines x = a and x = b is
given by the definite integral:

A =

∫ b

a
f(x) dx

provided that f(x) ≥ 0 on the interval [a, b].
Step 3: Detailed Explanation
We are given:
- The curve: y = 4x2.
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- The lower bound: x = a = 0.
- The upper bound: x = b = 1.
The function y = 4x2 is non-negative for all x, so we can directly apply the formula.
The area A is:

A =

∫ 1

0
4x2 dx

We can take the constant 4 outside the integral:

A = 4

∫ 1

0
x2 dx

Now, we use the power rule for integration,
∫
xndx = xn+1

n+1 :

A = 4

[
x3

3

]1
0

Evaluate the expression at the upper and lower limits:

A = 4

(
13

3
− 03

3

)

A = 4

(
1

3
− 0

)
A =

4

3

Step 4: Final Answer
The area bounded by the curve is 4

3 square units. This corresponds to option (D).

� Quick Tip

When calculating area, it’s helpful to sketch the graph. The curve y = 4x2 is a
parabola opening upwards. The area is the region under this parabola from x = 0 to
x = 1. Since the curve is above the x-axis in this interval, the definite integral directly
gives the area.

43. The RMS value of x2 in [0, 1] is
(A) 1√

5

(B) 1
5

(C) 1√
3

(D) 1
3

Correct Answer: (A) 1√
5

Solution:
Step 1: Understanding the Concept
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RMS stands for Root Mean Square. For a function f(x) over an interval [a, b], the RMS value
is the square root of the mean (average) of the square of the function.
Step 2: Key Formula or Approach
The formula for the RMS value of a function f(x) on the interval [a, b] is:

RMS =

√
1

b− a

∫ b

a
(f(x))2 dx

In this problem, the function is f(x) = x2 and the interval is [a, b] = [0, 1].
Step 3: Detailed Explanation
1. Identify the components:
- Function: f(x) = x2

- Interval: [a, b] = [0, 1], so b− a = 1− 0 = 1.
2. Square the function:
- (f(x))2 = (x2)2 = x4.
3. Calculate the integral of the squared function (Mean part):

- This is the ”Square” and ”Mean” part of RMS. The mean is 1
b−a

∫ b
a (f(x))

2 dx.

Mean Square =
1

1− 0

∫ 1

0
x4 dx = 1 ·

∫ 1

0
x4 dx

=

[
x5

5

]1
0

=

(
15

5
− 05

5

)
=

1

5

4. Take the square root (Root part):
- This is the ”Root” part of RMS.

RMS =
√

Mean Square =

√
1

5

RMS =
1√
5

Step 4: Final Answer
The RMS value of x2 in the interval [0, 1] is 1√

5
. This corresponds to option (A).

� Quick Tip

Remember the order of operations for RMS: Square the function, find the Mean (aver-
age value) of that squared function over the interval, and then take the square Root of
the result. Breaking it down into these three steps (S-M-R) helps avoid confusion.

44. The degree of the differential equation y′ + y = 5
y′ is

(A) 1
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(B) 2
(C) 3
(D) 4

Correct Answer: (B) 2

Solution:
Step 1: Understanding the Concept
The degree of a differential equation is the power of the highest-order derivative, after the
equation has been cleared of any fractions or radicals in the derivatives. The order is the
order of the highest derivative present in the equation.
Step 2: Key Formula or Approach
1. Identify the derivatives in the equation. Here we have y′ which is dy

dx .
2. Clear any fractions or radicals involving the derivatives. To do this, we will multiply the
entire equation by the term in the denominator.
3. Once the equation is a polynomial in its derivatives, find the highest power of the
highest-order derivative. This power is the degree.
Step 3: Detailed Explanation
The given differential equation is:

y′ + y =
5

y′

To clear the fraction, we multiply the entire equation by y′:

y′(y′ + y) = y′
(
5

y′

)
(y′)2 + y · y′ = 5

Rearranging, we get:

(y′)2 + y · y′ − 5 = 0

Now, let’s identify the order and degree.
- Order: The highest-order derivative in the equation is y′ (the first derivative). So, the order
is 1.
- Degree: The highest power of the highest-order derivative (y′) in this polynomial form is 2
(from the (y′)2 term). So, the degree is 2.
Step 4: Final Answer
The degree of the differential equation is 2. This corresponds to option (B).

� Quick Tip

A common mistake is to determine the degree before clearing fractions or radicals. Al-
ways rewrite the equation so that it is a polynomial in the derivatives first. For exam-
ple, in

√
y′′ + y′ = 0, you would first write it as y′′ = (−y′)2 or y′′ = (y′)2, making the

degree 1, not 1/2.
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45. The order of the differential equation whose general solution is y = a sin x+ b cosx is
(where a and b are arbitrary constants)
(A) 2
(B) 4
(C) 1
(D) 3

Correct Answer: (A) 2

Solution:
Step 1: Understanding the Concept
The order of a differential equation corresponding to a general solution is equal to the number
of independent arbitrary constants in that solution. To find the differential equation, we need
to differentiate the solution as many times as there are constants and then eliminate those
constants.
Step 2: Key Formula or Approach
1. Count the number of independent arbitrary constants in the general solution. This number
will be the order of the resulting differential equation.
2. Differentiate the solution successively to get enough equations to eliminate the constants.
Step 3: Detailed Explanation
The given general solution is:

y = a sin x+ b cosx

There are two independent arbitrary constants in this solution: ’a’ and ’b’.
Therefore, the order of the differential equation must be 2.
Deriving the Differential Equation (for verification):
To eliminate two constants, we need to differentiate the solution twice.
First derivative:

dy

dx
= y′ = a cos x− b sin x

Second derivative:

d2y

dx2
= y′′ = −a sin x− b cos x

Now, we can see that the second derivative can be related to the original function y:

y′′ = −(a sin x+ b cos x)

Since y = a sin x+ b cos x, we can substitute y into the equation for y”:

y′′ = −y

Rearranging gives the differential equation:

y′′ + y = 0

The highest-order derivative in this equation is the second derivative (y′′), so the order of the
differential equation is 2.

59



Step 4: Final Answer
The order of the differential equation is 2. This corresponds to option (A).

� Quick Tip

The order of a differential equation is always equal to the number of essential (indepen-
dent) arbitrary constants in its general solution. Simply counting these constants is a
quick way to find the order without having to derive the full differential equation.

46. The differential equation dy
dx = −

(
x+y
1+x2

)
is

(A) of Variable separable form
(B) First order Linear equation
(C) Homogeneous
(D) Exact differentia Equation

Correct Answer: (B) First order Linear equation

Solution:
Step 1: Understanding the Concept
This question asks to classify a given first-order differential equation. We need to check if it
fits the standard forms for variable separable, linear, homogeneous, or exact equations.
Step 2: Key Formula or Approach
Let’s check the standard forms:
1. Variable Separable: Can be written as f(y)dy = g(x)dx.
2. First-order Linear: Can be written in the form dy

dx + P (x)y = Q(x).

3. Homogeneous: Can be written as dy
dx = F

( y
x

)
. All terms must have the same total

degree.
4. Exact: Can be written as M(x, y)dx+N(x, y)dy = 0 where ∂M

∂y = ∂N
∂x .

Step 3: Detailed Explanation
The given differential equation is dy

dx = − x+y
1+x2 .

Let’s rearrange it:

dy

dx
= − x

1 + x2
− y

1 + x2

Move the term with ’y’ to the left side:

dy

dx
+

1

1 + x2
y = − x

1 + x2

Now, let’s compare this with the standard forms.
- Is it Linear? The equation is in the form dy

dx + P (x)y = Q(x), with P (x) = 1
1+x2 and

Q(x) = − x
1+x2 . Yes, it is a first-order linear differential equation.

- Is it Variable Separable? We cannot separate the terms to have only y’s on one side and
only x’s on the other because of the x+ y in the numerator. So, it is not variable separable.
- Is it Homogeneous? The function F (x, y) = − x+y

1+x2 . Let’s check if F (tx, ty) = F (x, y).

F (tx, ty) = − tx+ty
1+(tx)2 = −t x+y

1+t2x2 . This is not equal to F (x, y). The degrees of the terms are

not the same (numerator has degree 1, denominator has degree 2). So, it is not homogeneous.
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- Is it Exact? Rewriting the equation as (x+ y)dx+ (1 + x2)dy = 0. Here, M = x+ y and
N = 1 + x2. We check ∂M

∂y = 1 and ∂N
∂x = 2x. Since ∂M

∂y ̸= ∂N
∂x , it is not exact.

Step 4: Final Answer
The equation fits the standard form of a first-order linear equation. This corresponds to
option (B).

� Quick Tip

To quickly classify a first-order DE, check the forms in this order: 1. Variable Separa-
ble? (Easiest to spot) 2. Linear? (Try to arrange into y′ + P (x)y = Q(x)) 3. Homoge-
neous? (Check if it can be written as F (y/x)) 4. Exact? (Check the partial derivative
condition) This systematic approach helps in efficient classification.

47. The solution of the differential equation dy
dx = 1 + y2 is

(A) y = tanx+ c
(B) y = tan(x+ c)
(C) y = tanx
(D) y = − tan(x+ c)

Correct Answer: (B) y = tan(x+ c)

Solution:
Step 1: Understanding the Concept
This is a first-order differential equation. It can be solved using the method of separation of
variables, where we group all terms involving ’y’ on one side and all terms involving ’x’ on the
other.
Step 2: Key Formula or Approach
1. Separate the variables: Move all y-terms to the left side with dy, and all x-terms (in this
case, just dx) to the right side.

dy

1 + y2
= dx

2. Integrate both sides of the equation. 3. The integral of 1
1+y2 is tan−1(y). 4. Solve for y.

Step 3: Detailed Explanation
The given differential equation is:

dy

dx
= 1 + y2

Separate the variables by multiplying by dx and dividing by 1 + y2:

1

1 + y2
dy = dx

Now, integrate both sides: ∫
1

1 + y2
dy =

∫
1 dx
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The integral on the left is the standard integral for the inverse tangent function, and the
integral on the right is straightforward:

tan−1(y) = x+ c

Here, ’c’ is the constant of integration.
To find the solution for y, we take the tangent of both sides:

y = tan(x+ c)

Step 4: Final Answer
The solution of the differential equation is y = tan(x+ c). This corresponds to option (B).

� Quick Tip

When solving differential equations, remember that the constant of integration ’c’ is
added immediately after integrating. In this problem, taking the tangent of x first and
then adding c (as in option A, y = tanx + c) is incorrect. The constant is part of the
angle inside the tangent function.

48. The solution of the differential equation dy
dx + y

x = x2 under the condition that y(1) = 1 is
(A) 4xy = x3 + 3
(B) 4xy = x4 + 3
(C) 4xy = x3 − 3
(D) 4xy = x4 − 3

Correct Answer: (B) 4xy = x4 + 3

Solution:
Step 1: Understanding the Concept
This is a first-order linear differential equation, and we are asked to find a particular solution
that satisfies the given initial condition. The standard method for solving linear DEs is to use
an integrating factor.
Step 2: Key Formula or Approach
A first-order linear differential equation is of the form dy

dx + P (x)y = Q(x).
1. Identify P(x) and Q(x) from the given equation.
2. Find the Integrating Factor (I.F.): The I.F. is given by e

∫
P (x)dx.

3. Write the General Solution: The solution is given by y · (I.F.) =
∫
Q(x) · (I.F.) dx+ c.

4. Apply the Initial Condition: Use y(1) = 1 to find the value of the constant c.
Step 3: Detailed Explanation
The given equation is dy

dx + y
x = x2.

Step 1: Identify P(x) and Q(x)
Comparing with the standard form, we have P (x) = 1

x and Q(x) = x2.
Step 2: Find the Integrating Factor

I.F. = e
∫
P (x)dx = e

∫
1
x
dx = elnx = x
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Step 3: Write the General Solution

y · (I.F.) =
∫

Q(x) · (I.F.) dx+ c

y · x =

∫
x2 · x dx+ c

xy =

∫
x3 dx+ c

xy =
x4

4
+ c

This is the general solution.
Step 4: Apply the Initial Condition
We are given the condition y(1) = 1, which means when x = 1, y = 1.
Substitute these values into the general solution to find c:

(1)(1) =
(1)4

4
+ c

1 =
1

4
+ c

c = 1− 1

4
=

3

4

Now, substitute the value of c back into the general solution:

xy =
x4

4
+

3

4

To match the options, multiply the entire equation by 4:

4xy = x4 + 3

Step 4: Final Answer
The particular solution is 4xy = x4 + 3. This corresponds to option (B).

� Quick Tip

For linear differential equations, the integrating factor method is a standard procedure.
A key step is correctly calculating e

∫
P (x)dx. Remember that eln f(x) = f(x). After

finding the general solution, always use the initial condition to find the specific value of
the constant ’c’.

49. The solution of the differential equation d3y
dx3 + 3d2y

dx2 + 2dy
dx = 0 is

(A) y = a+ be−x + ce−2x

(B) y = a+ bex + ce2x

(C) y = aex + be−2x + cex
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(D) y = a+ be−2x + ce−3x

Correct Answer: (A) y = a+ be−x + ce−2x

Solution:
Step 1: Understanding the Concept
This is a third-order linear homogeneous differential equation with constant coefficients. The
solution is found by first solving its corresponding auxiliary (or characteristic) equation.
Step 2: Key Formula or Approach
1. For a differential equation of the form any

(n) + · · ·+ a1y
′ + a0y = 0, we write the auxiliary

equation by replacing y(k) with mk.
For this problem, the DE is y′′′ + 3y′′ + 2y′ = 0. The auxiliary equation will be
m3 + 3m2 + 2m = 0.
2. Solve the auxiliary equation for its roots m1,m2,m3, . . ..
3. The form of the general solution depends on the nature of the roots:
- If the roots are real and distinct (m1,m2, . . .), the solution is y = c1e

m1x + c2e
m2x + . . ..

- If a root m is repeated k times, the corresponding part of the solution is
(c1 + c2x+ · · ·+ ckx

k−1)emx.
- If there is a pair of complex roots α± iβ, the corresponding part of the solution is
eαx(c1 cos(βx) + c2 sin(βx)).
Step 3: Detailed Explanation

The differential equation is d3y
dx3 + 3d2y

dx2 + 2dy
dx = 0.

The auxiliary equation is:

m3 + 3m2 + 2m = 0

Factor out a common factor of ’m’:

m(m2 + 3m+ 2) = 0

Factor the quadratic expression:

m(m+ 1)(m+ 2) = 0

The roots of the auxiliary equation are:

m1 = 0, m2 = −1, m3 = −2

The roots are real and distinct. Therefore, the general solution is of the form
y = c1e

m1x + c2e
m2x + c3e

m3x.
Substituting the roots:

y = c1e
0x + c2e

−1x + c3e
−2x

Since e0x = 1, the solution is:

y = c1(1) + c2e
−x + c3e

−2x

Using the constants a, b, c from the options:

y = a+ be−x + ce−2x
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Step 4: Final Answer
The solution of the differential equation is y = a+ be−x + ce−2x. This corresponds to option
(A).

� Quick Tip

When forming the auxiliary equation, remember that a term like 2dy
dx becomes 2m and

a y term (if present) would become a constant. A missing y term, as in this problem,
corresponds to a root m = 0, which in the solution gives a constant term (c1e

0x = c1).

50. The particular integral of d2y
dx2 + 3dy

dx + 2y = e−2x is
(A) −xe−2x

(B) xe−2x

(C) −x
2e

−2x

(D) x
2e

−2x

Correct Answer: (A) −xe−2x

Solution:
Step 1: Understanding the Concept
This question asks for the particular integral (P.I.) of a second-order linear non-homogeneous
differential equation with constant coefficients. We can use the method of undetermined
coefficients or the operator method. The right-hand side is an exponential function, which
suggests a trial solution. We must first check the roots of the auxiliary equation to see if this
is a ”case of failure”.
Step 2: Key Formula or Approach
The equation is (D2 + 3D + 2)y = e−2x, where D = d

dx .
1. Find the roots of the auxiliary equation: m2 + 3m+ 2 = 0.
2. Calculate the Particular Integral (P.I.):
Using the operator method, P.I. = 1

f(D)R(x). Here, f(D) = D2 + 3D + 2 and R(x) = e−2x.

For R(x) = eax, the rule is P.I. = 1
f(a)e

ax, provided f(a) ̸= 0.

If f(a) = 0 (this is a case of failure), and ’a’ is a non-repeated root of f(m) = 0, the rule is
P.I. = x 1

f ′(a)e
ax.

Step 3: Detailed Explanation
The differential equation is y′′ + 3y′ + 2y = e−2x.
Step 1: Analyze the Auxiliary Equation
The auxiliary equation is m2 + 3m+ 2 = 0.
Factoring the quadratic:

(m+ 1)(m+ 2) = 0

The roots are m1 = −1 and m2 = −2.
The complementary function (solution to the homogeneous equation) is yc = c1e

−x + c2e
−2x.

Step 2: Find the Particular Integral
The right-hand side is R(x) = e−2x. This is of the form eax with a = −2.
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Let’s evaluate the operator polynomial f(D) = D2 + 3D + 2 at D = a = −2:

f(−2) = (−2)2 + 3(−2) + 2 = 4− 6 + 2 = 0

Since f(−2) = 0, this is a case of failure. The value a = −2 is a non-repeated root of the
auxiliary equation.
We must use the rule for a single root failure: P.I. = x 1

f ′(D)e
ax.

First, find the derivative of f(D):

f ′(D) =
d

dD
(D2 + 3D + 2) = 2D + 3

Now evaluate f ′(D) at D = a = −2:

f ′(−2) = 2(−2) + 3 = −4 + 3 = −1

Now, apply the formula for P.I.:

P.I. = x
1

f ′(−2)
e−2x = x

1

−1
e−2x = −xe−2x

Step 4: Final Answer
The particular integral of the differential equation is −xe−2x. This corresponds to option (A).

� Quick Tip

When finding the P.I. for a right-hand side of eax, always check if ’a’ is a root of the
auxiliary equation first. If f(a) = 0, it’s a case of failure, and you need to multiply
the standard trial solution by x (or x2 if ’a’ is a repeated root) and adjust the method
accordingly. The operator method with the x 1

f ′(a) rule is very efficient for these cases.

Physics

51. If we choose velocity V, length L and force F as fundamental physical quantities then
how would you express power in terms of V, L and F ?
(A) F 1L0V 1

(B) F 1L−1V 1

(C) F 1L−1V 2

(D) F 1L−2V 3

Correct Answer: (A) F 1L0V 1

Solution:
Step 1: Understanding the Concept
This is a problem of dimensional analysis. We need to express the dimensions of Power (P) as
a combination of the dimensions of the new fundamental quantities: Force (F), Length (L),
and Velocity (V).
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Step 2: Key Formula or Approach
1. Write down the dimensional formulas of all quantities in terms of the standard
fundamental dimensions (M, L, T).
- Power [P] = [ML2T−3]
- Force [F] = [MLT−2]
- Length [L] = [L]
- Velocity [V] = [LT−1]
2. Assume that Power is proportional to some powers of F, L, and V.
Let [P ] = [F ]a[L]b[V ]c.
3. Substitute the standard dimensions into this equation and solve for the exponents a, b, and
c by equating the powers of M, L, and T on both sides.
Step 3: Detailed Explanation
We set up the dimensional equation:

[ML2T−3] = ([MLT−2])a([L])b([LT−1])c

[ML2T−3] = [MaLaT−2a][Lb][LcT−c]

Combine the powers on the right side:

[M1L2T−3] = [MaLa+b+cT−2a−c]

Now, we equate the exponents of M, L, and T on both sides.
1. For M: 1 = a
2. For T: −3 = −2a− c. Since we know a = 1, we have
−3 = −2(1)− c ⇒ −3 = −2− c ⇒ c = 1.
3. For L: 2 = a+ b+ c. Substituting a = 1 and c = 1, we get
2 = 1 + b+ 1 ⇒ 2 = 2 + b ⇒ b = 0.
So, we have found the exponents to be a = 1, b = 0, c = 1.
Therefore, the expression for power is F 1L0V 1, or simply FV.
Step 4: Final Answer
The expression for power in terms of F, L, and V is F 1L0V 1. This corresponds to option (A).

� Quick Tip

A quicker way to solve this is to use the basic definitions. Power is Force times Veloc-
ity (P = F · v). In terms of dimensions, this is directly [P ] = [F ][V ], which is F 1V 1L0.
This intuitive approach works well when the relationship between quantities is simple
and well-known.

52. Which pair of physical quantities have same dimensional formula
(A) Torque and momentum
(B) Surface tension and tension
(C) Pressure and modulus of elasticity
(D) Force constant and Planck’s constant

Correct Answer: (C) Pressure and modulus of elasticity
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Solution:
Step 1: Understanding the Concept
This question requires comparing the dimensional formulas of various physical quantities.
Two quantities have the same dimensional formula if they can be expressed using the same
combination of fundamental dimensions (Mass [M], Length [L], Time [T], etc.).
Step 2: Key Formula or Approach
We need to derive the dimensional formula for each quantity listed in the options.

- Pressure = Force/Area = [MLT−2]
[L2] = [ML−1T−2]

- Modulus of Elasticity = Stress/Strain. Stress = Force/Area, and Strain is dimensionless.
So, Modulus of Elasticity has the same dimension as Stress, which is the same as Pressure.
[ML−1T−2].
- Torque = Force × perpendicular distance = [MLT−2][L] = [ML2T−2].
- Momentum = mass × velocity = [M ][LT−1] = [MLT−1].

- Surface Tension = Force/Length = [MLT−2]
[L] = [MT−2].

- Tension is a type of force, so its dimension is [MLT−2].

- Force Constant (k) from F = kx is k = F/x. Dimension = [MLT−2]
[L] = [MT−2].

- Planck’s Constant (h) from E = hν is h = E/ν. Dimension = [ML2T−2]
[T−1] = [ML2T−1].

Step 3: Detailed Explanation
Let’s compare the dimensions for each pair:
(A) Torque and momentum:
- [Torque] = [ML2T−2]
- [Momentum] = [MLT−1]
These are not the same.
(B) Surface tension and tension:
- [Surface Tension] = [MT−2]
- [Tension (Force)] = [MLT−2]
These are not the same.
(C) Pressure and modulus of elasticity:
- [Pressure] = [ML−1T−2]
- [Modulus of Elasticity] = [ML−1T−2]
These are the same.
(D) Force constant and Planck’s constant:
- [Force Constant] = [MT−2]
- [Planck’s Constant] = [ML2T−1]
These are not the same.
Step 4: Final Answer
The pair with the same dimensional formula is Pressure and modulus of elasticity. This
corresponds to option (C).

� Quick Tip

Remember that any quantity defined as a ratio of two other quantities with the same
dimensions will be dimensionless (e.g., Strain, Refractive Index). Also, quantities like
Stress, Pressure, and various moduli of elasticity (Young’s, Bulk, Shear) all share the
dimension of Force/Area.
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53. If A⃗+ B⃗ = C⃗ and A2 +B2 = C2 then the angle between vectors A and B is
(A) 0◦

(B) 60◦

(C) 90◦

(D) 120◦

Correct Answer: (C) 90◦

Solution:
Step 1: Understanding the Concept
This question relates vector addition to the magnitudes of the vectors. The first equation is a
vector sum, while the second equation relates the squares of their magnitudes. This structure
is reminiscent of the Pythagorean theorem, which suggests a right angle. We can prove this
using the dot product.
Step 2: Key Formula or Approach
The magnitude of a sum of two vectors A⃗ and B⃗ is given by the law of cosines for vectors:

C2 = |C⃗|2 = |A⃗+ B⃗|2 = A2 +B2 + 2AB cos θ

where θ is the angle between A⃗ and B⃗. An alternative approach is to take the dot product of
the vector equation with itself.
Step 3: Detailed Explanation
We are given two equations:
1. A⃗+ B⃗ = C⃗
2. A2 +B2 = C2

Let’s take the first equation and find the square of the magnitude of C⃗.

C2 = |C⃗|2 = |A⃗+ B⃗|2 = (A⃗+ B⃗) · (A⃗+ B⃗)

Expanding the dot product:

C2 = A⃗ · A⃗+ A⃗ · B⃗ + B⃗ · A⃗+ B⃗ · B⃗

C2 = |A⃗|2 + 2(A⃗ · B⃗) + |B⃗|2

C2 = A2 +B2 + 2AB cos θ

where θ is the angle between vectors A and B. Now we can substitute the second given
equation, C2 = A2 +B2, into this result:

A2 +B2 = A2 +B2 + 2AB cos θ

Subtract A2 +B2 from both sides:
0 = 2AB cos θ

Since the vectors A and B are components of C, they must be non-zero vectors (otherwise C
would be equal to one of them, and the second equation would not hold unless one was zero).
Thus, A ̸= 0 and B ̸= 0. This means that for the product to be zero, we must have:

cos θ = 0

The angle θ for which cos θ = 0 (in the range [0◦, 180◦]) is 90◦.
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Step 4: Final Answer
The angle between vectors A and B is 90◦. This corresponds to option (C).

� Quick Tip

The condition A2+B2 = C2 for a vector sum A⃗+ B⃗ = C⃗ is the vector equivalent of the
Pythagorean theorem. Just as it implies a right angle in a triangle of sides A, B, C, it
implies that the vectors A⃗ and B⃗ are perpendicular (orthogonal) to each other.

54. The area of rectangle with sides as A⃗ = 3̂i+ 4ĵ and B⃗ = î+ 3ĵ is
(A) 5

√
10 units

(B) 10 units
(C) 2

√
10 units

(D) 10
√
5 units

Correct Answer: (A) 5
√
10 units

Solution:
Step 1: Understanding the Concept
The question asks for the area of a rectangle given two vectors representing the sides. The
area of a rectangle is the product of the lengths of its adjacent sides. The length of a side
represented by a vector is the magnitude of that vector. This interpretation assumes the
vectors A⃗ and B⃗ represent the lengths and directions of the adjacent sides. However, for a
rectangle, the sides must be perpendicular. Let’s first check if the vectors are perpendicular.
If not, the question is likely asking for the product of the magnitudes of the vectors, treating
them as the lengths of the sides.
Step 2: Key Formula or Approach
1. The magnitude (length) of a vector V⃗ = xî+ yĵ is given by |V⃗ | =

√
x2 + y2. 2. Calculate

the magnitudes of the given vectors A⃗ and B⃗, let’s call them |A⃗| and |B⃗|. 3. The area of the
rectangle is Area = length× width = |A⃗| × |B⃗|.
Step 3: Detailed Explanation
First, let’s find the magnitude of vector A⃗.

A⃗ = 3̂i+ 4ĵ

|A⃗| =
√
32 + 42 =

√
9 + 16 =

√
25 = 5

Next, let’s find the magnitude of vector B⃗.

B⃗ = î+ 3ĵ

|B⃗| =
√

12 + 32 =
√
1 + 9 =

√
10

Now, we calculate the area by multiplying the magnitudes of the two vectors, which represent
the lengths of the rectangle’s sides.

Area = |A⃗| × |B⃗| = 5×
√
10 = 5

√
10 units
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Note: The vectors are not perpendicular, as their dot product
A⃗ · B⃗ = (3)(1) + (4)(3) = 15 ̸= 0. Therefore, they cannot form a rectangle. The question is
slightly ill-posed, but the interpretation as the product of their magnitudes is the only one
that matches the given options.
Step 4: Final Answer
Assuming the question intends for the area to be the product of the magnitudes of the given
vectors, the area is 5

√
10 units. This corresponds to option (A).

� Quick Tip

In vector problems, if a geometric term like ”rectangle” or ”parallelogram” is used,
think about what vector operations correspond to its properties. Area of a parallelo-
gram is |A⃗ × B⃗|, while area of a rectangle is length times width, which is |A⃗||B⃗| if A⃗
and B⃗ are perpendicular. If the geometric conditions don’t match the vectors, check if
a simpler interpretation (like product of magnitudes) matches the options.

55. If a pebble is thrown vertically upwards from the top of a tower with velocity 5 m/s. It
strikes the ground after 3 seconds. With what velocity the pebble strikes the ground? (take g
= 10 ms−2)
(A) 10 m/s
(B) 20 m/s
(C) 25 m/s
(D) 30 m/s

Correct Answer: (C) 25 m/s

Solution:
Step 1: Understanding the Concept
This is a problem of one-dimensional motion under constant acceleration (gravity). We need
to find the final velocity of an object given its initial velocity, the time of flight, and the
acceleration due to gravity.
Step 2: Key Formula or Approach
We use the first equation of motion for constant acceleration:

v = u+ at

where: - v is the final velocity. - u is the initial velocity. - a is the constant acceleration. - t is
the time interval. We will establish a sign convention. Let’s take the upward direction as
positive and the downward direction as negative.
Step 3: Detailed Explanation
According to our sign convention: - Initial velocity u = +5 m/s (since it is thrown upwards).
- Acceleration a = −g = −10 m/s2 (gravity always acts downwards). - Time of flight t = 3 s.
Now, we can substitute these values into the equation of motion:

v = u+ at

v = (+5) + (−10)(3)
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v = 5− 30

v = −25 m/s

The final velocity is -25 m/s. The negative sign indicates that the pebble is moving in the
downward direction when it strikes the ground. The question asks for the velocity (speed)
with which it strikes, which is the magnitude of the final velocity.
Magnitude of velocity = | − 25 m/s| = 25 m/s.
Step 4: Final Answer
The pebble strikes the ground with a velocity of 25 m/s. This corresponds to option (C).

� Quick Tip

Establishing a clear sign convention (e.g., up is positive, down is negative) is crucial
in kinematics problems involving vertical motion. Be consistent with the signs for dis-
placement, velocity, and acceleration. The sign of the final answer gives the direction of
motion.

56. If a body released from the top of a tower of height H meter takes T seconds to reach the
ground, where is the body at time T/2 seconds from the ground ?
(A) H

2

(B) H
4

(C) 3H
4

(D) 2H
3

Correct Answer: (C) 3H
4

Solution:
Step 1: Understanding the Concept
This is a problem of free fall under gravity. The distance an object falls is not linear with
time; it is proportional to the square of the time. We need to find the distance fallen in the
first half of the total time and relate it to the total height.
Step 2: Key Formula or Approach
We use the second equation of motion for an object starting from rest (u = 0):

s = ut+
1

2
at2 =⇒ s =

1

2
gt2

where s is the distance fallen from the top.
Step 3: Detailed Explanation
Part 1: Relate total height H and total time T
The body is released, so its initial velocity u = 0. It falls a total distance H in time T. Using
the formula s = 1

2gt
2:

H =
1

2
gT 2 (Equation 1)

Part 2: Find the distance fallen at time t = T/2
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Let h be the distance the body has fallen from the top at time t = T/2. Using the same
formula:

h =
1

2
g

(
T

2

)2

=
1

2
g
T 2

4
=

1

4

(
1

2
gT 2

)
From Equation 1, we know that 1

2gT
2 = H. Substituting this into the equation for h:

h =
1

4
H

This means that in the first half of the time, the body covers the first quarter of the total
height.
Part 3: Find the position from the ground
The question asks for the position of the body from the ground at time T/2. Position from
ground = Total height - Distance fallen from top

Position from ground = H − h = H − H

4
=

4H −H

4
=

3H

4

Step 4: Final Answer
At time T/2, the body is at a height of 3H

4 from the ground. This corresponds to option (C).

� Quick Tip

For an object in free fall from rest, the distance covered is proportional to the square of
the time (s ∝ t2). This means in the first half of the time, it covers (1/2)2 = 1/4 of the
distance. In the second half of the time, it covers the remaining 1 − 1/4 = 3/4 of the
distance.

57. A body starts from rest and travels with uniform acceleration. If the distance covered in
first 2 seconds is ’x’ and next 2 seconds is ’y’, then
(A) y = x
(B) y = 2x
(C) y = 3x
(D) y = 4x

Correct Answer: (C) y = 3x

Solution:
Step 1: Understanding the Concept
This problem deals with motion under uniform acceleration. We need to find the relationship
between distances covered in two consecutive equal time intervals. A key concept is that for
uniform acceleration from rest, the distance covered is proportional to the square of the time
elapsed.
Step 2: Key Formula or Approach
The equation for distance covered from rest (u = 0) with uniform acceleration ’a’ is:

s =
1

2
at2
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We will calculate the distance covered in the first 2 seconds and the total distance covered in
4 seconds to find the distance covered in the second 2-second interval.
Step 3: Detailed Explanation
Let the uniform acceleration be ’a’. The body starts from rest, so u = 0.
Distance in the first 2 seconds (x):
The time interval is from t = 0 to t = 2 s.

x = s(2)− s(0) =
1

2
a(2)2 − 0 =

1

2
a(4) = 2a

So, x = 2a.
Distance in the next 2 seconds (y):
This is the distance covered between t = 2 s and t = 4 s. We can find this by calculating the
total distance covered in 4 seconds and subtracting the distance covered in the first 2 seconds.
Total distance in 4 seconds:

s(4) =
1

2
a(4)2 =

1

2
a(16) = 8a

The distance in the ’next 2 seconds’ is:

y = s(4)− s(2) = 8a− x = 8a− 2a = 6a

So, y = 6a.
Find the relationship between x and y:
We have x = 2a and y = 6a. We can write y in terms of x:

y = 6a = 3× (2a) = 3x

Therefore, y = 3x.
Step 4: Final Answer
The relationship between x and y is y = 3x. This corresponds to option (C).

� Quick Tip

A useful result for uniform acceleration from rest is that the ratio of distances covered
in successive equal time intervals is the ratio of odd numbers, 1:3:5:7... In this problem,
the two intervals are of equal duration (2 seconds). So the ratio of distances x:y should
be 1:3, which directly gives y = 3x.

58. A juggler throws ball into air. He throws one whenever the previous one is at its highest
point. How high do the balls rise if he throws n balls each second?
(A) g

2n2

(B) g
n

(C) g
2n

(D) n2

g

Correct Answer: (A) g
2n2

Solution:
Step 1: Understanding the Concept
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This problem combines concepts of frequency and kinematics of vertical motion. The rate at
which balls are thrown gives the time interval between throws. This time interval is linked to
the time it takes for a ball to reach its maximum height.
Step 2: Key Formula or Approach
1. Determine the time interval between two consecutive throws. 2. Relate this time interval
to the time of ascent for a single ball. 3. Use the equations of motion under gravity to find
the maximum height reached. The relevant equations are v = u− gt and v2 = u2 − 2gH.
Step 3: Detailed Explanation
1. Time Interval: The juggler throws ’n’ balls each second. This is the frequency of throws.
The time interval ∆t between any two consecutive throws is the reciprocal of the frequency.

∆t =
1

n
seconds

2. Time of Ascent: The problem states that a new ball is thrown precisely when the
previous one reaches its highest point. This means the time taken for a ball to travel from the
hand to its maximum height (time of ascent, tup) is equal to the time interval between throws.

tup = ∆t =
1

n

3. Initial Velocity: At the maximum height, the vertical velocity of the ball is zero (v = 0).
We can find the initial upward velocity u required for the ball to reach this height in time tup.
Using v = u− gtup:

0 = u− g

(
1

n

)
u =

g

n

4. Maximum Height: Now we can find the maximum height H using the initial velocity u.
Using the equation v2 = u2 − 2gH:

02 =
(g
n

)2
− 2gH

2gH =
g2

n2

H =
g2

2gn2

H =
g

2n2

Step 4: Final Answer
The maximum height the balls rise to is g

2n2 . This corresponds to option (A).

� Quick Tip

Break down complex physics problems into smaller, manageable parts. Here, the prob-
lem was broken down into finding the time interval, then using that to find the initial
velocity, and finally using the initial velocity to find the maximum height. Each step
uses a basic physics principle.
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59. A block of mass m is lying on an inclined plane. The coefficient of friction between the
plane and the block is µ. The force required to move the block up the inclined plane will be
(A) mg sin θ − µmg cos θ
(B) mg sin θ + µmg cos θ
(C) mg cos θ − µmg sin θ
(D) mg cos θ + µmg sin θ

Correct Answer: (B) mg sin θ + µmg cos θ

Solution:
Step 1: Understanding the Concept
This problem involves analyzing the forces acting on a block on an inclined plane. To find the
force required to move the block *up* the plane, we need to consider all forces that oppose
this motion: the component of gravity acting down the plane and the force of friction, which
also acts down the plane.
Step 2: Key Formula or Approach
1. Draw a free-body diagram of the block on the inclined plane. 2. Resolve the force of
gravity (mg) into components parallel and perpendicular to the inclined plane. 3. Identify all
forces acting parallel to the plane. 4. The applied force F required to initiate motion must be
equal to (or infinitesimally greater than) the sum of all forces opposing the upward motion.
Step 3: Detailed Explanation
Let the angle of inclination be θ.
The forces acting on the block are: 1. Weight (mg): Acts vertically downwards. -
Component parallel to the plane: mg sin θ (acting down the plane). - Component
perpendicular to the plane: mg cos θ (acting into the plane). 2. Normal Force (N): Acts
perpendicular to the plane, outwards. It balances the perpendicular component of gravity.

N = mg cos θ

3. Frictional Force (f): Opposes the tendency of motion. Since we want to move the block
*up* the plane, the frictional force will act *down* the plane. The maximum static friction
(which we must overcome) is given by fmax = µN .

fmax = µ(mg cos θ)

4. Applied Force (F): This is the force we apply, directed up the plane.
For the block to be on the verge of moving up the plane, the applied force F must balance the
sum of the forces directed down the plane.

F = (component of gravity down the plane) + (frictional force down the plane)

F = mg sin θ + fmax

F = mg sin θ + µmg cos θ

Step 4: Final Answer
The force required to move the block up the inclined plane is mg sin θ + µmg cos θ. This
corresponds to option (B).
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� Quick Tip

Always draw a free-body diagram for problems involving forces. The direction of the
friction force is critical; it always opposes the direction of motion or impending motion.
For moving *up* an incline, friction is *down*. For sliding *down* an incline, friction
is *up*.

60. The time taken by a body to slide down the smooth inclined plane is 4sec. The time
taken by a body to slide 1/4th of the length of the plane is
(A) 1 sec
(B) 2 sec
(C) 3 sec
(D) 0.5 sec

Correct Answer: (B) 2 sec

Solution:
Step 1: Understanding the Concept
This is a kinematics problem on a smooth (frictionless) inclined plane. The body starts from
rest and moves with constant acceleration. The key relationship is that the distance traveled
is proportional to the square of the time.
Step 2: Key Formula or Approach
For an object starting from rest (u = 0) and moving with constant acceleration ’a’, the
distance ’s’ covered in time ’t’ is given by:

s =
1

2
at2

From this, we can see that t2 = 2s
a , which means t =

√
2s
a . Therefore, t ∝

√
s.

Step 3: Detailed Explanation
Let L be the total length of the inclined plane and T be the total time taken to slide down,
which is given as T = 4 sec. Let s1 = L and t1 = T = 4 s. Let s2 = L/4 be the new distance,
and we need to find the corresponding time t2.
Using the relationship s = 1

2at
2, where a = g sin θ is the constant acceleration down the plane.

For the full length:

L =
1

2
a(4)2 =

1

2
a(16) = 8a (Equation 1)

For the first 1/4th of the length:

L

4
=

1

2
a(t2)

2 (Equation 2)

Substitute Equation 1 into Equation 2:

8a

4
=

1

2
a(t2)

2

2a =
1

2
a(t2)

2
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Cancel ’a’ from both sides (since a ̸= 0):

2 =
1

2
(t2)

2

t22 = 4

t2 = 2 sec

(Time must be positive)
Alternative method using proportionality:
We established that t ∝

√
s. We can write this as a ratio:

t2
t1

=

√
s2√
s1

Substitute the known values:

t2
4

=

√
L/4√
L

=

√
L/4

L
=

√
1

4
=

1

2

t2 = 4× 1

2
= 2 sec

Step 4: Final Answer
The time taken to slide 1/4th of the length is 2 sec. This corresponds to option (B).

� Quick Tip

For motion starting from rest with constant acceleration, the relationship s ∝ t2 or
t ∝

√
s is a very useful shortcut. To travel 1/4th the distance, it takes

√
1/4 = 1/2 of

the time. To travel 1/9th the distance, it takes
√

1/9 = 1/3 of the time, and so on.

61. A body of mass 2 Kg changes its velocity from (3̂i− 4ĵ) m/s to (6ĵ + 2k̂) m/s. what is
the change in kinetic energy of the body?
(A) 15 J
(B) 12 J
(C) 18 J
(D) 20 J

Correct Answer: (A) 15 J

Solution:
Step 1: Understanding the Concept
This problem requires calculating the change in kinetic energy. Kinetic energy is a scalar
quantity that depends on the mass and the speed (magnitude of velocity) of the object. The
change in kinetic energy is the final kinetic energy minus the initial kinetic energy.
Step 2: Key Formula or Approach
1. Kinetic Energy (KE) is given by KE = 1

2mv2, where v is the speed. 2. The speed v is the

magnitude of the velocity vector v⃗. For v⃗ = vxî+ vy ĵ + vzk̂, the speed squared is
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v2 = v2x + v2y + v2z . 3. The change in kinetic energy is

∆KE = KEfinal −KEinitial =
1
2mv2f − 1

2mv2i = 1
2m(v2f − v2i ).

Step 3: Detailed Explanation
We are given: - Mass m = 2 kg. - Initial velocity v⃗i = 3̂i− 4ĵ m/s. - Final velocity
v⃗f = 6ĵ + 2k̂ m/s.
First, we need to find the square of the initial and final speeds. Initial speed squared (v2i ):

v2i = |v⃗i|2 = (3)2 + (−4)2 + (0)2 = 9 + 16 = 25 (m/s)2

Final speed squared (v2f):

v2f = |v⃗f |2 = (0)2 + (6)2 + (2)2 = 36 + 4 = 40 (m/s)2

Now, calculate the change in kinetic energy:

∆KE =
1

2
m(v2f − v2i )

∆KE =
1

2
(2)(40− 25)

∆KE = 1× 15

∆KE = 15 J

Step 4: Final Answer
The change in kinetic energy of the body is 15 J. This corresponds to option (A).

� Quick Tip

Remember that kinetic energy is a scalar, so you need to work with the speed (mag-
nitude of velocity), not the velocity vector itself. It’s often easier to calculate the
squares of the speeds directly from the vector components and then use the formula
∆KE = 1

2m(v2f − v2i ), rather than calculating each KE value separately.

62. At her maximum height a girl in a swing is 3m above the ground and at the lowest point
she is 2m above the ground. Her maximum velocity is
(A)

√
29.4 m/s

(B)
√
9.8 m/s

(C)
√
19.6 m/s

(D) 9.8 m/s

Correct Answer: (C)
√
19.6 m/s

Solution:
Step 1: Understanding the Concept
This problem involves the principle of conservation of mechanical energy. As the girl on the
swing moves from her highest point to her lowest point, her potential energy is converted into
kinetic energy. The total mechanical energy (sum of kinetic and potential energy) remains
constant, assuming no air resistance or friction.
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Step 2: Key Formula or Approach
Conservation of Mechanical Energy:

Etotal = KE + PE = constant

So, the total energy at the highest point equals the total energy at the lowest point.

KEhigh + PEhigh = KElow + PElow

- Potential Energy (PE) = mgh - Kinetic Energy (KE) = 1
2mv2

Step 3: Detailed Explanation
Let’s define the states: - Highest Point: Height hhigh = 3 m. At the maximum height, the
swing momentarily stops, so velocity vhigh = 0. - Lowest Point: Height hlow = 2 m. At the
lowest point, the velocity is maximum, let’s call it vmax.
Now, apply the conservation of energy principle:

1

2
mv2high +mghhigh =

1

2
mv2max +mghlow

Substitute the known values:

1

2
m(0)2 +mg(3) =

1

2
mv2max +mg(2)

3mg =
1

2
mv2max + 2mg

We can cancel the mass ’m’ from every term:

3g =
1

2
v2max + 2g

Now, solve for v2max:
1

2
v2max = 3g − 2g = g

v2max = 2g

The options suggest using the standard value for acceleration due to gravity, g = 9.8 m/s2.

v2max = 2× 9.8 = 19.6

vmax =
√
19.6 m/s

Step 4: Final Answer
Her maximum velocity is

√
19.6 m/s. This corresponds to option (C).

� Quick Tip

In energy conservation problems, only the *change* in height matters for the change in
potential energy. The change in PE, mg(hhigh − hlow), is converted into KE. So you
can directly write 1

2mv2max = mg(∆h), which simplifies to vmax =
√
2g∆h. Here, ∆h =

3− 2 = 1 m.
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63. An engine delivers 1000 watt of power with 80% efficiency. The input power is
(A) 800 W
(B) 1000 W
(C) 1250 W
(D) 1500 W

Correct Answer: (C) 1250 W

Solution:
Step 1: Understanding the Concept
This problem deals with the concept of efficiency. The efficiency of any machine or engine is
the ratio of the useful power output to the total power input. It is usually expressed as a
percentage.
Step 2: Key Formula or Approach
The formula for efficiency (η) is:

η =
Power Output

Power Input

To express efficiency as a percentage, we multiply this ratio by 100.

η(%) =
Pout

Pin
× 100

We are given the output power and the efficiency, and we need to find the input power.
Step 3: Detailed Explanation
We are given: - Power Output (Pout) = 1000 W. - Efficiency (η) = 80% = 0.80.
We need to find the Power Input (Pin). Rearranging the efficiency formula to solve for Pin:

Pin =
Pout

η

Substitute the given values:

Pin =
1000

0.80

To simplify the division:

Pin =
10000

8

Pin = 1250 W

Step 4: Final Answer
The input power is 1250 W. This corresponds to option (C).

� Quick Tip

Remember that due to energy losses (like friction, heat, etc.), the output power of any
real machine is always less than the input power. Therefore, the efficiency is always
less than 100%. This means the input power must be greater than the output power.
This can help you eliminate incorrect options like 800 W.
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64. If a seconds pendulum on the earth is taken to a planet whose gravity is half of the
gravity on earth, its time period on that planet is
(A) 2 sec
(B) 4 sec
(C) 4

√
2 sec

(D) 2
√
2 sec

Correct Answer: (D) 2
√
2 sec

Solution:
Step 1: Understanding the Concept
This problem involves the simple pendulum. The time period of a simple pendulum depends
on its length and the local acceleration due to gravity. A ”seconds pendulum” is a standard
pendulum whose time period is exactly 2 seconds on Earth.
Step 2: Key Formula or Approach
The time period (T) of a simple pendulum is given by the formula:

T = 2π

√
L

g

where L is the length of the pendulum and g is the acceleration due to gravity. From this
formula, we can see the relationship between the time period and gravity: T ∝ 1√

g .

Step 3: Detailed Explanation
Let TE and gE be the time period and gravity on Earth. Let TP and gP be the time period
and gravity on the planet. We are given that it is a ”seconds pendulum” on Earth, which
means:

TE = 2 sec

We are also given the relationship between the gravities:

gP =
1

2
gE

The length L of the pendulum remains the same. We can set up a ratio using the
proportionality T ∝ 1/

√
g:

TP
TE

=
1/
√
gP

1/
√
gE

=

√
gE
gP

Substitute the given values into the ratio:

TP
2

=

√
gE

(1/2)gE
=

√
2

Now, solve for the time period on the planet, TP :

TP = 2
√
2 sec

Step 4: Final Answer
The time period on the new planet is 2

√
2 sec. This corresponds to option (D).
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� Quick Tip

When a quantity depends on several variables, it’s often easiest to solve problems by
setting up a ratio. This allows you to cancel out the constants (like 2π and L in this
case) and focus on the variables that are changing. Here, since T is inversely propor-
tional to

√
g, if gravity is halved, the time period will be multiplied by

√
2.

65. The amplitude of a simple harmonic oscillator is A. When the velocity of particle is half
of its maximum velocity, then its position is at
(A) A

2

(B)
√
3A
4

(C) A
4

(D)
√
3A
2

Correct Answer: (D)
√
3A
2

Solution:
Step 1: Understanding the Concept
This problem relates the position and velocity of a particle undergoing Simple Harmonic
Motion (SHM). In SHM, the total energy is conserved, which leads to a specific relationship
between velocity, position, amplitude, and angular frequency.
Step 2: Key Formula or Approach
The velocity v of a particle in SHM as a function of its position x is given by:

v = ω
√
A2 − x2

where ω is the angular frequency and A is the amplitude. The maximum velocity, vmax,
occurs at the equilibrium position (x = 0).

vmax = ω
√

A2 − 02 = ωA

Step 3: Detailed Explanation
We are given the condition that the velocity of the particle is half of its maximum velocity:

v =
vmax

2

Substitute the formulas for v and vmax into this condition:

ω
√

A2 − x2 =
ωA

2

We can cancel the angular frequency ω from both sides (as long as ω ̸= 0):√
A2 − x2 =

A

2

To solve for the position x, we square both sides of the equation:

A2 − x2 =

(
A

2

)2

=
A2

4
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Now, isolate x2:

x2 = A2 − A2

4

x2 =
4A2 − A2

4
=

3A2

4
Take the square root of both sides to find the position x:

x = ±
√

3A2

4
= ±

√
3A

2

The question asks for the position, and the options provide the positive magnitude.
Step 4: Final Answer

The position of the particle is at
√
3A
2 from the equilibrium point. This corresponds to option

(D).

� Quick Tip

This is a standard result in SHM. At x = A/2, the speed is (
√
3/2)vmax. At x =

(
√
3/2)A, the speed is vmax/2. Memorizing these common position-velocity pairs can

save time in exams.

66. The displacement of a particle executing SHM is x = 3 sin 2t+ 4 cos 2t. The amplitude of
particle is
(A) 7
(B) 3
(C) 4
(D) 5

Correct Answer: (D) 5

Solution:
Step 1: Understanding the Concept
The given equation represents the superposition of two simple harmonic motions of the same
frequency and along the same line, but with a phase difference of π/2. The resultant motion
is also a simple harmonic motion, and we need to find its amplitude.
Step 2: Key Formula or Approach
An expression of the form x = a sin(ωt) + b cos(ωt) can be combined into a single sinusoidal
function of the form x = R sin(ωt+ ϕ) or x = R cos(ωt− δ). The amplitude R of the resultant
SHM is given by:

R =
√
a2 + b2

Step 3: Detailed Explanation
The given displacement equation is:

x = 3 sin(2t) + 4 cos(2t)

This equation is in the standard form x = a sin(ωt) + b cos(ωt). By comparing the given
equation with the standard form, we can identify: - a = 3 - b = 4 - ω = 2
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The amplitude of the resultant motion, R, is calculated using the formula:

R =
√
a2 + b2

Substitute the values of a and b:
R =

√
32 + 42

R =
√
9 + 16

R =
√
25

R = 5

The unit of amplitude will be the same as the unit of displacement x.
Step 4: Final Answer
The amplitude of the particle is 5. This corresponds to option (D).

� Quick Tip

This is analogous to finding the magnitude of a vector with components (a, b). The
Pythagorean triple (3, 4, 5) is very common in physics problems. Recognizing it imme-
diately tells you that if the components are 3 and 4, the resultant magnitude (ampli-
tude in this case) will be 5.

67. The beats are produced by two sound sources of same amplitude and of nearly equal
frequencies. The maximum intensity of beats will be when compared to that of one source
is
(A) Same
(B) Double
(C) Four times
(D) Eight times

Correct Answer: (C) Four times

Solution:
Step 1: Understanding the Concept
This question relates to the phenomenon of beats, which arises from the interference of two
waves with slightly different frequencies. The intensity of a wave is proportional to the square
of its amplitude. We need to find the maximum possible intensity during the beat cycle
compared to the intensity of a single source.
Step 2: Key Formula or Approach
1. Intensity I is proportional to the square of the amplitude A: I ∝ A2. 2. The maximum
amplitude (Amax) during interference occurs when the waves interfere constructively. For two
waves of amplitude A0, the maximum amplitude is Amax = A0 + A0 = 2A0. 3. We can then
compare the maximum intensity Imax with the intensity of a single source I0.
Step 3: Detailed Explanation
Let the amplitude of each of the two sound sources be A0. The intensity of a single source, I0,
is proportional to the square of its amplitude:

I0 = kA2
0
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where k is a proportionality constant.
When beats are produced, the two waves interfere. The amplitude of the resultant wave varies
with time. The maximum amplitude occurs at points of constructive interference. At these
points, the amplitudes add up:

Amax = A0 + A0 = 2A0

The maximum intensity, Imax, corresponds to this maximum amplitude:

Imax = k(Amax)
2 = k(2A0)

2

Imax = k(4A2
0) = 4(kA2

0)

Substituting I0 = kA2
0, we get:

Imax = 4I0

Thus, the maximum intensity of the beats is four times the intensity of a single source.
Step 4: Final Answer
The maximum intensity of beats will be four times that of one source. This corresponds to
option (C).

� Quick Tip

Remember that intensity is related to energy, which scales with the square of the am-
plitude. A common mistake is to think that doubling the amplitude only doubles the
intensity. Doubling the amplitude quadruples the intensity. The minimum intensity
during beats would be zero, as the amplitudes cancel out during destructive interfer-
ence (Amin = A0 − A0 = 0).

68. A siren emitting sound of frequency 800 Hz is going away from a static listener with a
speed of 30 m/s. Frequency of sound heard by the listener is (Velocity of sound in air = 340
m/s)
(A) 286.5 Hz
(B) 418.2 Hz
(C) 733.3 Hz
(D) 644.5 Hz

Correct Answer: (C) 733.3 Hz

Solution:
Step 1: Understanding the Concept
This problem involves the Doppler effect for sound waves. When there is relative motion
between a source of sound and a listener, the frequency perceived by the listener (apparent
frequency) is different from the frequency emitted by the source (source frequency). Here, the
source is moving away from a stationary listener.
Step 2: Key Formula or Approach
The general formula for the Doppler effect is:

fL = fS

(
v ± vL
v ∓ vS

)
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where: - fL is the frequency heard by the listener. - fS is the frequency emitted by the source.
- v is the velocity of sound in the medium. - vL is the velocity of the listener. - vS is the
velocity of the source. The signs are chosen based on the direction of motion (conventionally,
positive for motion towards each other). For a source moving away from a stationary listener:
vL = 0, and we use the ’+’ sign in the denominator.

fL = fS

(
v

v + vS

)
Step 3: Detailed Explanation
We are given the following values: - Source frequency, fS = 800 Hz. - Velocity of the source,
vS = 30 m/s (moving away). - Velocity of the listener, vL = 0 m/s (static). - Velocity of
sound, v = 340 m/s.
Substitute these values into the formula for a source receding from a stationary observer:

fL = 800

(
340

340 + 30

)

fL = 800

(
340

370

)
fL = 800× 34

37

fL =
27200

37
≈ 735.135 Hz

The calculated value is approximately 735.1 Hz. The closest option is 733.3 Hz. This suggests
a possible typo in the problem’s values (e.g., if v = 330 m/s,
fL = 800× 330

360 = 800× 11
12 ≈ 733.3 Hz). Assuming the intended answer is option (C), we

select it as the closest result.
Step 4: Final Answer
The frequency of sound heard by the listener is approximately 735.1 Hz. The closest available
option is 733.3 Hz. This corresponds to option (C).

� Quick Tip

A simple way to remember the Doppler effect signs: When the distance between the
source and listener is decreasing, the apparent frequency increases (higher pitch).
When the distance is increasing, the apparent frequency decreases (lower pitch). In
this case, the siren is moving away, so the frequency must be lower than 800 Hz, which
helps in eliminating any options greater than 800 Hz.

69. During the melting of a slab of ice at 273K at atmospheric pressure
(A) Positive work is done by the ice-water system on the atmosphere
(B) Positive work is done on the ice-water system by the atmosphere
(C) Negative work is done on the ice-water system by the atmosphere
(D) The internal energy of the ice-water system decreases

Correct Answer: (B) Positive work is done on the ice-water system by the atmosphere
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Solution:
Step 1: Understanding the Concept
This question deals with the thermodynamics of a phase change, specifically the melting of
ice. We need to analyze the work done and the change in internal energy during this process.
The key physical property here is that ice is less dense than liquid water, so it occupies a
larger volume for the same mass.
Step 2: Key Formula or Approach
1. Work Done: The work done *by* a system against a constant external pressure Pext is
given by W = Pext∆V , where ∆V = Vfinal − Vinitial. Work done *on* the system is −W .
2. First Law of Thermodynamics: The change in internal energy ∆U of a system is given
by ∆U = Q−W , where Q is the heat added to the system and W is the work done by the
system.
Step 3: Detailed Explanation
Analyzing Work Done:
The process is the melting of ice into water at a constant temperature (273 K) and pressure
(atmospheric pressure). - Initial state: Ice - Final state: Liquid water
A unique property of water is that solid ice is less dense than liquid water. This means that
for a given mass ’m’, the volume of ice (Vice) is greater than the volume of water (Vwater).

Vice > Vwater

The change in volume of the system during melting is:

∆V = Vfinal − Vinitial = Vwater − Vice

Since Vwater < Vice, the change in volume ∆V is negative. The system contracts.
Now let’s calculate the work done *by* the system on the atmosphere:

Wby = Patm∆V

Since ∆V is negative, Wby is negative. This means the system does negative work on the
atmosphere.
The work done *on* the system *by* the atmosphere is:

Won = −Wby = −(Patm∆V )

Since Patm is positive and ∆V is negative, Won is positive. So, positive work is done on the
ice-water system by the atmosphere. This matches option (B). Option (A) is incorrect
because work done by the system is negative. Option (C) is incorrect because work done on
the system is positive.
Analyzing Internal Energy:
Melting is a process that requires energy input in the form of latent heat of fusion (Lf ). So,
heat Q is added to the system (Q > 0). According to the First Law of Thermodynamics:

∆U = Q−Wby

Since Q is positive and Wby is negative:

∆U = (+Q)− (−value) = Q+ |value|

Therefore, ∆U is positive, which means the internal energy of the system *increases*. This
contradicts option (D).
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Step 4: Final Answer
During the melting of ice, the volume decreases, so the atmosphere does positive work on the
system. This corresponds to option (B).

� Quick Tip

Remember the anomalous expansion of water: ice is less dense than water. This is un-
usual, as most substances are denser in their solid state. This density difference is key
to understanding the work done during melting. When a system’s volume decreases
(∆V < 0), the surroundings do positive work on it (compression). When volume in-
creases (∆V > 0), the system does positive work on the surroundings (expansion).

70. A gas is compressed at a constant pressure of 50 N/m2 from a volume of 10 m3 to a
volume of 4 m3. Energy of 100 J is then added to the gas by heating. Its internal energy is
(A) Increases by 400 J
(B) Increases by 200 J
(C) Increases by 100 J
(D) Decreases by 200 J

Correct Answer: (A) Increases by 400 J

Solution:
Step 1: Understanding the Concept
This problem is an application of the First Law of Thermodynamics. This law relates the
change in internal energy of a system to the heat added to the system and the work done by
the system.
Step 2: Key Formula or Approach
1. First Law of Thermodynamics: ∆U = Q−W
where: - ∆U is the change in internal energy. - Q is the heat added to the system. - W is the
work done by the system. 2. Work Done at Constant Pressure: For a process at
constant pressure (isobaric process), the work done by the gas is given by
W = P∆V = P (Vfinal − Vinitial).
Step 3: Detailed Explanation
We are given the following information: - Constant pressure, P = 50 N/m2. - Initial volume,
Vinitial = 10 m3. - Final volume, Vfinal = 4 m3. - Heat added to the gas, Q = +100 J
(positive because it is added to the system).
First, we calculate the work done *by* the gas.

W = P (Vfinal − Vinitial)

W = 50N/m2 × (4m3 − 10m3)

W = 50× (−6)

W = −300 J

The work done by the gas is -300 J. The negative sign indicates that work is done *on* the
gas (compression), not by the gas.
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Now, we use the First Law of Thermodynamics to find the change in internal energy (∆U).

∆U = Q−W

∆U = (+100 J)− (−300 J)

∆U = 100 + 300

∆U = 400 J

The change in internal energy is +400 J. The positive sign means the internal energy
increases.
Step 4: Final Answer
The internal energy of the gas increases by 400 J. This corresponds to option (A).

� Quick Tip

Be very careful with the sign conventions in thermodynamics. - Heat added to the sys-
tem (Q) is positive. - Work done by the system (W) is positive (expansion, ∆V > 0). -
Work done on the system is negative (compression, ∆V < 0). In this problem, the gas
is compressed, so W is negative, and the term −W in the First Law becomes positive.

71. A vessel containing 10 liters of an ideal gas at a pressure of 760 mm of Hg is connected to
an evacuated 9 liter vessel. The resultant pressure is
(A) 400 mm of Hg
(B) 1440 mm of Hg
(C) 40 mm of Hg
(D) 760 mm of Hg

Correct Answer: (A) 400 mm of Hg

Solution:
Step 1: Understanding the Concept
This is a problem involving the expansion of an ideal gas into a vacuum, a process known as
free expansion. Since the process is not stated to be isothermal, we assume the temperature
of the gas remains constant because in a free expansion of an ideal gas, no work is done and
no heat is exchanged, so the internal energy (and thus temperature) does not change. This
allows us to use Boyle’s Law.
Step 2: Key Formula or Approach
Boyle’s Law: For a fixed amount of an ideal gas at constant temperature, the pressure and
volume are inversely proportional.

P1V1 = P2V2

where: - P1, V1 are the initial pressure and volume. - P2, V2 are the final pressure and volume.
Step 3: Detailed Explanation
We are given the initial and final conditions of the gas: Initial State: - The gas is in the first
vessel. - Initial pressure, P1 = 760 mm of Hg. - Initial volume, V1 = 10 liters.
Final State: - The gas expands to occupy both vessels. - The evacuated second vessel has a
volume of 9 liters. - The total final volume is the sum of the volumes of the two vessels. -
Final volume, V2 = 10 liters + 9 liters = 19 liters. - We need to find the final pressure, P2.
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Now, we apply Boyle’s Law:
P1V1 = P2V2

(760 mm of Hg)× (10 liters) = P2 × (19 liters)

Solve for P2:

P2 =
760× 10

19

P2 =
7600

19

P2 = 400 mm of Hg

Step 4: Final Answer
The resultant pressure of the gas is 400 mm of Hg. This corresponds to option (A).

� Quick Tip

When a gas expands to fill a larger container, its pressure must decrease (assuming
constant temperature). This can help you eliminate options like B and D, which sug-
gest the pressure increases or stays the same. The final pressure will be the initial pres-
sure scaled by the ratio of the initial to final volumes.

72. A sealed glass jar is full of water. When its temperature is decreased to 0◦ C
(A) The glass jar remains as it is with ice
(B) The glass jar remains as it is with water
(C) Glass jar contains half the amount of ice mixed with water
(D) The glass jar breaks due to the formation of ice

Correct Answer: (D) The glass jar breaks due to the formation of ice

Solution:
Step 1: Understanding the Concept
This question is about the anomalous expansion of water. Unlike most substances which
contract upon freezing, water expands. This unique property has significant consequences, as
described in this problem.
Step 2: Detailed Explanation
1. The problem states a sealed glass jar is completely full of water. This means there is no
empty space or air gap at the top.
2. The temperature of the water is decreased to 0◦ C. At this temperature, water begins to
freeze and turn into ice.
3. Water has a very unusual property: its solid form (ice) is less dense than its liquid form.
The maximum density of water occurs at 4◦ C. As water cools from 4◦ C to 0◦ C, it expands
slightly. Upon freezing at 0◦ C, it expands significantly, by about 9% in volume.
4. Since the jar is sealed and was completely full of water, there is no room to accommodate
this expansion.
5. As the water freezes into ice, the expanding volume exerts a tremendous amount of force
on the inner walls of the glass jar.
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6. Glass is a brittle material and cannot withstand such high internal pressure. Consequently,
the force exerted by the expanding ice will cause the jar to crack and break.
Step 3: Final Answer
Because water expands upon freezing, and the sealed jar provides no space for this expansion,
the immense pressure from the forming ice will break the jar. This corresponds to option (D).

� Quick Tip

This is a classic real-world example of the anomalous expansion of water. The same
principle explains why water pipes can burst in winter and why frost heave can crack
roads and foundations. Remember: Ice is less dense than water, so it floats, and water
expands when it freezes.

73. A bubble rises from the bottom of a lake 90 m deep on reaching the surface, its volume
becomes (Atmospheric pressure is 10 m of water)
(A) 4 times
(B) 8 times
(C) 10 times
(D) 3 times

Correct Answer: (C) 10 times

Solution:
Step 1: Understanding the Concept
As a bubble rises from the bottom of a lake to the surface, the external pressure on it
decreases. Assuming the temperature of the gas inside the bubble remains constant, we can
use Boyle’s Law to relate the pressure and volume at the bottom and at the surface.
Step 2: Key Formula or Approach
1. Pressure at a depth: The pressure at a depth ’h’ in a liquid is given by P = Patm + ρgh,
where Patm is the atmospheric pressure, ρ is the density of the liquid, and g is the acceleration
due to gravity. 2. Boyle’s Law: P1V1 = P2V2. 3. The problem conveniently gives the
atmospheric pressure in terms of an equivalent height of a water column (10 m of water).
This simplifies the pressure calculation.
Step 3: Detailed Explanation
Let’s define the conditions at the bottom and at the surface. At the bottom of the lake
(State 1): - Depth, h = 90 m. - The pressure at the bottom, P1, is the sum of the
atmospheric pressure and the pressure due to the 90 m water column. - Atmospheric pressure,
Patm, is given as equivalent to 10 m of water. - So,
P1 = (10 m of water) + (90 m of water) = 100 m of water. - Let the volume of the bubble at
the bottom be V1.
At the surface of the lake (State 2): - At the surface, the pressure on the bubble is just
the atmospheric pressure. - Pressure at the surface, P2 = Patm = 10 m of water. - Let the
volume of the bubble at the surface be V2.
Now, we apply Boyle’s Law, assuming the temperature is constant:

P1V1 = P2V2
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(100 m of water)× V1 = (10 m of water)× V2

We want to find how many times the volume becomes, which is the ratio V2

V1
.

V2
V1

=
100

10
= 10

This means V2 = 10V1. The volume becomes 10 times its original volume.
Step 4: Final Answer
The volume of the bubble becomes 10 times larger when it reaches the surface. This
corresponds to option (C).

� Quick Tip

When pressure is given in ”meters of water”, it simplifies calculations greatly. The to-
tal pressure at a depth ’h’ is simply (h + height of water equivalent to atmospheric
pressure). In this case, Pbottom = (90 + 10) m of water and Psurface = 10 m of wa-
ter. The ratio of volumes will be the inverse of the ratio of pressures.

74. An endoscope is employed by a physician to view the internal parts of a body organ. It is
based on the principle of
(A) Refraction
(B) Reflection
(C) Dispersion
(D) Total internal reflection

Correct Answer: (D) Total internal reflection

Solution:
Step 1: Understanding the Concept
This question asks for the physical principle behind the operation of an endoscope, which is a
type of optical instrument used in medicine. Endoscopes use flexible bundles of optical fibers
to transmit light into the body and carry an image back out.
Step 2: Detailed Explanation
1. An endoscope is a medical instrument that allows doctors to see inside the human body
without performing major surgery. It consists of a long, thin, flexible tube that has a light
source and a video camera or an eyepiece at the end.
2. The core technology that allows the endoscope to guide light and images along a flexible
path is the optical fiber.
3. An optical fiber works on the principle of Total Internal Reflection (TIR). It is made
of a core material with a high refractive index, surrounded by a cladding material with a
slightly lower refractive index.
4. Light is sent into one end of the fiber. As the light travels down the fiber, it strikes the
boundary between the core and the cladding at an angle of incidence greater than the critical
angle.
5. When this condition is met, the light does not refract out into the cladding but is instead
completely reflected back into the core. This process repeats itself many times as the light
zig-zags down the fiber, even when the fiber is bent.
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6. This allows the fiber to transmit light over long distances with very little loss of intensity,
effectively ”piping” the light and the image from one end to the other.
- Refraction (A) is the bending of light as it passes from one medium to another. While it
happens when light enters the fiber, it is TIR that guides the light through it. - Reflection
(B) is too general; TIR is a specific and necessary type of reflection for this application. -
Dispersion (C) is the splitting of white light into its constituent colors, which is not the
primary principle of an endoscope.
Step 3: Final Answer
The operation of an endoscope is based on the principle of total internal reflection within its
optical fibers. This corresponds to option (D).

� Quick Tip

Any application that involves guiding light through a flexible path, such as fiber optic
cables for communication or medical endoscopes, relies on the principle of Total Inter-
nal Reflection (TIR). Remember the two conditions for TIR: light must travel from a
denser to a rarer medium, and the angle of incidence must be greater than the critical
angle.

75. Light of wavelength 5000 Å falls on a sensitive plate with photo electric work function of
1.9 eV. The kinetic energy of the emitted photoelectron will be
(A) 0.58 eV
(B) 2.48 eV
(C) 1.24 eV
(D) 1.16 eV

Correct Answer: (A) 0.58 eV

Solution:
Step 1: Understanding the Concept
This problem is about the photoelectric effect. When light (photons) strikes a metal surface,
it can eject electrons (photoelectrons). The energy of the incoming photon is used to
overcome the work function of the metal, and any remaining energy becomes the kinetic
energy of the ejected electron.
Step 2: Key Formula or Approach
1. Einstein’s Photoelectric Equation: KEmax = E − ϕ

where: - KEmax is the maximum kinetic energy of the emitted photoelectron. - E is the
energy of the incident photon. - ϕ is the work function of the material. 2. Energy of a
Photon: The energy of a photon is related to its wavelength λ by E = hc

λ .
A very useful shortcut for calculations where wavelength is in angstroms (Å) and energy is in
electron volts (eV) is:

E(in eV) =
12400

λ(in Å)

or sometimes approximated as 12420
λ(in Å)

.

Step 3: Detailed Explanation
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We are given: - Wavelength of light, λ = 5000 Å. - Work function, ϕ = 1.9 eV.
Step 1: Calculate the energy of the incident photon (E)
Using the shortcut formula:

E =
12400

λ(Å)
eV

E =
12400

5000
eV

E =
124

50
=

62

25
= 2.48 eV

So, the energy of each incident photon is 2.48 eV.
Step 2: Calculate the maximum kinetic energy of the photoelectron (KEmax)
Using Einstein’s photoelectric equation:

KEmax = E − ϕ

KEmax = 2.48 eV− 1.9 eV

KEmax = 0.58 eV

Step 4: Final Answer
The kinetic energy of the emitted photoelectron will be 0.58 eV. This corresponds to option
(A).

� Quick Tip

The shortcut formula E(eV) = 12400
λ(Å)

is extremely useful and saves a lot of time in cal-

culations involving the photoelectric effect and modern physics. It avoids the need to
use the values of h and c and convert from Joules to eV. Memorize it for competitive
exams.

Chemistry

76. Consider the elements with atomic numbers Z=1 to Z=20. The number of elements with
only one unpaired electron in their ground state is
(A) 10
(B) 6
(C) 8
(D) 12

Correct Answer: (C) 8

Solution:
Step 1: Understanding the Concept
This question requires us to identify elements from atomic number 1 to 20 that have exactly
one unpaired electron in their ground state electron configuration. We need to write out the
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electron configuration for elements in this range and check the occupancy of their outermost
orbitals.
Step 2: Key Formula or Approach
We will list the elements and their ground state electron configurations, paying close attention
to the filling of orbitals according to the Aufbau principle, Pauli exclusion principle, and
Hund’s rule. An unpaired electron is an electron that occupies an orbital by itself.
Step 3: Detailed Explanation
Let’s list the elements from Z=1 to Z=20 and identify those with one unpaired electron.

• H (Z=1): 1s1. One unpaired electron in the 1s orbital. (1)

• He (Z=2): 1s2. Zero unpaired electrons.

• Li (Z=3): 1s22s1. One unpaired electron in the 2s orbital. (2)

• Be (Z=4): 1s22s2. Zero unpaired electrons.

• B (Z=5): 1s22s22p1. One unpaired electron in the 2p orbital. (3)

• C (Z=6): 1s22s22p2. Two unpaired electrons (Hund’s rule).

• N (Z=7): 1s22s22p3. Three unpaired electrons.

• O (Z=8): 1s22s22p4. Two unpaired electrons.

• F (Z=9): 1s22s22p5. One unpaired electron. (4)

• Ne (Z=10): 1s22s22p6. Zero unpaired electrons.

• Na (Z=11): [Ne]3s1. One unpaired electron in the 3s orbital. (5)

• Mg (Z=12): [Ne]3s2. Zero unpaired electrons.

• Al (Z=13): [Ne]3s23p1. One unpaired electron in the 3p orbital. (6)

• Si (Z=14): [Ne]3s23p2. Two unpaired electrons.

• P (Z=15): [Ne]3s23p3. Three unpaired electrons.

• S (Z=16): [Ne]3s23p4. Two unpaired electrons.

• Cl (Z=17): [Ne]3s23p5. One unpaired electron. (7)

• Ar (Z=18): [Ne]3s23p6. Zero unpaired electrons.

• K (Z=19): [Ar]4s1. One unpaired electron in the 4s orbital. (8)

• Ca (Z=20): [Ar]4s2. Zero unpaired electrons.

Counting the elements identified: Hydrogen (H), Lithium (Li), Boron (B), Fluorine (F),
Sodium (Na), Aluminum (Al), Chlorine (Cl), and Potassium (K).
There are a total of 8 elements.
Step 4: Final Answer
There are 8 elements between Z=1 and Z=20 with only one unpaired electron in their ground
state. This corresponds to option (C).
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� Quick Tip

Elements with one unpaired electron are typically found in Group 1 (alkali metals),
Group 13 (boron group), and Group 17 (halogens). You can quickly scan these groups
within the given range of atomic numbers: H, Li, Na, K (Group 1); B, Al (Group 13);
F, Cl (Group 17). This adds up to 8 elements.

77. Identify the orbital which has lobes not orienting on the axis
(A) px
(B) py
(C) dx2−y2

(D) dyz

Correct Answer: (D) dyz

Solution:
Step 1: Understanding the Concept
This question asks to identify which of the given atomic orbitals has its lobes of electron
density located *between* the coordinate axes, rather than *along* them. This requires
knowledge of the shapes and orientations of p and d orbitals.
Step 2: Detailed Explanation
Let’s analyze the orientation of the lobes for each given orbital:
- (A) px: The px orbital has a dumbbell shape with its two lobes oriented directly along the
x-axis.
- (B) py: The py orbital has a dumbbell shape with its two lobes oriented directly along the
y-axis. (Similarly, a pz orbital would be along the z-axis).
- (C) dx2−y2: This d-orbital has a cloverleaf shape with its four lobes oriented directly along
the x and y-axes.
- (D) dyz: This d-orbital has a cloverleaf shape, but its four lobes are located in the yz-plane,
oriented *between* the y and z axes.
The set of d-orbitals can be divided into two groups based on their orientation: 1. Axial
orbitals: Lobes lie on the axes. These are dz2 and dx2−y2 . 2. Non-axial orbitals (or
inter-axial): Lobes lie between the axes. These are dxy, dyz, and dzx.
The question asks for the orbital with lobes *not* on the axis. From the list, dyz is a
non-axial orbital.
Step 3: Final Answer
The dyz orbital has its lobes located between the coordinate axes, not on them. This
corresponds to option (D).

� Quick Tip

A simple way to remember the d-orbital orientations: if the subscript has a squared
term like x2 − y2 or z2, the lobes are *on* the axes mentioned. If the subscript is a
product like xy, yz, or zx, the lobes are *between* the axes mentioned.
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78. If n, l, m and s represent the symbols of quantum numbers, the impossible quantum
number set for the electron in terms of n, l, m and s respectively is
(A) 2, 0, -1, +1/2
(B) 3, 0, 0, -1/2
(C) 4, 1, +1, +1/2
(D) 3, 2, -1, -1/2

Correct Answer: (A) 2, 0, -1, +1/2

Solution:
Step 1: Understanding the Concept
This question tests the rules governing the allowed values for the four quantum numbers (n, l,
m, s) that describe an electron in an atom. We need to check each set of quantum numbers
against these rules to find the one that is not possible.
Step 2: Key Formula or Approach
The rules for quantum numbers are: 1. Principal quantum number (n): Can be any
positive integer (n = 1, 2, 3, ...). 2. Azimuthal or angular momentum quantum
number (l): Can have integer values from 0 to n-1. 3. Magnetic quantum number (m
or ml): Can have integer values from -l to +l, including 0. 4. Spin quantum number (s
or ms): Can be either +1/2 or -1/2.
Step 3: Detailed Explanation
Let’s examine each option based on the rules. The format is (n, l, m, s).
(A) (2, 0, -1, +1/2): - n = 2. This is valid. - l = 0. This is valid, since 0 ≤ l ≤ n− 1 (i.e.,
0 ≤ 0 ≤ 1). - m = -1. This is invalid. The rule is −l ≤ m ≤ +l. For l=0, the only allowed
value for m is 0. Since m=-1 is given, this set is impossible. - s = +1/2. This is valid.
Since one of the conditions is violated, this set is impossible.
(B) (3, 0, 0, -1/2): - n = 3. Valid. - l = 0. Valid (0 ≤ 0 ≤ 2). - m = 0. Valid (For l=0, m
must be 0). - s = -1/2. Valid. This set is possible (it describes an electron in a 3s orbital).
(C) (4, 1, +1, +1/2): - n = 4. Valid. - l = 1. Valid (0 ≤ 1 ≤ 3). - m = +1. Valid (For l=1,
m can be -1, 0, +1). - s = +1/2. Valid. This set is possible (it describes an electron in a 4p
orbital).
(D) (3, 2, -1, -1/2): - n = 3. Valid. - l = 2. Valid (0 ≤ 2 ≤ 2). - m = -1. Valid (For l=2, m
can be -2, -1, 0, +1, +2). - s = -1/2. Valid. This set is possible (it describes an electron in a
3d orbital).
Step 4: Final Answer
The set of quantum numbers (2, 0, -1, +1/2) is impossible because the magnetic quantum
number ’m’ cannot be -1 when the azimuthal quantum number ’l’ is 0. This corresponds to
option (A).

� Quick Tip

When checking sets of quantum numbers, follow a systematic approach. Check ’n’ first,
then check if ’l’ is valid for that ’n’, then check if ’m’ is valid for that ’l’. The most
common errors in these questions involve the ’l’ and ’m’ rules. Remember: l < n and
|m| ≤ l.
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79. Consider the elements with atomic numbers Z=8, 9, 11, 19 and 20. The number of ionic
compounds possible with the elements having these atomic numbers is
(A) 6
(B) 5
(C) 10
(D) 8

Correct Answer: (A) 6

Solution:
Step 1: Understanding the Concept
This question asks for the number of possible binary ionic compounds that can be formed
from a given set of elements. Ionic compounds are typically formed between a metal (which
loses electrons to form a cation) and a non-metal (which gains electrons to form an anion).
Step 2: Key Formula or Approach
1. Identify each element from its atomic number. 2. Classify each element as a metal or a
non-metal. 3. Determine the stable ion each element is likely to form (cation for metals, anion
for non-metals). 4. Count the number of unique pairs that can be formed by combining one
cation-forming element with one anion-forming element.
Step 3: Detailed Explanation
First, let’s identify the elements and their likely ionic forms: - Z=8 (Oxygen, O): A
non-metal in Group 16. It gains 2 electrons to form the oxide anion, O2−. - Z=9 (Fluorine,
F): A non-metal in Group 17. It gains 1 electron to form the fluoride anion, F−. - Z=11
(Sodium, Na): A metal in Group 1. It loses 1 electron to form the sodium cation, Na+. -
Z=19 (Potassium, K): A metal in Group 1. It loses 1 electron to form the potassium
cation, K+. - Z=20 (Calcium, Ca): A metal in Group 2. It loses 2 electrons to form the
calcium cation, Ca2+.
So we have: - Cation-forming elements (Metals): Na, K, Ca (3 elements) -
Anion-forming elements (Non-metals): O, F (2 elements)
Now, let’s list all possible combinations of one metal and one non-metal: 1. Sodium (Na) can
combine with Oxygen (O) to form Na2O. 2. Sodium (Na) can combine with Fluorine (F) to
form NaF. 3. Potassium (K) can combine with Oxygen (O) to form K2O. 4. Potassium (K)
can combine with Fluorine (F) to form KF. 5. Calcium (Ca) can combine with Oxygen (O) to
form CaO. 6. Calcium (Ca) can combine with Fluorine (F) to form CaF2.
The total number of possible combinations is the number of metals multiplied by the number
of non-metals. Number of compounds = 3 metals × 2 non-metals = 6.
Step 4: Final Answer
There are 6 possible ionic compounds that can be formed from the given elements. This
corresponds to option (A).

� Quick Tip

To solve this type of problem quickly, first categorize the elements into metals (tend
to form cations) and non-metals (tend to form anions). The number of possible bi-
nary ionic compounds is simply the product of the number of metals and the number
of non-metals in the list.
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80. In which of the molecules lone pair, bond pair of electrons ratio is 2:3 ?
(A) Cl2
(B) O2

(C) HCl
(D) N2

Correct Answer: (D) N2 (Note: The solution is likely based on an interpretation where
bond pairs are counted per bond, not per atom. Let’s analyze all options carefully.)

Solution:
Step 1: Understanding the Concept
This question requires us to determine the ratio of lone pair electrons to bond pair electrons
for several simple molecules. To do this, we need to draw the Lewis structure for each
molecule.
Step 2: Key Formula or Approach
1. Draw the Lewis dot structure for each molecule. 2. Count the total number of lone pairs
(non-bonding electron pairs). 3. Count the total number of bond pairs (electron pairs in
covalent bonds). 4. Calculate the ratio of (lone pairs) : (bond pairs).
A ’bond pair’ can be interpreted as one pair for a single bond, two for a double, etc., for the
whole molecule. A ’lone pair’ is a pair of non-bonding electrons on an atom.
Step 3: Detailed Explanation
Let’s analyze each molecule: (A) Cl2: - Lewis Structure: :Cl - Cl: with 3 lone pairs on each
Cl atom. - Total Lone Pairs (LP): 3 (on first Cl) + 3 (on second Cl) = 6 LP. - Total Bond
Pairs (BP): 1 (for the single bond). - Ratio LP:BP = 6:1.
(B) O2: - Lewis Structure: :O = O: with 2 lone pairs on each O atom. - Total Lone Pairs
(LP): 2 (on first O) + 2 (on second O) = 4 LP. - Total Bond Pairs (BP): 2 (for the double
bond). - Ratio LP:BP = 4:2 = 2:1.
(C) HCl: - Lewis Structure: H - Cl: with 3 lone pairs on the Cl atom. - Total Lone Pairs
(LP): 3 (on Cl). - Total Bond Pairs (BP): 1 (for the single bond). - Ratio LP:BP = 3:1.
(D) N2: - Lewis Structure: :N ≡ N: with 1 lone pair on each N atom. - Total Lone Pairs
(LP): 1 (on first N) + 1 (on second N) = 2 LP. - Total Bond Pairs (BP): 3 (for the triple
bond). - Ratio LP:BP = 2:3.
This matches the required ratio.
Step 4: Final Answer
The molecule with a lone pair to bond pair ratio of 2:3 is N2. This corresponds to option (D).

� Quick Tip

Drawing accurate Lewis structures is fundamental to answering questions about lone
pairs and bond pairs. Remember to satisfy the octet rule for each atom (except for ex-
ceptions like H). For diatomic molecules, distribute the total valence electrons to form
bonds and then complete octets with lone pairs.

81. How many moles of urea is present in 250 ml of 0.2 M solution of it?
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(A) 0.03
(B) 0.04
(C) 0.05
(D) 0.06

Correct Answer: (C) 0.05

Solution:
Step 1: Understanding the Concept
This is a basic stoichiometry problem involving molarity. Molarity (M) is a unit of
concentration, defined as the number of moles of solute per liter of solution. We can use the
molarity formula to find the number of moles when the concentration and volume are known.
Step 2: Key Formula or Approach
The formula for molarity is:

Molarity (M) =
Number of moles of solute (n)

Volume of solution in liters (V)

We can rearrange this formula to solve for the number of moles:

n = M × V

It is important to ensure the volume is in liters.
Step 3: Detailed Explanation
We are given the following information: - Molarity of the urea solution, M = 0.2 M (which is
0.2 mol/L). - Volume of the solution = 250 ml.
First, we must convert the volume from milliliters (ml) to liters (L), since molarity is defined
in terms of liters.

V = 250 ml× 1 L

1000 ml
= 0.250 L

Now, we can use the rearranged molarity formula to calculate the number of moles (n).

n = M × V

n = (0.2 mol/L)× (0.250 L)

n = 0.05 mol

Step 4: Final Answer
There are 0.05 moles of urea present in the solution. This corresponds to option (C).

� Quick Tip

A common mistake in molarity calculations is forgetting to convert the volume to
liters. Always double-check your units before plugging values into the formula. Re-
member that 250 ml is a quarter of a liter, so you can think of it as finding the moles
in 1/4th of a liter, which is 0.2/4 = 0.05 moles.

82. x ml of 0.1 M NaOH solution is diluted with distilled water to get 250 ml of 0.01 M
solution. The value of x (in ml) is
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(A) 12.5
(B) 25
(C) 37.5
(D) 50

Correct Answer: (B) 25

Solution:
Step 1: Understanding the Concept
This is a dilution problem. When a solution is diluted by adding more solvent (like water),
the number of moles of the solute remains constant. The concentration decreases because the
total volume increases. We can use the dilution equation to solve for the unknown initial
volume.
Step 2: Key Formula or Approach
The dilution equation is:

M1V1 = M2V2

where: - M1 is the initial molarity of the concentrated solution. - V1 is the initial volume of
the concentrated solution. - M2 is the final molarity of the diluted solution. - V2 is the final
volume of the diluted solution.
The product M ×V gives the number of moles of the solute, which is constant during dilution.
Step 3: Detailed Explanation
Let’s identify the given values from the problem statement: Initial (Concentrated)
Solution: - Initial Molarity, M1 = 0.1 M. - Initial Volume, V1 = x ml (this is what we need
to find).
Final (Diluted) Solution: - Final Molarity, M2 = 0.01 M. - Final Volume, V2 = 250 ml.
Now, we plug these values into the dilution equation:

M1V1 = M2V2

(0.1 M)× (x ml) = (0.01 M)× (250 ml)

Now, solve for x:
0.1 · x = 0.01× 250

0.1 · x = 2.5

x =
2.5

0.1
x = 25

The units for volume (ml) are consistent on both sides, so the answer for x is in ml.
Step 4: Final Answer
The value of x is 25 ml. This corresponds to option (B).

� Quick Tip

In dilution problems using M1V1 = M2V2, you can keep the volumes in milliliters as
long as you use the same unit for both V1 and V2. The units will cancel out. This saves
the step of converting to liters and back.
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83. 3 x 1022 molecules of Na2CO3 (molecular weight = 106) present in 500 ml of solution.
The normality of the solution formed is (N = 6 x 1023 mol−1)
(A) 0.1 N
(B) 0.2 N
(C) 0.4 N
(D) 0.05 N

Correct Answer: (B) 0.2 N

Solution:
Step 1: Understanding the Concept
This question requires calculating the normality of a solution. Normality is defined as the
number of gram equivalents of solute per liter of solution. We need to perform a series of
calculations: first find the number of moles from the number of molecules, then find the
number of equivalents, and finally calculate the normality.
Step 2: Key Formula or Approach
1. Moles from Molecules: Number of moles (n) = Number of molecules

Avogadro’s number (NA)
. 2. Equivalents:

Number of gram equivalents = Number of moles × n-factor. - For a salt like Na2CO3, the
n-factor is the total positive charge on the cations (or total negative charge on the anions).
For Na2CO3, we have two Na+ ions, so the total positive charge is 2. Thus, the n-factor is 2.
3. Normality (N): N = Number of gram equivalents

Volume of solution in Liters .
Step 3: Detailed Explanation
Step a: Calculate the number of moles of Na2CO3

Given: - Number of molecules = 3× 1022 - Avogadro’s number (NA) = 6× 1023 mol−1

moles (n) =
3× 1022

6× 1023
=

3

60
=

1

20
= 0.05 mol

Step b: Calculate the number of gram equivalents
The n-factor for Na2CO3 is 2 (from 2× Na+ or CO2−

3 ).

Equivalents = moles× n-factor = 0.05× 2 = 0.1 eq

Step c: Calculate the normality
Given: - Volume of solution = 500 ml = 0.5 L.

Normality (N) =
Number of gram equivalents

Volume (L)

N =
0.1 eq

0.5 L
=

1

5
= 0.2 N

Step 4: Final Answer
The normality of the solution is 0.2 N. This corresponds to option (B).

� Quick Tip

A useful relationship between normality and molarity is Normality = Molarity ×
n-factor. You could first calculate the molarity: M = moles/Volume = 0.05 mol / 0.5 L
= 0.1 M. Then, find the normality: N = 0.1 M × 2 = 0.2 N. This can sometimes be a
more familiar path.
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84. Identify the pair containing only Lewis acids
(A) BF3, NH3

(B) H+, BF3

(C) F−, H2O
(D) NH+

4 , NH3

Correct Answer: (B) H+, BF3 (Note: The solution key in the image points to (A). However,
NH3 is a classic Lewis base. BF3 is a Lewis acid. Therefore, pair (A) is incorrect. The pair
containing only Lewis acids is (B). We will proceed with the chemically correct answer.)

Solution:
Step 1: Understanding the Concept
This question requires identifying Lewis acids. According to the Lewis definition: - A Lewis
acid is a chemical species that is an ”electron-pair acceptor”. It has a vacant orbital to
accept an electron pair. - A Lewis base is a chemical species that is an ”electron-pair
donor”. It has a lone pair of electrons to donate.
Step 2: Detailed Explanation
Let’s analyze the species in each pair: (A) BF3, NH3: - BF3: Boron in BF3 has only 6
valence electrons (an incomplete octet). It has a vacant p-orbital and can readily accept an
electron pair. Therefore, BF3 is a Lewis acid. - NH3: Nitrogen in ammonia has a lone pair of
electrons which it can donate. Therefore, NH3 is a Lewis base. - This pair contains one Lewis
acid and one Lewis base.
(B) H+, BF3: - H

+: A proton has an empty 1s orbital and is a quintessential electron-pair
acceptor. Therefore, H+ is a Lewis acid. - BF3: As explained above, BF3 is a Lewis acid. -
This pair contains only Lewis acids.
(C) F−, H2O: - F−: The fluoride ion has multiple lone pairs of electrons and is an
electron-pair donor. Therefore, F− is a Lewis base. - H2O: The oxygen atom in water has
two lone pairs of electrons and can act as a Lewis base. (It can also act as a very weak
Brønsted-Lowry acid, but its primary Lewis character is basic). - This pair contains two
Lewis bases.
(D) NH+

4 , NH3: - NH+
4 : The ammonium ion does not have a lone pair to donate, nor a

readily available empty orbital to accept a pair. It acts as a Brønsted-Lowry acid by donating
a proton (H+), but is not typically classified as a Lewis acid in the same way as BF3. - NH3:
As explained above, NH3 is a Lewis base. - This pair contains a Brønsted-Lowry acid and a
Lewis base.
Step 3: Final Answer
The pair containing only Lewis acids is H+ and BF3. The correct option based on chemical
principles is (B). The checkmark on option (A) in the provided image is incorrect as NH3 is a
well-known Lewis base.
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� Quick Tip

To identify Lewis acids, look for species with an incomplete octet (like BF3, AlCl3),
positive charges (like cations H+, Ag+), or atoms that can expand their octet (like
SiF4). To identify Lewis bases, look for species with lone pairs of electrons (like NH3,
H2O, F−).

85. 4 g of NaOH is dissolved in 1.0 L solution. The pH of solution is
(A) 13
(B) 1
(C) 12
(D) 7.4

Correct Answer: (A) 13

Solution:
Step 1: Understanding the Concept
This question asks for the pH of a strong base solution. We first need to calculate the molar
concentration of the NaOH solution. Since NaOH is a strong base, it dissociates completely in
water. From the concentration of hydroxide ions [OH−], we can calculate the pOH, and then
use the relationship between pH and pOH to find the pH.
Step 2: Key Formula or Approach
1. Molarity (M): M = moles of solute

Volume of solution (L) . Moles = mass
molar mass . 2. Molar Mass of NaOH:

Na (23) + O (16) + H (1) = 40 g/mol. 3. pOH Calculation: pOH = − log10[OH−]. For a
strong base like NaOH, [OH−] = Molarity of NaOH. 4. pH-pOH Relationship: At 25◦C,
pH + pOH = 14.
Step 3: Detailed Explanation
Step a: Calculate moles of NaOH
- Mass of NaOH = 4 g. - Molar mass of NaOH = 40 g/mol.

moles =
4 g

40 g/mol
= 0.1 mol

Step b: Calculate Molarity of NaOH
- Moles of NaOH = 0.1 mol. - Volume of solution = 1.0 L.

Molarity =
0.1 mol

1.0 L
= 0.1 M

Step c: Calculate [OH−] and pOH
Since NaOH is a strong base, it dissociates completely: NaOH → Na+ + OH−. Therefore, the
concentration of hydroxide ions is equal to the molarity of the solution.

[OH−] = 0.1 M = 10−1 M

Now, calculate the pOH:

pOH = − log10[OH−] = − log10(10
−1) = −(−1) = 1

Step d: Calculate pH
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Using the relationship pH + pOH = 14:

pH = 14− pOH

pH = 14− 1 = 13

Step 4: Final Answer
The pH of the solution is 13. This corresponds to option (A).

� Quick Tip

For strong acids and bases, the calculation of pH is straightforward. For a strong base,
calculate [OH−], then find pOH, and then find pH from pOH. A common mistake is to
calculate − log[Base] and assume it’s the pH. Remember that for bases, this gives you
the pOH.

86. Number of coulombs corresponding to 1 mol of electrons approximately is equal to
(A) 1.93× 105

(B) 9.65× 104

(C) 1.93× 104

(D) 9.65× 105

Correct Answer: (B) 9.65× 104

Solution:
Step 1: Understanding the Concept
This question asks for the total electric charge contained in one mole of electrons. This
quantity is a fundamental constant in chemistry and physics, known as the Faraday constant
(F).
Step 2: Key Formula or Approach
The total charge is the product of the number of electrons and the charge of a single electron.
- Number of electrons in one mole = Avogadro’s number (NA). - Charge of a single electron
= elementary charge (e). - Faraday constant F = NA × e.
Step 3: Detailed Explanation
We need to calculate the value of the Faraday constant. The standard values for the constants
are: - Avogadro’s number, NA ≈ 6.022× 1023 mol−1. - Elementary charge, e ≈ 1.602× 10−19

Coulombs (C).
Now, we multiply these two values:

F = (6.022× 1023 mol−1)× (1.602× 10−19 C)

F ≈ 9.647× 104 C/mol

This value is commonly approximated for calculations as 96500 C/mol. In scientific notation,
this is 9.65× 104 C/mol.
Step 4: Final Answer
The number of coulombs corresponding to 1 mole of electrons is approximately 9.65× 104 C.
This corresponds to option (B).
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� Quick Tip

The Faraday constant, F ≈ 96500 C/mol, is a cornerstone of electrochemistry. It rep-
resents the charge of one mole of elementary charges. Memorizing this value is essential
for solving problems related to electrolysis and electrochemical cells.

87. Aqueous solution of which of the following does not act as electrolyte?
(A) Urea
(B) Copper Sulphate
(C) Silver Nitrate
(D) Sodium Chloride

Correct Answer: (A) Urea

Solution:
Step 1: Understanding the Concept
An electrolyte is a substance that produces an electrically conducting solution when dissolved
in a polar solvent, such as water. This is because the substance ionizes or dissociates into ions,
which are free to move and carry an electric current. A non-electrolyte is a substance that
does not produce ions when dissolved in a solvent and therefore does not conduct electricity.
Step 2: Detailed Explanation
Let’s analyze each substance when dissolved in water: - (A) Urea (CO(NH2)2): Urea is a
molecular, covalent compound. When it dissolves in water, the urea molecules disperse
throughout the water, but they do not break apart into ions. Since no free ions are formed,
the solution does not conduct electricity. Therefore, urea is a non-electrolyte.
- (B) Copper Sulphate (CuSO4): Copper sulphate is an ionic compound (a salt). When it
dissolves in water, it dissociates into its constituent ions: Cu2+ and SO2−

4 .

CuSO4(s) → Cu2+(aq) + SO2−
4 (aq)

The presence of these mobile ions makes the solution an electrolyte.
- (C) Silver Nitrate (AgNO3): Silver nitrate is an ionic compound (a salt). It dissociates
in water to form silver ions (Ag+) and nitrate ions (NO−

3 ).

AgNO3(s) → Ag+(aq) + NO−
3 (aq)

The solution contains mobile ions and is an electrolyte.
- (D) Sodium Chloride (NaCl): Sodium chloride (common salt) is a classic example of a
strong ionic compound. It dissociates completely in water into sodium ions (Na+) and
chloride ions (Cl−).

NaCl(s) → Na+(aq) + Cl−(aq)

The resulting solution is a strong electrolyte.
Step 3: Final Answer
Urea is a molecular compound that does not ionize in water, and therefore its aqueous
solution does not act as an electrolyte. This corresponds to option (A).

107



� Quick Tip

Generally, most soluble salts, strong acids, and strong bases are strong electrolytes.
Weak acids and weak bases are weak electrolytes. Most molecular compounds (like
sugars, alcohols, and urea) are non-electrolytes.

88. The amount of silver (in mg) deposited when 9.65 coulombs of electricity is passed
through an aqueous solution of silver nitrate is (Ag=108 u) (1F=96500 C mol−1)
(A) 16.2
(B) 21.2
(C) 10.8
(D) 6.4

Correct Answer: (C) 10.8

Solution:
Step 1: Understanding the Concept
This is a problem based on Faraday’s First Law of Electrolysis, which states that the mass of
a substance deposited or liberated at any electrode is directly proportional to the quantity of
electricity (charge) passed through the electrolyte.
Step 2: Key Formula or Approach
1. Electrochemical Reaction: Write the half-reaction for the deposition of silver.

Ag+(aq) + e− → Ag(s)

This reaction shows that 1 mole of electrons is required to deposit 1 mole of silver. 2. Relate
Charge to Moles of Electrons: The charge of 1 mole of electrons is the Faraday constant
(F), which is 96500 C. We can use this to find the number of moles of electrons corresponding
to the given charge.

moles of e− =
Total Charge (Q)

Faraday Constant (F)

3. Relate Moles of Electrons to Moles of Silver: From the stoichiometry of the
half-reaction, moles of Ag deposited = moles of electrons. 4. Calculate Mass of Silver:
Mass = moles × molar mass. 5. Convert the final mass from grams to milligrams.
Step 3: Detailed Explanation
Step a: Calculate moles of electrons
- Total charge passed, Q = 9.65 C. - Faraday constant, F = 96500 C/mol.

moles of e− =
9.65 C

96500 C/mol
=

965× 10−2

965× 102
= 10−4 mol

Step b: Calculate moles of Silver
The reaction is Ag+ + e− → Ag. The mole ratio between electrons and silver is 1:1.

moles of Ag = moles of e− = 10−4 mol

Step c: Calculate mass of Silver in grams
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- Molar mass of Ag = 108 g/mol (since atomic mass is 108 u).

mass of Ag = (moles of Ag)× (Molar mass of Ag)

mass of Ag = (10−4 mol)× (108 g/mol) = 0.0108 g

Step d: Convert mass to milligrams
Since 1 g = 1000 mg:

mass in mg = 0.0108 g× 1000 mg/g = 10.8 mg

Step 4: Final Answer
The amount of silver deposited is 10.8 mg. This corresponds to option (C).

� Quick Tip

A combined formula derived from Faraday’s laws is often useful: m = Q×M
n×F , where m is

the mass deposited, Q is the total charge, M is the molar mass, n is the number of elec-
trons in the half-reaction (n-factor), and F is the Faraday constant. For this problem,
m = 9.65×108

1×96500 = 0.0108 g.

89. The standard electrode potentials of Zn, Ag and Cu are -0.76, +0.80 and +0.34 V
respectively. Identify the correct statement from the following.
(A) Ag can oxidize Zn and Cu
(B) Ag can reduce Zn2+ and Cu2+

(C) Zn can reduce Ag+ and Cu2+

(D) Cu can oxidize Zn and Ag

Correct Answer: (C) Zn can reduce Ag+ and Cu2+

Solution:
Step 1: Understanding the Concept
This question deals with electrochemistry and the concept of standard electrode potentials
(E◦). A more negative (or less positive) E◦ indicates a stronger reducing agent (more easily
oxidized). A more positive E◦ indicates a stronger oxidizing agent (more easily reduced). A
spontaneous redox reaction occurs when a stronger reducing agent reacts with a stronger
oxidizing agent.
Step 2: Key Formula or Approach
- The given potentials are reduction potentials: - E◦(Zn2+/Zn) = −0.76 V -
E◦(Ag+/Ag) = +0.80 V - E◦(Cu2+/Cu) = +0.34 V - A species can reduce another species if
its own reduction potential is lower (more negative). - A species can oxidize another species if
its own reduction potential is higher (more positive).
Step 3: Detailed Explanation
Let’s order the metals by their reducing strength. The reducing strength of the metals (Zn,
Cu, Ag) is the reverse of the reduction potential of their ions. Oxidation potentials: -
E◦(Zn/Zn2+) = +0.76 V - E◦(Cu/Cu2+) = −0.34 V - E◦(Ag/Ag+) = −0.80 V Based on
these oxidation potentials, the order of reducing strength is: Zn ¿ Cu ¿ Ag. This means Zn is
the strongest reducing agent, and Ag is the weakest.
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Conversely, the oxidizing strength of the ions (Ag+,Cu2+,Zn2+) follows the order of their
reduction potentials: Ag+ > Cu2+ > Zn2+. This means Ag+ is the strongest oxidizing agent.
Now let’s evaluate each statement: - (A) Ag can oxidize Zn and Cu: This is incorrect. Ag
is the weakest reducing agent, meaning it is the hardest to oxidize. The ion Ag+ is a strong
oxidizing agent, but the metal Ag is not. - (B) Ag can reduce Zn2+ and Cu2+: This is
incorrect. Ag is the weakest reducing agent. It cannot reduce ions of metals that are stronger
reducing agents. Its reduction potential (+0.80V) is much higher than that of Zn (-0.76V)
and Cu (+0.34V). - (C) Zn can reduce Ag+ and Cu2+: This is correct. Zn is the
strongest reducing agent among the three. Its reduction potential (-0.76V) is lower than that
of Ag+ (+0.80V) and Cu2+ (+0.34V). Therefore, Zn metal can spontaneously reduce both
Ag+ ions and Cu2+ ions. - (D) Cu can oxidize Zn and Ag: This is incorrect. Cu metal
can reduce Ag+ (since E◦

Cu < E◦
Ag) but it cannot reduce Zn2+. It cannot oxidize Zn metal, it

can only be oxidized by Zn2+. It cannot oxidize Ag metal.
Step 4: Final Answer
The correct statement is that Zn can reduce Ag+ and Cu2+. This corresponds to option (C).

� Quick Tip

A simple rule: A metal with a lower (more negative) standard reduction potential can
displace a metal with a higher (more positive) standard reduction potential from its
salt solution. Here, Zn (-0.76V) can displace both Cu (+0.34V) and Ag (+0.80V).

90. In the removal of permanent hardness of water by permutit process, Na+ ions of permutit
are exchanged with which ions of water ?
(A) K+, Ba2+

(B) Fe2+, K+

(C) Ca2+, Mg2+

(D) Zn2+, Cu2+

Correct Answer: (C) Ca2+, Mg2+

Solution:
Step 1: Understanding the Concept
This question is about water softening, specifically the ion-exchange method using permutit
(also known as zeolites). Hardness in water is caused by the presence of dissolved salts of
calcium (Ca2+) and magnesium (Mg2+) ions. The permutit process aims to remove these ions.
Step 2: Detailed Explanation
1. Hardness of Water: Permanent hardness is caused by dissolved chlorides, sulfates, and
nitrates of calcium and magnesium. The key ions responsible are Ca2+ and Mg2+.
2. Permutit: Permutit is a trade name for sodium aluminium silicate, which is a type of
zeolite. Its chemical formula can be represented as Na2Al2Si2O8·xH2O. For simplicity, it’s
often written as Na2Z, where Z represents the large aluminosilicate framework.
3. Ion-Exchange Process: When hard water is passed through a bed of permutit, an
ion-exchange reaction takes place. The Ca2+ and Mg2+ ions in the hard water, which cause
hardness, are exchanged for the Na+ ions from the permutit. The calcium and magnesium
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ions get trapped in the zeolite structure, while the sodium ions are released into the water.
The reactions are:

2Na+Z2−(s) + Ca2+(aq) → Ca2+Z2−
2 (s) + 2Na+(aq)

2Na+Z2−(s) + Mg2+(aq) → Mg2+Z2−
2 (s) + 2Na+(aq)

4. Result: The water that leaves the permutit filter is now soft because the hardness-causing
ions (Ca2+ and Mg2+) have been replaced by sodium ions (Na+), which do not cause
hardness.
5. Regeneration: After some time, the permutit gets exhausted (all Na+ is replaced by
Ca2+/Mg2+). It can be regenerated by passing a concentrated solution of sodium chloride
(brine) through it, which reverses the reaction.
Step 3: Final Answer
In the permutit process, the sodium ions (Na+) of the permutit are exchanged with the
calcium (Ca2+) and magnesium (Mg2+) ions present in the hard water. This corresponds to
option (C).

� Quick Tip

Remember that water hardness is primarily defined by the concentration of Ca2+ and
Mg2+ ions. Therefore, any water softening process, whether it’s ion-exchange, precip-
itation (like adding washing soda), or chelation, must target the removal of these two
specific ions.

91. What is the degree of hardness (in ppm) of a sample containing 19 mg of MgCl2
(Molecular Weight = 95) in 2 kg water sample? (express it in terms of equivalents of CaCO3)
(A) 10
(B) 20
(C) 30
(D) 40

Correct Answer: (A) 10

Solution:
Step 1: Understanding the Concept
The hardness of water is a measure of the concentration of dissolved divalent cations,
primarily Ca2+ and Mg2+. It is conventionally expressed as an equivalent amount of calcium
carbonate (CaCO3) in parts per million (ppm). 1 ppm is equivalent to 1 mg of CaCO3 per
liter of water.
Step 2: Key Formula or Approach
1. Calculate the number of moles of the hardness-causing salt (MgCl2). 2. Find the
equivalent moles of CaCO3. The mole ratio between MgCl2 and its CaCO3 equivalent is 1:1,
as both involve a divalent cation (Mg2+ and Ca2+). 3. Calculate the mass of CaCO3

equivalent to the given mass of MgCl2. A useful formula for this is:

Mass of CaCO3 eq. = Mass of salt× Molar mass of CaCO3

Molar mass of salt
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4. Calculate the hardness in ppm. ppm = mass of CaCO3 eq. (in mg)
Volume of water (in L) . Assuming the density of

water is 1 kg/L, 2 kg of water is 2 L.
Step 3: Detailed Explanation
Given: - Mass of MgCl2 = 19 mg. - Molar mass of MgCl2 = 95 g/mol. - Mass of water = 2
kg, which is approximately 2 L. - Molar mass of CaCO3 = 40 (Ca) + 12 (C) + 3*16 (O) =
100 g/mol.
Step a: Find the mass of CaCO3 equivalent to 19 mg of MgCl2
We use the equivalence relationship based on their molar masses.

Mass of CaCO3 eq. = (Mass of MgCl2)×
Molar mass of CaCO3

Molar mass of MgCl2

Mass of CaCO3 eq. = 19 mg× 100

95

Since 95 = 19× 5, we can simplify this:

Mass of CaCO3 eq. = 19 mg× 100

19× 5
=

100

5
mg = 20 mg

So, 19 mg of MgCl2 is equivalent to 20 mg of CaCO3 in terms of hardness.
Step b: Calculate the hardness in ppm
The hardness in ppm is the mass of CaCO3 equivalent in mg per liter of water. We have 20
mg of CaCO3 equivalent in a 2 L water sample.

Hardness (ppm) =
Mass of CaCO3 eq. (mg)

Volume of water (L)

Hardness (ppm) =
20 mg

2 L
= 10 mg/L

Since 1 mg/L is 1 ppm, the hardness is 10 ppm.
Step 4: Final Answer
The degree of hardness of the water sample is 10 ppm. This corresponds to option (A).

� Quick Tip

The core of hardness calculations is converting the mass of any hardness-causing salt
into its CaCO3 equivalent mass. The conversion factor is always Molar Mass of CaCO3

Molar Mass of Salt .
Since the molar mass of CaCO3 is a round 100, this often simplifies calculations.

92. Identify the pair of chlorides responsible for permanent hardness of water.
(A) NaCl, KCl
(B) CaCl2, KCl
(C) AlCl3, MgCl2
(D) MgCl2, CaCl2

Correct Answer: (D) MgCl2, CaCl2

Solution:
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Step 1: Understanding the Concept
This question asks to identify the chemical compounds responsible for the permanent
hardness of water. It is important to know the definition of water hardness and the
distinction between temporary and permanent hardness.
Step 2: Detailed Explanation
1. Water Hardness: Hardness in water is caused by the presence of dissolved multivalent
cations. In natural water sources, the most common of these are calcium ions (Ca2+) and
magnesium ions (Mg2+).
2. Temporary Hardness: This type of hardness is caused by the presence of dissolved
bicarbonate minerals (calcium bicarbonate and magnesium bicarbonate). It is called
”temporary” because it can be removed by boiling the water, which causes the bicarbonates
to precipitate as carbonates.
3. Permanent Hardness: This type of hardness is caused by the presence of dissolved
chlorides, sulfates, and nitrates of calcium and magnesium. These salts are not removed by
boiling. The common salts responsible for permanent hardness are: - Calcium Chloride
(CaCl2) - Magnesium Chloride (MgCl2) - Calcium Sulfate (CaSO4) - Magnesium Sulfate
(MgSO4)
Now let’s analyze the given options: - (A) NaCl, KCl: Sodium and potassium salts do not
cause hardness. They are salts of monovalent cations. - (B) CaCl2, KCl: Calcium chloride
causes permanent hardness, but potassium chloride does not. - (C) AlCl3, MgCl2: Magnesium
chloride causes permanent hardness. Aluminum chloride (AlCl3) is not typically considered a
primary cause of hardness in natural water. Hardness is specifically defined by Ca2+ and
Mg2+. - (D) MgCl2, CaCl2: Both magnesium chloride and calcium chloride are salts of the
divalent cations responsible for permanent hardness. This is the correct pair.
Step 3: Final Answer
The pair of chlorides responsible for permanent hardness of water is MgCl2 and CaCl2. This
corresponds to option (D).

� Quick Tip

To remember the causes of water hardness, think ”Ca-Mg” for the cations. For the an-
ions, think ”Bicarbonates” for temporary hardness (removable by boiling) and ”Chlo-
rides/Sulfates/Nitrates” for permanent hardness (not removable by boiling).

93. The cell formed in bent pipes is an example of
(A) Concentration Cell
(B) Composition Cell
(C) Stress Cell
(D) Electrolytic Cell

Correct Answer: (C) Stress Cell

Solution:
Step 1: Understanding the Concept
This question relates to the topic of corrosion, which is an electrochemical process. Different
types of electrochemical cells can form on a metal surface, leading to corrosion. We need to
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identify the specific type of cell that forms in bent sections of metal pipes.
Step 2: Detailed Explanation
1. Corrosion as an Electrochemical Process: Corrosion, like the rusting of iron, occurs
when microscopic electrochemical cells form on the surface of a metal. These cells have an
anodic region (where oxidation occurs) and a cathodic region (where reduction occurs),
connected by an electrolyte (like moisture).
2. Stress Corrosion: When a piece of metal is subjected to mechanical stress, such as
bending, stamping, or shearing, the areas under higher stress become more electrochemically
active. The atoms in these stressed regions are at a higher energy state compared to the
atoms in unstressed regions.
3. Formation of a Stress Cell: In a bent pipe, the metal at the bend is under significant
mechanical stress. This stressed region has a higher tendency to be oxidized (lose electrons)
compared to the unstressed, straight sections of the pipe. - The bent (stressed) part of the
pipe acts as the anode. Oxidation occurs here (e.g., Fe → Fe2+ + 2e−). - The straight
(unstressed) part of the pipe acts as the cathode. Reduction occurs here (e.g., O2 + 2H2O
+ 4e− → 4OH−). This potential difference due to variations in mechanical stress creates a
”Stress Cell”, which drives the corrosion process, often leading to accelerated corrosion and
failure at the bend.
4. Other Cell Types: - Concentration Cell (A): Corrosion is driven by a difference in the
concentration of the electrolyte or dissolved oxygen. - Composition Cell (B) or Galvanic
Cell: Corrosion is driven by two different metals being in contact. - Electrolytic Cell (D):
This is a cell where an external power source is used to drive a non-spontaneous reaction,
which is the opposite of a corrosion cell.
Step 3: Final Answer
The electrochemical cell formed in bent pipes due to differences in mechanical stress is known
as a Stress Cell. This corresponds to option (C).

� Quick Tip

Remember that differences in conditions on a metal surface can create corrosion cells. -
Difference in Metals -¿ Galvanic/Composition Cell - Difference in Stress -¿ Stress Cell
- Difference in Oxygen/Ion Concentration -¿ Concentration Cell Associating the cause
(the difference) with the type of cell makes it easier to remember.

94. Tarnishing of silver is due to formation of
(A) Its sulphate layer
(B) Its nitrate layer
(C) Its sulphide layer
(D) Its chloride layer

Correct Answer: (C) Its sulphide layer

Solution:
Step 1: Understanding the Concept
This question asks for the chemical reason behind the tarnishing of silver. Tarnishing is a
slow chemical change that occurs on the surface of certain metals, causing them to lose their
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luster and turn black or dark-colored. It is a form of corrosion.
Step 2: Detailed Explanation
1. Silver (Ag) is a relatively unreactive metal, but it does react with certain substances
present in the atmosphere over time.
2. The primary substance in the air that causes silver to tarnish is hydrogen sulfide (H2S).
Hydrogen sulfide is present in small amounts in the atmosphere, originating from the decay of
organic matter and from industrial pollution.
3. Silver reacts with hydrogen sulfide in the presence of air (oxygen) to form a layer of silver
sulfide (Ag2S). The chemical reaction is:

4Ag(s) + 2H2S(g) + O2(g) → 2Ag2S(s) + 2H2O(l)

4. Silver sulfide (Ag2S) is a black solid. The formation of a thin layer of this compound on
the surface of the silver object is what we observe as tarnish.
5. Other compounds mentioned, like silver sulphate (Ag2SO4), silver nitrate (AgNO3), and
silver chloride (AgCl), are not typically formed by direct reaction with common atmospheric
components and are not responsible for the black tarnishing of silver. For example, silver
chloride is white and photosensitive, not black.
Step 3: Final Answer
The tarnishing of silver is due to the formation of a black layer of silver sulfide (Ag2S) on its
surface. This corresponds to option (C).

� Quick Tip

Remember the common corrosion products for different metals:

• Iron rusts to form hydrated iron(III) oxide (Fe2O3·xH2O).

• Copper develops a green patina of copper carbonate and copper sulfate.

• Silver tarnishes to form black silver sulfide (Ag2S).

95. Which of the following is not a co-polymer?
(A) Buna-S rubber
(B) Neoprene rubber
(C) Bakelite
(D) Urea - Formaldehyde

Correct Answer: (B) Neoprene rubber

Solution:
Step 1: Understanding the Concept
This question requires us to distinguish between homopolymers and copolymers. - A
homopolymer is a polymer formed from the polymerization of a single type of monomer. -
A co-polymer is a polymer formed from the polymerization of two or more different types of
monomers.
Step 2: Detailed Explanation
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Let’s analyze the composition of each polymer listed: - (A) Buna-S rubber: This is a
synthetic rubber formed by the copolymerization of two different monomers: 1,3-Butadiene
and Styrene. The ’Bu’ stands for butadiene, ’na’ for sodium (the catalyst), and ’S’ for
styrene. Since it is made from two different monomers, it is a co-polymer.
- (B) Neoprene rubber: This is a synthetic rubber formed by the addition polymerization
of a single monomer called chloroprene (2-chloro-1,3-butadiene). Since it is made from only
one type of monomer, it is a homopolymer.
- (C) Bakelite: This is a thermosetting plastic formed by the condensation copolymerization
of two different monomers: Phenol and Formaldehyde. Since it is made from two different
monomers, it is a co-polymer.
- (D) Urea - Formaldehyde resin: As the name suggests, this is a thermosetting resin
formed by the condensation copolymerization of Urea and Formaldehyde. Since it is made
from two different monomers, it is a co-polymer.
Step 3: Final Answer
Neoprene rubber is a homopolymer, as it is made from a single monomer (chloroprene). The
others are all copolymers. Therefore, Neoprene is not a co-polymer. This corresponds to
option (B).

� Quick Tip

To identify copolymers, look for names that explicitly mention two components (like
Urea-Formaldehyde, Buna-S) or polymers known to be formed by condensation re-
actions between two different functional groups (like polyesters and polyamides).
Homopolymers are often named after their single monomer, e.g., Polyethylene from
ethene, Polystyrene from styrene, Neoprene from chloroprene.

96. The monomer involved in the formation of polystyrene is
(A) CH2 = CH− Cl
(B) CH2 = CH− CN
(C) CH2 = CH− C6H5

(D) CH2 = CH− CH3

Correct Answer: (C) CH2 = CH− C6H5

Solution:
Step 1: Understanding the Concept
This question asks for the monomer unit of the polymer called polystyrene. Addition
polymers are often named by adding the prefix ”poly-” to the name of their monomer. This
suggests that the monomer for polystyrene is ”styrene”. We need to identify the chemical
structure of styrene from the given options.
Step 2: Detailed Explanation
The name polystyrene indicates that it is a polymer made from the monomer styrene.
Styrene is the common name for vinylbenzene. Its structure consists of a vinyl group
(−CH = CH2) attached to a benzene ring (C6H5). The chemical formula for styrene is
C6H5CH = CH2. The polymerization reaction is an addition polymerization where the double
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bond in the vinyl group of many styrene monomers breaks to form a long saturated carbon
chain with phenyl groups attached to every other carbon atom.

n(CH2 = CH− C6H5) → −[CH2 − CH(C6H5)]n−

Now let’s look at the options: - (A) CH2 = CH− Cl: This is vinyl chloride, the monomer for
polyvinyl chloride (PVC). - (B) CH2 = CH− CN: This is acrylonitrile, the monomer for
polyacrylonitrile (PAN, Orlon). - (C) CH2 = CH− C6H5: This is styrene (vinylbenzene), the
monomer for polystyrene. - (D) CH2 = CH− CH3: This is propene, the monomer for
polypropylene.
Step 3: Final Answer
The monomer for polystyrene is styrene, which has the chemical structure CH2 = CH−C6H5.
This corresponds to option (C).

� Quick Tip

For many common addition polymers, the monomer’s name is embedded in the poly-
mer’s name. For example: - Polyethene -¿ Monomer: Ethene - Polypropene -¿
Monomer: Propene - Polystyrene -¿ Monomer: Styrene - Polyvinyl chloride -¿
Monomer: Vinyl chloride

97. We can overcome the undesirable properties of natural rubber by heating natural rubber
with
(A) Carbon
(B) Sulphur
(C) Phosphorus
(D) Silicon

Correct Answer: (B) Sulphur

Solution:
Step 1: Understanding the Concept
This question addresses the process used to improve the physical properties of natural rubber.
Natural rubber has several undesirable properties, such as being soft and sticky at high
temperatures, brittle at low temperatures, having high water absorption, and low tensile
strength.
Step 2: Detailed Explanation
1. Natural Rubber: Natural rubber is a polymer of isoprene (cis-1,4-polyisoprene). In its
natural state, the long polymer chains are held together by weak van der Waals forces. These
chains can slide past each other easily, which accounts for its softness and elasticity, but also
its undesirable properties.
2. Vulcanization: To overcome these drawbacks, natural rubber is heated with a
cross-linking agent. The most common process is called vulcanization, which involves
heating the raw rubber with sulphur at a temperature between 373 K and 415 K.
3. Chemical Process: During vulcanization, sulphur atoms form cross-links (sulphide
bridges) between the different polymer chains. These cross-links tie the chains together,
preventing them from slipping past one another.
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4. Improved Properties: This cross-linking makes the rubber much harder, stronger, and
more elastic. Vulcanized rubber has higher tensile strength, greater resistance to abrasion and
temperature changes, and is less susceptible to chemical attack. It essentially ”cures” the
rubber, making it a much more useful material for applications like tires, hoses, and shoe soles.
5. Other substances listed (Carbon, Phosphorus, Silicon) are not used for this purpose.
Carbon (in the form of carbon black) is often added as a reinforcing filler to rubber, but
sulphur is the key vulcanizing agent.
Step 3: Final Answer
The process of heating natural rubber with sulphur to improve its properties is called
vulcanization. This corresponds to option (B).

� Quick Tip

The term ”vulcanization” is key here. It was discovered by Charles Goodyear in 1839
and is one of the most important processes in the rubber industry. Associate vulcaniza-
tion directly with heating rubber and sulphur.

98. Liquefied petroleum gas (LPG) mainly contains
(A) Methane, Ethane
(B) Ethane, Propane
(C) Butane, Isobutane
(D) Ethene, Ethyne

Correct Answer: (C) Butane, Isobutane

Solution:
Step 1: Understanding the Concept
This question asks for the primary constituents of Liquefied Petroleum Gas (LPG), a common
fuel gas used for heating and in vehicles.
Step 2: Detailed Explanation
1. LPG Composition: LPG is a flammable mixture of hydrocarbon gases. It is not a single
chemical compound but a blend. The main components of LPG are propane (C3H8), butane
(C4H10), and isomers of butane, primarily isobutane (i-C4H10). Small concentrations of other
hydrocarbons like propene and butene may also be present.
2. Source: LPG is produced during the refining of petroleum (crude oil) or extracted from
natural gas streams.
3. Properties: These gases are easily liquefied under moderate pressure, making them
convenient to transport and store in liquid form in pressurized containers (like LPG cylinders).
4. Analyzing the Options: - (A) Methane (CH4) is the main component of natural gas
(CNG - Compressed Natural Gas), not LPG. - (B) Ethane (C2H6) and Propane are
components of natural gas, but butane is a more significant component of LPG than ethane. -
(C) Butane and Isobutane are the principal components of LPG. Commercial LPG is often a
mix of propane and butane, but a mixture dominated by butane and its isomer is a very
common composition. - (D) Ethene and Ethyne are unsaturated hydrocarbons (alkenes and
alkynes) and are not the main components of LPG, which is primarily composed of saturated
alkanes.
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Step 3: Final Answer
LPG is a mixture consisting mainly of propane and butane. The option that best represents
this is (C) Butane, Isobutane, as these are the C4 hydrocarbons that are major constituents.
This corresponds to option (C).

� Quick Tip

To remember the main components of common fuel gases: - CNG (Compressed Nat-
ural Gas) is mainly Methane. (Think CNG, Methane). - LPG (Liquefied Petroleum
Gas) is mainly Propane and Butane. (Think LPG for Propane).

99. Greenhouse effect is caused by
(A) NO2

(B) CO
(C) NO
(D) CO2

Correct Answer: (D) CO2

Solution:
Step 1: Understanding the Concept
The greenhouse effect is a natural process that warms the Earth’s surface. Certain gases in
the atmosphere, known as greenhouse gases, trap heat. This question asks to identify the
primary greenhouse gas from the given options.
Step 2: Detailed Explanation
1. Mechanism of the Greenhouse Effect: The Earth’s surface absorbs solar radiation
(mostly visible light) and warms up. It then radiates this energy back towards space in the
form of infrared (IR) radiation (heat). Greenhouse gases in the atmosphere are transparent to
incoming solar radiation but are very effective at absorbing the outgoing IR radiation. They
then re-radiate this absorbed energy in all directions, including back down to the Earth’s
surface, trapping heat and keeping the planet warmer than it would otherwise be.
2. Greenhouse Gases: A molecule can act as a greenhouse gas if it can absorb IR radiation.
This requires the molecule to have a changing dipole moment when it vibrates. - CO2

(Carbon Dioxide): This is the most significant greenhouse gas in terms of its overall
contribution to the enhanced greenhouse effect caused by human activities. Its bending and
asymmetric stretching vibrational modes lead to a change in dipole moment, allowing it to
absorb IR radiation effectively. - NO2 (Nitrogen Dioxide): It is also a greenhouse gas, but
its atmospheric concentration and contribution are less significant than CO2. - CO (Carbon
Monoxide): It is not a significant direct greenhouse gas because it absorbs IR radiation very
weakly in the relevant atmospheric window. However, it affects the concentration of other
greenhouse gases like methane and ozone through chemical reactions. - NO (Nitric Oxide):
Similar to CO, it is not a major direct greenhouse gas.
3. Primary Cause: While other gases (like methane, nitrous oxide, water vapor, and ozone)
are also potent greenhouse gases, carbon dioxide (CO2) is considered the primary driver of
the current enhancement of the greenhouse effect due to its high concentration and long
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atmospheric lifetime resulting from burning fossil fuels. Among the given options, CO2 is the
most prominent and widely recognized cause of the greenhouse effect.
Step 3: Final Answer
The greenhouse effect is primarily caused by greenhouse gases, with carbon dioxide (CO2)
being the most significant contributor among the choices. This corresponds to option (D).

� Quick Tip

The main greenhouse gases to remember are Water Vapor (H2O), Carbon Dioxide
(CO2), Methane (CH4), Nitrous Oxide (N2O), and Ozone (O3). Diatomic molecules
with identical atoms like N2 and O2 are *not* greenhouse gases because their vibra-
tions do not create a changing dipole moment.

100. Which compound is mainly responsible for the depletion of ozone layer?
(A) CO2

(B) CH4

(C) CH3OH
(D) CF2Cl2

Correct Answer: (D) CF2Cl2

Solution:
Step 1: Understanding the Concept
This question asks to identify the main chemical compound responsible for the depletion of
the stratospheric ozone layer. The ozone layer is crucial as it absorbs most of the Sun’s
harmful ultraviolet (UV) radiation.
Step 2: Detailed Explanation
1. Ozone Depletion: The depletion of the ozone layer is primarily caused by chemical
reactions involving halogen atoms (chlorine and bromine) in the stratosphere. These halogens
act as catalysts in the destruction of ozone (O3) molecules.
2. Source of Halogens: The main source of these stratospheric halogens are man-made
compounds known as halocarbons, particularly chlorofluorocarbons (CFCs), halons, and
carbon tetrachloride. These compounds are very stable in the lower atmosphere and can drift
up to the stratosphere over several years.
3. Mechanism: In the stratosphere, intense UV radiation breaks down the CFC molecules,
releasing free chlorine atoms. For example:

CF2Cl2(g)
UV−−→ CF2Cl(g) + Cl(g)

This free chlorine atom then acts as a catalyst in a destructive cycle: - Step 1:
Cl + O3 → ClO + O2 (Chlorine atom breaks an ozone molecule) - Step 2:
ClO + O → Cl + O2 (Chlorine monoxide reacts with an oxygen atom, regenerating the
chlorine atom) The net result is O3 +O → 2O2. A single chlorine atom can destroy thousands
of ozone molecules before it is removed from the stratosphere.
4. Analyzing the Options: - (A) CO2 (Carbon Dioxide): A primary greenhouse gas, but it
does not directly deplete the ozone layer. - (B) CH4 (Methane): A greenhouse gas. It can
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react to form water vapor in the stratosphere, which can participate in ozone destruction
cycles, but it is not the main cause. - (C) CH3OH (Methanol): An organic compound that is
readily broken down in the lower atmosphere and does not significantly contribute to ozone
depletion. - (D) CF2Cl2 (Dichlorodifluoromethane): This is a type of chlorofluorocarbon
(CFC), specifically CFC-12. CFCs are the main class of compounds responsible for
stratospheric ozone depletion.
Step 3: Final Answer
The compound mainly responsible for the depletion of the ozone layer among the choices is
CF2Cl2. This corresponds to option (D).

� Quick Tip

For environmental chemistry questions, remember the primary roles of key atmospheric
pollutants: - CO2, CH4, N2O: Greenhouse effect / Global warming. - CFCs (e.g.,
CF2Cl2): Ozone layer depletion. - SO2, NOx: Acid rain. - CO: Toxic air pollutant.

Bio Technology

101. The permeability of a membrane is largely dependent on:
(A) Phospholipid composition
(B) Cell wall thickness
(C) Mitochondrial DNA
(D) Nucleosome structure

Correct Answer: (A) Phospholipid composition

Solution:
Step 1: Understanding the Concept
This question asks about the primary factor that determines the permeability of a biological
membrane. Permeability refers to the ease with which substances can pass through the
membrane. Biological membranes are primarily composed of a phospholipid bilayer with
embedded proteins.
Step 2: Detailed Explanation
1. Phospholipid Bilayer: The fundamental structure of a cell membrane is the
phospholipid bilayer. This bilayer is selectively permeable, meaning it allows some substances
to pass through freely while restricting others.
2. Role of Phospholipid Composition: The permeability of this bilayer is highly
dependent on its specific composition. - Fatty Acid Tails: The length and saturation of the
fatty acid tails of the phospholipids are crucial. Membranes with shorter fatty acid tails are
more permeable because there are fewer van der Waals interactions between the tails, making
the membrane more fluid. Membranes with unsaturated fatty acid tails (containing double
bonds) have ’kinks’ that prevent tight packing, which also increases fluidity and permeability.
Conversely, long, saturated fatty acid tails pack tightly, making the membrane less fluid and
less permeable. - Cholesterol: The presence of cholesterol also modulates permeability. At
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normal physiological temperatures, cholesterol tends to decrease membrane fluidity and
permeability by filling in gaps between phospholipids.
3. Analyzing other options: - (B) Cell wall thickness: The cell wall (present in plants,
fungi, bacteria, etc., but not animal cells) provides structural support and protection, but the
primary barrier controlling the passage of substances into and out of the cytoplasm is the cell
membrane (plasma membrane). While the cell wall is also a permeability barrier, the selective
permeability is a key feature of the inner membrane, which depends on its phospholipid
composition. - (C) Mitochondrial DNA: This is the genetic material within the
mitochondria. It has no direct role in determining the permeability of the cell membrane. -
(D) Nucleosome structure: This refers to the organization of DNA and histone proteins
within the nucleus. It is unrelated to membrane permeability.
Step 3: Final Answer
The permeability of a membrane is primarily determined by the nature of its phospholipid
bilayer, including the length and saturation of the fatty acid chains and the presence of
cholesterol. Therefore, the phospholipid composition is the key factor. This corresponds to
option (A).

� Quick Tip

Think of the cell membrane as a ”fluid mosaic.” The ”fluid” part is the phospholipid
bilayer, and its fluidity, which directly impacts permeability, is determined by its com-
position. Shorter, unsaturated fatty acid chains lead to a more fluid and permeable
membrane.

102. The Crabtree effect in yeast occurs due to:
(A) High oxygen concentration
(B) High glucose concentration
(C) Low pH
(D) Presence of antibiotics

Correct Answer: (B) High glucose concentration

Solution:
Step 1: Understanding the Concept
This question asks for the cause of the Crabtree effect, a specific metabolic phenomenon
observed in yeast (like *Saccharomyces cerevisiae*) and some other cells. It’s important to
understand how yeast metabolism responds to different environmental conditions.
Step 2: Detailed Explanation
1. Yeast Metabolism: Yeast are facultative anaerobes. This means they can produce
energy (ATP) through two main pathways: - Aerobic Respiration: In the presence of
oxygen, they can fully oxidize glucose to CO2 and H2O, yielding a large amount of ATP
(approx. 36 ATP per glucose). This is the more efficient pathway. - Anaerobic
Fermentation: In the absence of oxygen, they break down glucose into ethanol and CO2,
yielding a small amount of ATP (2 ATP per glucose).
2. The Pasteur Effect: Normally, when oxygen is introduced to anaerobically fermenting
yeast, the yeast switches from fermentation to the more efficient aerobic respiration. This is
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called the Pasteur effect.
3. The Crabtree Effect: The Crabtree effect is, in a way, the opposite of the Pasteur effect.
It is the phenomenon where, even in the presence of sufficient oxygen for respiration, yeast
will produce ethanol via fermentation if the concentration of glucose (or another fermentable
sugar) is high.
4. Cause: At high glucose concentrations, the rate of glycolysis (the initial breakdown of
glucose) becomes so rapid that it overwhelms the capacity of the respiratory pathway (the
Krebs cycle and electron transport chain). The excess pyruvate produced by glycolysis is then
shunted into the fermentation pathway and converted to ethanol, despite the presence of
oxygen.
5. Analyzing other options: - (A) High oxygen concentration would normally promote
respiration, not fermentation (Pasteur effect). - (C) Low pH can affect enzyme activity but is
not the specific trigger for the Crabtree effect. - (D) Presence of antibiotics would typically
inhibit or kill the yeast, not induce a specific metabolic shift like this.
Step 3: Final Answer
The Crabtree effect is the repression of aerobic respiration by fermentation, which is triggered
by a high concentration of glucose. This corresponds to option (B).

� Quick Tip

To remember the difference between the Pasteur and Crabtree effects in yeast: - Pas-
teur Effect: Oxygen inhibits fermentation (Oxygen Prevents Alcohol). - Crab-
tree Effect: High Glucose promotes fermentation even with oxygen (Glucose Causes
Alcohol).

103. In a dihybrid cross, the phenotypic ratio of the F2 generation follows:
(A) 9:3:3:1
(B) 3:1
(C) 1:1:1:1
(D) 1:2:1

Correct Answer: (A) 9:3:3:1

Solution:
Step 1: Understanding the Concept
This question asks for the classic phenotypic ratio obtained in the F2 generation of a
Mendelian dihybrid cross. A dihybrid cross involves tracking the inheritance of two different
traits simultaneously, assuming the genes for these traits are on different chromosomes and
exhibit simple dominance.
Step 2: Detailed Explanation
1. Parental (P) Generation: A typical dihybrid cross starts with two true-breeding
(homozygous) parents that differ in two traits. For example, a pea plant with round, yellow
seeds (RR YY) is crossed with a plant with wrinkled, green seeds (rr yy).
2. First Filial (F1) Generation: All offspring in the F1 generation will be heterozygous for
both traits (Rr Yy) and will display the dominant phenotypes (round and yellow).
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3. Second Filial (F2) Generation: The F1 generation is then self-crossed (Rr Yy x Rr
Yy). To determine the outcomes in the F2 generation, we can use a Punnett square.
4. Gametes from F1: An F1 individual (Rr Yy) can produce four types of gametes due to
Mendel’s Law of Independent Assortment: RY, Ry, rY, and ry.
5. Punnett Square: A 4x4 Punnett square is used to show all possible combinations of

these gametes.

RY Ry rY ry

RY RRYY RRYy RrYY RrYy

Ry RRYy RRyy RrYy Rryy

rY RrYY RrYy rrYY rrYy

ry RrYy Rryy rrYy rryy
6. Phenotypic Ratio: By counting the phenotypes from the 16 squares in the Punnett
square: - Round, Yellow (at least one R and one Y): 9 boxes. - Round, Green (at least
one R and yy): 3 boxes. - Wrinkled, Yellow (rr and at least one Y): 3 boxes. - Wrinkled,
Green (rr and yy): 1 box. This gives the classic dihybrid phenotypic ratio of 9:3:3:1.
7. Analyzing other ratios: - 3:1 is the phenotypic ratio for a monohybrid cross. - 1:1:1:1 is
the phenotypic ratio for a dihybrid test cross (e.g., RrYy x rryy). - 1:2:1 is the genotypic ratio
for a monohybrid cross.
Step 3: Final Answer
The phenotypic ratio of the F2 generation in a standard Mendelian dihybrid cross is 9:3:3:1.
This corresponds to option (A).

� Quick Tip

The 9:3:3:1 dihybrid ratio is one of the most fundamental concepts in genetics. It is a
product of two independent monohybrid 3:1 ratios: (3 dominant : 1 recessive) for trait
A x (3 dominant : 1 recessive) for trait B = 9 (A dom, B dom) : 3 (A dom, B rec) : 3
(A rec, B dom) : 1 (A rec, B rec).

104. Which enzyme is used to break hydrogen bonds during DNA replication?
(A) Ligase
(B) Helicase
(C) Polymerase
(D) Exonuclease

Correct Answer: (B) Helicase

Solution:
Step 1: Understanding the Concept
This question asks to identify the specific enzyme responsible for unwinding the DNA double
helix during the process of DNA replication. DNA replication requires the two strands of the
DNA molecule to be separated so that each can serve as a template for the synthesis of a new
strand.
Step 2: Detailed Explanation
Let’s look at the roles of the enzymes listed: - (A) Ligase: DNA ligase is an enzyme that
joins fragments of DNA together. In replication, it is responsible for sealing the nicks between
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Okazaki fragments on the lagging strand, forming a continuous DNA strand. It creates
phosphodiester bonds.
- (B) Helicase: DNA helicase is the enzyme that unwinds the DNA double helix. It moves
along the DNA molecule, breaking the hydrogen bonds that hold the two complementary
strands together. This separation creates a replication fork, where replication can begin. Its
name comes from its function of unwinding the helix.
- (C) Polymerase: DNA polymerase is the main enzyme of replication. It synthesizes new
DNA strands by adding nucleotides that are complementary to the template strand. It reads
the template and builds the new strand in the 5’ to 3’ direction. It forms phosphodiester
bonds, but it does not break the hydrogen bonds of the original helix.
- (D) Exonuclease: An exonuclease is an enzyme that removes nucleotides from the end of a
DNA or RNA chain. Some DNA polymerases have exonuclease activity, which is used for
proofreading and removing errors during replication. It does not primarily break the
hydrogen bonds to unwind the helix.
Step 3: Final Answer
The enzyme that breaks the hydrogen bonds to unwind the DNA double helix during
replication is helicase. This corresponds to option (B).

� Quick Tip

To remember the functions of key replication enzymes, think of analogies: - Helicase:
Acts like a ”zipper,” unwinding the DNA helix. - Polymerase: The ”builder,” synthe-
sizing new DNA strands. - Ligase: The ”glue,” joining DNA fragments together.

105. Gram-positive bacteria differ from Gram-negative bacteria in having:
(A) More peptidoglycan in their cell wall
(B) Lipopolysaccharide layer
(C) No plasma membrane
(D) Two nuclei

Correct Answer: (A) More peptidoglycan in their cell wall

Solution:
Step 1: Understanding the Concept
This question asks for a key structural difference between Gram-positive and Gram-negative
bacteria. The Gram stain is a differential staining technique that separates bacteria into two
large groups based on the composition of their cell walls.
Step 2: Detailed Explanation
Let’s compare the cell envelope structures of Gram-positive and Gram-negative bacteria: -
Gram-positive bacteria: - Have a very thick cell wall composed of multiple layers of
peptidoglycan (also known as murein). This thick layer can make up as much as 90% of the
cell wall. - The cell wall also contains teichoic acids and lipoteichoic acids, which are unique
to Gram-positive bacteria. - They have a single plasma membrane located inside the thick
peptidoglycan layer. - During the Gram stain procedure, the crystal violet-iodine complex
gets trapped in this thick peptidoglycan layer, and is not washed out by the decolorizer
(alcohol). This causes them to appear purple/blue.
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- Gram-negative bacteria: - Have a much thinner cell wall with only a few layers of
peptidoglycan. - Outside this thin peptidoglycan layer, they have an outer membrane, a
feature that Gram-positive bacteria lack. This outer membrane contains
lipopolysaccharides (LPS), which are also known as endotoxins. - They have a plasma
membrane (inner membrane) inside the peptidoglycan layer. - During the Gram stain, the
alcohol decolorizer easily washes the crystal violet-iodine complex out of the thin
peptidoglycan layer. They are then counterstained with safranin, causing them to appear
pink/red.
Now let’s evaluate the options: - (A) More peptidoglycan in their cell wall: This is a
defining characteristic of Gram-positive bacteria. Correct. - (B) Lipopolysaccharide layer:
This is a component of the outer membrane of Gram-negative bacteria, not Gram-positive.
Incorrect. - (C) No plasma membrane: All bacteria (both Gram-positive and
Gram-negative) have a plasma membrane. Incorrect. - (D) Two nuclei: Bacteria are
prokaryotes and do not have a nucleus at all, let alone two. Incorrect.
Step 3: Final Answer
Gram-positive bacteria are distinguished from Gram-negative bacteria by having a much
thicker layer of peptidoglycan in their cell wall. This corresponds to option (A).

� Quick Tip

A simple way to remember the key difference: - Gram-Positive: Purple stain,
Positively thick Peptidoglycan layer. - Gram-Negative: Not purple (it’s pink/red),
thin peptidoglycan, has an extra outer membrane with LPS.

106. The most heat-resistant bacterial spores are produced by:
(A) Clostridium
(B) Pseudomonas
(C) Bacillus
(D) Escherichia

Correct Answer: (C) Bacillus

Solution:
Step 1: Understanding the Concept
This question asks to identify the genus of bacteria known for producing the most
heat-resistant endospores. Endospores are dormant, tough, non-reproductive structures
produced by some bacteria as a survival mechanism in response to harsh environmental
conditions.
Step 2: Detailed Explanation
1. Endospores: These structures are highly resistant to heat, desiccation, radiation, and
chemical disinfectants. This resistance is due to several factors, including a thick,
multi-layered coat, a dehydrated core (cortex), and the presence of calcium dipicolinate.
2. Spore-forming Bacteria: The ability to form endospores is limited to a few genera of
bacteria, primarily within the phylum Firmicutes. The most well-known and medically
significant spore-forming genera are *Bacillus* and *Clostridium*.
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3. Comparing Heat Resistance: While both *Bacillus* and *Clostridium* species produce
highly resistant spores, some species of *Bacillus* are particularly noted for their extreme
heat resistance. - *Bacillus*: This genus includes aerobic or facultatively anaerobic rods.
Species like *Bacillus stearothermophilus* (now known as *Geobacillus stearothermophilus*)
are famous for their thermophilic nature and extremely heat-resistant spores. These spores
are so resistant that they are used as biological indicators to validate the effectiveness of
sterilization processes like autoclaving. If the autoclave can kill *Geobacillus* spores, it is
considered to have worked properly. - *Clostridium*: This genus includes obligately
anaerobic rods. Species like *Clostridium botulinum* and *Clostridium perfringens* also
produce very heat-resistant spores, which is a major concern in the food canning industry.
However, the benchmark for maximum heat resistance in sterilization validation is typically a
*Bacillus* species. - *Pseudomonas* and *Escherichia*: These are genera of
Gram-negative bacteria. They do not form endospores and are therefore much less resistant
to heat. They are relatively easily killed by pasteurization or boiling.
Step 3: Final Answer
Among the given options, the genera *Bacillus* and *Clostridium* are the spore-formers.
The genus *Bacillus* contains species that are known for producing some of the most
heat-resistant spores known, often used as standards for sterilization validation. This
corresponds to option (C).

� Quick Tip

When you see a question about bacterial spores, immediately think of *Bacillus* and
*Clostridium*. These are the two most important endospore-forming genera in micro-
biology. *Bacillus stearothermophilus* is the ”gold standard” for testing heat steriliza-
tion (autoclaves).

107. The function of a sparger in a bioreactor is to:
(A) Remove heat
(B) Provide aeration
(C) Maintain pH
(D) Control pressure

Correct Answer: (B) Provide aeration

Solution:
Step 1: Understanding the Concept
This question asks for the function of a specific component, a sparger, in a bioreactor (or
fermenter). A bioreactor is a vessel designed to carry out a biological process, typically the
cultivation of microorganisms or cells to produce a desired product.
Step 2: Detailed Explanation
1. Bioreactor Components: A typical bioreactor has several key components to control the
environment for optimal cell growth and product formation. These include an agitator
(impeller), baffles, sensors (for pH, temperature, dissolved oxygen), ports for adding nutrients
and acid/base, and a system for gas exchange.
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2. Aeration Requirement: Many biotechnological processes, especially those involving
aerobic microorganisms (like most bacteria, yeast, and animal cells), require a continuous
supply of oxygen for respiration and growth. This process of supplying oxygen (or other
gases) is called aeration.
3. Function of a Sparger: A sparger is the device used to introduce sterile, compressed
gas (usually air for aerobic processes) into the liquid culture medium inside the bioreactor. It
typically consists of a pipe or tube with small holes or a porous material at the end. This
design breaks the gas stream into very small bubbles.
4. Importance of Small Bubbles: Introducing the gas as small bubbles is crucial because
it dramatically increases the surface area of the gas-liquid interface. A larger surface area
allows for a more efficient transfer of oxygen from the gas bubbles into the liquid medium,
where it can be taken up by the cells. The impeller then helps to disperse these bubbles
throughout the reactor.
5. Analyzing other options: - (A) Remove heat: Heat is typically removed by a cooling
jacket or internal cooling coils. - (C) Maintain pH: pH is maintained by adding acid or base
through dedicated ports, controlled by a pH sensor and a control loop. - (D) Control pressure:
Pressure is controlled by outlet gas valves and pressure regulators.
Step 3: Final Answer
The primary function of a sparger in a bioreactor is to introduce gas into the culture medium
for aeration. This corresponds to option (B).

� Quick Tip

Think of a sparger like the aerator stone (air stone) in a fish tank. Its job is to create
fine bubbles of air to dissolve oxygen into the water for the fish to breathe. The prin-
ciple in a bioreactor is exactly the same, but on an industrial scale and under sterile
conditions.

108. BLAST is a tool used for:
(A) DNA sequencing
(B) Protein modelling
(C) Sequence alignment
(D) 3D structural prediction

Correct Answer: (C) Sequence alignment

Solution:
Step 1: Understanding the Concept
This question asks for the primary function of BLAST, which is one of the most widely used
bioinformatics tools. Bioinformatics involves using computational tools to analyze biological
data, particularly DNA, RNA, and protein sequences.
Step 2: Detailed Explanation
1. What is BLAST? BLAST stands for Basic Local Alignment Search Tool. As its name
implies, it is a search tool based on sequence alignment.
2. Primary Function: The main purpose of BLAST is to find regions of local similarity
between biological sequences. It allows a user to compare a query sequence (a piece of DNA,
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RNA, or protein sequence) against a large database of sequences.
3. How it works: The program identifies short, exact matches (called ”words”) between the
query and database sequences. These initial matches are then extended in both directions to
find longer regions of similarity, which are called alignments or High-scoring Segment Pairs
(HSPs). The program calculates a statistical significance score (E-value) for each alignment,
which indicates how likely it is that the match occurred by chance.
4. Applications: Scientists use BLAST to: - Identify a newly discovered gene or protein. -
Find evolutionary relationships (homologs) between genes or proteins in different species. -
Locate specific motifs or domains within a sequence. - Map a DNA sequence to a chromosome.
5. Analyzing other options: - (A) DNA sequencing: This is the process of determining the
actual order of nucleotides in a DNA molecule. Tools for this are sequencers (hardware) and
base-calling software, not BLAST. - (B) Protein modelling / (D) 3D structural prediction:
These involve predicting the three-dimensional shape of a protein from its amino acid
sequence. While BLAST results can be a starting point (e.g., finding a template structure
with a similar sequence), BLAST itself does not perform the 3D prediction. Tools like
SWISS-MODEL, I-TASSER, or AlphaFold are used for this.
Step 3: Final Answer
BLAST is a fundamental tool used for finding similarities between sequences, which is a
process known as sequence alignment. This corresponds to option (C).

� Quick Tip

The name BLAST itself is a huge clue: Basic Local Alignment Search Tool. Knowing
the acronym’s full name directly gives you the answer. This is a very common and fun-
damental tool in bioinformatics.

109. Hybridoma technology is widely used to produce:
(A) Hormones
(B) Antibiotics
(C) Monoclonal antibodies
(D) Vaccines

Correct Answer: (C) Monoclonal antibodies

Solution:
Step 1: Understanding the Concept
This question asks for the primary product of hybridoma technology. This technology is a
cornerstone of modern biotechnology and immunology, developed by César Milstein and
Georges J. F. Köhler in 1975, for which they won a Nobel Prize.
Step 2: Detailed Explanation
1. Antibodies: Antibodies are proteins produced by the immune system’s B-cells (plasma
cells) that specifically recognize and bind to a particular antigen (e.g., a part of a virus or
bacterium). A normal immune response is polyclonal, meaning many different B-cells produce
a mixture of antibodies that recognize different parts of the antigen.
2. Monoclonal Antibodies (mAbs): A monoclonal antibody is a highly specific antibody
that is derived from a single B-cell clone. All antibody molecules in a monoclonal preparation
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are identical and recognize the exact same specific site (epitope) on an antigen. This high
specificity makes them extremely valuable for diagnostics and therapeutics.
3. The Challenge: A single, isolated B-cell can produce a desired monoclonal antibody, but
it has a very short lifespan and cannot be cultured indefinitely. On the other hand, cancer
cells, particularly myeloma cells (a type of B-cell cancer), are ”immortal” and can be cultured
forever.
4. Hybridoma Technology: This technology overcomes the challenge by creating a hybrid
cell, or hybridoma. The process involves: - Injecting an animal (typically a mouse) with the
antigen of interest to stimulate an immune response. - Isolating the antibody-producing
B-cells from the animal’s spleen. - Fusing these mortal B-cells with immortal myeloma cells. -
The resulting hybridoma cells have the desired properties of both parent cells: they can
produce a specific antibody (from the B-cell) and can be cultured indefinitely (from the
myeloma cell). - These hybridoma cells are then cloned and cultured on a large scale to
produce large quantities of a specific monoclonal antibody.
Step 3: Final Answer
Hybridoma technology is the standard method for producing large quantities of specific
monoclonal antibodies. This corresponds to option (C).

� Quick Tip

The name ”hybridoma” gives a clue to its origin: it’s a hybrid cell made from a nor-
mal cell and a myeloma (cancer) cell. Its purpose is to create an ”immortal” factory
for a single, specific type of antibody.

110. Which parameter is most critical for scaling up a bioreactor?
(A) Oxygen transfer rate
(B) Medium viscosity
(C) Shape of impeller
(D) Size of inlet pipes

Correct Answer: (A) Oxygen transfer rate

Solution:
Step 1: Understanding the Concept
This question is about the ”scale-up” of a bioprocess, which means taking a process that
works well in a small laboratory-scale bioreactor and successfully implementing it in a much
larger industrial-scale bioreactor. We need to identify the most critical parameter to keep
consistent during this transition.
Step 2: Detailed Explanation
1. The Challenge of Scale-Up: When the volume of a bioreactor increases, its geometric
and physical properties do not scale linearly. For example, if you double the dimensions of a
tank, its volume increases by a factor of eight (∼ L3), while its surface area only increases by
a factor of four (∼ L2). This creates challenges in maintaining a uniform environment for the
cells.
2. Oxygen Transfer Rate (OTR): For aerobic cultures, the supply of oxygen is often the
limiting factor for cell growth and productivity. The rate at which oxygen can be transferred
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from the gas phase (bubbles) to the liquid phase where cells can use it is called the Oxygen
Transfer Rate (OTR). It is often quantified by the volumetric mass transfer coefficient, KLa.
3. Criticality of OTR: As the bioreactor volume increases, it becomes much more difficult
to provide adequate oxygen to all the cells. The surface-area-to-volume ratio decreases,
making surface aeration less effective. Mixing becomes more challenging, leading to gradients
in dissolved oxygen concentration. If the OTR does not meet the Oxygen Uptake Rate
(OUR) of the culture, the cells will become oxygen-starved, their metabolism will change, and
productivity will plummet. Therefore, maintaining a consistent and sufficient KLa (and thus
OTR) is widely considered the most critical parameter for the successful scale-up of most
aerobic bioprocesses. Scale-up strategies are often based on keeping KLa constant.
4. Analyzing other options: - (B) Medium viscosity: This is an important property that
affects mixing and oxygen transfer, but it’s a property of the medium itself, not typically the
primary scale-up parameter to be held constant. - (C) Shape of impeller: The impeller shape
is crucial for mixing and gas dispersion, and its design is a key part of achieving the desired
OTR. However, the OTR itself is the overall performance metric that needs to be maintained,
not just the impeller shape (which might need to be changed during scale-up). - (D) Size of
inlet pipes: While important for process logistics, this is a secondary engineering detail
compared to the fundamental mass transfer requirement of the cells.
Step 3: Final Answer
Maintaining an adequate oxygen transfer rate is the most critical challenge and therefore the
most critical parameter to consider when scaling up an aerobic bioreactor. This corresponds
to option (A).

� Quick Tip

In bioprocess scale-up, think about what the cells need most. For aerobic cells, it’s
oxygen. As the ”city” (bioreactor) gets bigger, ensuring everyone gets enough ”air”
(oxygen) becomes the biggest logistical challenge. Therefore, parameters related to
oxygen supply (KLa, OTR) are almost always the most critical for scale-up.

111. The role of Taq polymerase in PCR is to:
(A) Synthesize primers
(B) Cut DNA strands
(C) Amplify DNA
(D) Synthesize mRNA

Correct Answer: (C) Amplify DNA

Solution:
Step 1: Understanding the Concept
This question asks about the function of Taq polymerase in the Polymerase Chain Reaction
(PCR). PCR is a molecular biology technique used to make many copies of (amplify) a
specific segment of DNA.
Step 2: Detailed Explanation
1. PCR Process: PCR works by repeated cycles of heating and cooling to replicate a target
DNA sequence. Each cycle consists of three main steps: - Denaturation (high temp,
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∼95◦C): The double-stranded DNA template is heated to separate it into two single strands.
- Annealing (lower temp, ∼55-65◦C): Short DNA sequences called primers bind (anneal)
to the complementary regions on the single-stranded DNA templates. -
Extension/Elongation (intermediate temp, ∼72◦C): A DNA polymerase enzyme binds
to the primers and synthesizes a new complementary DNA strand, using the original strand
as a template.
2. Role of Taq Polymerase: Taq polymerase is a specific type of DNA polymerase. Its key
feature is that it is thermostable, meaning it can withstand the high temperatures used in
the denaturation step of PCR without being destroyed. It was originally isolated from the
thermophilic bacterium *Thermus aquaticus* (hence the name Taq). Its function is to
perform the extension step: it adds nucleotides one by one to the end of the primer, creating
a new strand of DNA that is complementary to the template. By repeating this cycle 25-35
times, the target DNA segment is amplified exponentially. Therefore, the overall role of Taq
polymerase is to synthesize the new DNA strands, which leads to the amplification of the
target DNA.
3. Analyzing other options: - (A) Synthesize primers: Primers are short, single-stranded
DNA sequences that are chemically synthesized beforehand and added to the PCR reaction
mix. They are not synthesized by the polymerase. - (B) Cut DNA strands: Enzymes that cut
DNA are called nucleases (specifically restriction enzymes for cutting at specific sites).
Polymerases synthesize DNA, they don’t cut it. - (D) Synthesize mRNA: The synthesis of
mRNA from a DNA template is called transcription and is carried out by an RNA
polymerase, not a DNA polymerase like Taq.
Step 3: Final Answer
The role of Taq polymerase in PCR is to synthesize new DNA strands, thereby amplifying the
target DNA sequence. This corresponds to option (C).

� Quick Tip

Remember that ”polymerase” is a general name for an enzyme that synthesizes poly-
mers. DNA polymerase makes DNA polymers, and RNA polymerase makes RNA poly-
mers. Taq polymerase is a special, heat-stable DNA polymerase used in PCR to
make many copies of DNA. Its main job is the ”P” in PCR - Polymerase - which drives
the ”C” - Chain Reaction.

112. What is the function of a nucleolus?
(A) DNA replication
(B) Ribosome production
(C) Protein modification
(D) ATP synthesis

Correct Answer: (B) Ribosome production

Solution:
Step 1: Understanding the Concept
This question asks for the primary function of the nucleolus, which is a prominent,
non-membrane-bound structure found within the nucleus of eukaryotic cells.
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Step 2: Detailed Explanation
1. Structure and Location: The nucleolus is the largest substructure within the cell’s
nucleus. It is a dense region composed of RNA and proteins.
2. Primary Function: The main function of the nucleolus is ribosome biogenesis, which
is the synthesis and assembly of ribosomes. This is a complex process that involves: -
Transcription of rRNA: The nucleolus is the site where ribosomal RNA (rRNA) genes are
transcribed by RNA polymerase I to produce large precursor rRNA molecules. - Processing
of rRNA: These precursor molecules are then processed and modified to form the mature
rRNA components of the ribosome (e.g., 18S, 5.8S, and 28S rRNA in humans). - Assembly
with proteins: Ribosomal proteins, which are synthesized in the cytoplasm and imported
into the nucleus, are assembled together with the rRNA molecules to form the large and small
ribosomal subunits. - Export: These completed subunits are then exported from the nucleus
to the cytoplasm, where they combine to form a functional ribosome, the site of protein
synthesis (translation).
3. Analyzing other options: - (A) DNA replication: This occurs throughout the
nucleoplasm of the nucleus during the S phase of the cell cycle, not specifically in the
nucleolus. - (C) Protein modification: Post-translational modification of proteins primarily
occurs in the cytoplasm, the endoplasmic reticulum, and the Golgi apparatus. - (D) ATP
synthesis: This is the main function of the mitochondria, through the process of cellular
respiration.
Step 3: Final Answer
The primary and most well-known function of the nucleolus is the synthesis and assembly of
ribosomes. This corresponds to option (B).

� Quick Tip

Think of the nucleolus as the ”ribosome factory” of the cell. Cells that are actively
synthesizing large amounts of protein (like nerve cells or developing egg cells) typically
have large and prominent nucleoli to produce the necessary number of ribosomes.

113. The catalytic efficiency of an enzyme is measured by:
(A) Km/Vmax

(B) Vmax/Km

(C) Vmax ×Km

(D) Km − Vmax

Correct Answer: (B) Vmax/Km

Solution:
Step 1: Understanding the Concept
This question asks for the parameter used to measure the catalytic efficiency of an enzyme.
Catalytic efficiency reflects how efficiently an enzyme can convert a substrate into a product.
It takes into account both how fast the enzyme can work (turnover rate) and how well it
binds to its substrate (affinity).
Step 2: Detailed Explanation
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Let’s define the terms from Michaelis-Menten kinetics: - Vmax (Maximum Velocity): This
is the maximum rate of the reaction when the enzyme is saturated with the substrate. It is
proportional to the enzyme concentration [E] and the turnover number kcat (Vmax = kcat[E]).
The turnover number, kcat, represents the number of substrate molecules converted to
product per enzyme molecule per unit time, and it reflects the catalytic speed of the enzyme.
- Km (Michaelis Constant): This is the substrate concentration at which the reaction
velocity is half of Vmax. Km is often used as an inverse measure of the enzyme’s affinity for its
substrate. A low Km implies high affinity (the enzyme binds the substrate well even at low
concentrations), while a high Km implies low affinity.
Catalytic Efficiency:
A highly efficient enzyme should have two properties: 1. It should be able to process the
substrate very quickly (high kcat, and thus high Vmax). 2. It should be able to bind the
substrate effectively even at low concentrations (low Km).
The parameter that combines these two aspects is the specificity constant, which is defined
as the ratio kcat

Km
. This is considered the best measure of an enzyme’s catalytic efficiency.

Since Vmax is directly proportional to kcat, the ratio Vmax

Km
is also used as a measure of

catalytic efficiency, as it is proportional to the specificity constant.

Catalytic Efficiency ∝ Vmax

Km

This ratio represents the rate of the reaction at very low substrate concentrations.
Step 3: Final Answer
The catalytic efficiency of an enzyme is measured by the ratio of Vmax to Km. This
corresponds to option (B).

� Quick Tip

To remember what makes an enzyme efficient, think: you want it to be fast (high
Vmax) and sticky for its substrate (low Km). The ratio that maximizes this is
Vmax/Km.

114. The oxygen uptake requirements of a microbial population are characterized by:
(A) Yield coefficient
(B) Km value
(C) Saturation concentration
(D) KLa coefficient

Correct Answer: (D) KLa coefficient (Note: This is a tricky question. Oxygen uptake
requirement is the OUR, but it is characterized/limited by the oxygen transfer rate, OTR.
Let’s analyze the options in the context of bioprocess engineering.)

Solution:
Step 1: Understanding the Concept
This question asks about the parameter that characterizes the oxygen requirements of a
microbial population in a bioreactor setting. There are two key concepts here: the rate at
which cells consume oxygen, and the rate at which oxygen can be supplied to them.
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Step 2: Detailed Explanation
1. Oxygen Uptake Rate (OUR): The actual oxygen uptake requirement of the microbial
population is called the Oxygen Uptake Rate (OUR). It is defined as the specific oxygen
uptake rate (qO2) multiplied by the cell concentration (X). OUR = qO2 ·X. This represents
the demand for oxygen by the culture.
2. Oxygen Transfer Rate (OTR): The rate at which oxygen can be supplied from the gas
phase to the liquid phase is the Oxygen Transfer Rate (OTR). This represents the supply of
oxygen. The formula for OTR is:

OTR = KLa(C
∗ − CL)

where: - KLa is the volumetric mass transfer coefficient. - C∗ is the saturation concentration
of dissolved oxygen. - CL is the actual concentration of dissolved oxygen in the broth.
3. Relationship: For a successful aerobic fermentation, the supply must meet or exceed the
demand, i.e., OTR ≥ OUR. In many fermentations, the process is limited by how fast oxygen
can be transferred. Therefore, the ability to meet the oxygen uptake requirements is
characterized by the system’s ability to transfer oxygen.
4. Analyzing the Options: - (A) Yield coefficient: This relates the amount of biomass or
product formed per amount of substrate consumed. It’s about efficiency of conversion, not
oxygen uptake rate. - (B) Km value: This is a Michaelis-Menten constant, usually referring to
an enzyme’s affinity for a substrate. While there is a Km for oxygen uptake, it’s a cellular
property, not the overall characterization of the population’s requirement in a reactor. - (C)
Saturation concentration (C∗): This is the maximum possible dissolved oxygen concentration
and is a factor in the OTR equation, but it’s a physical property of the medium, not the
primary parameter characterizing the process requirement. - (D) KLa coefficient (KLa): This
is the volumetric mass transfer coefficient. It is the most important parameter in bioreactor
design and operation for characterizing the system’s ability to supply oxygen. A high KLa
means the bioreactor is efficient at transferring oxygen. The entire process design often
revolves around achieving a KLa high enough to satisfy the culture’s OUR. Therefore, the
oxygen uptake requirements are critically characterized and managed by controlling the KLa.
Step 3: Final Answer
While OUR is the direct measure of demand, the overall process and its limitations regarding
oxygen supply are characterized by the KLa coefficient. It is the key engineering parameter
that dictates whether the oxygen uptake requirements can be met. This corresponds to option
(D).

� Quick Tip

In bioprocess engineering, the ”bottleneck” for aerobic cultures is almost always getting
enough oxygen into the liquid. The parameter that measures how well a reactor does
this is KLa. Therefore, discussions about meeting oxygen demand inevitably focus on
achieving a high enough KLa.

115. The term ’totipotency’ refers to the ability of:
(A) A single cell to regenerate a whole organism
(B) A plant to fix nitrogen
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(C) A cell to perform photosynthesis
(D) A plant to tolerate high temperatures

Correct Answer: (A) A single cell to regenerate a whole organism

Solution:
Step 1: Understanding the Concept
This question asks for the definition of the biological term ’totipotency’. This term is
fundamental to developmental biology and plant biotechnology. It describes the
developmental potential of a cell.
Step 2: Detailed Explanation
1. Cell Potency: Potency refers to a cell’s ability to differentiate into other cell types. There
are several levels of potency: - Totipotency: This is the highest level of potency. A
totipotent cell has the ability to differentiate and develop into a complete, entire
organism. It can form not only all the cells of the embryo proper, but also the
extra-embryonic tissues like the placenta (in mammals). In plants, many differentiated cells
(e.g., from a leaf or root) retain totipotency. The zygote (fertilized egg) is the classic example
of a totipotent cell. - Pluripotency: Pluripotent cells can differentiate into any of the cell
types of the three germ layers (endoderm, mesoderm, ectoderm) that make up the body.
They can form any cell of the embryo, but not the extra-embryonic tissues. Embryonic stem
cells are pluripotent. - Multipotency: Multipotent cells can differentiate into a limited
range of cell types, usually within a specific germ layer or tissue type. Adult stem cells, like
hematopoietic stem cells (which form all blood cell types), are multipotent. - Unipotency:
Unipotent cells can only differentiate into a single specific cell type.
2. Analyzing the options: - (A) A single cell to regenerate a whole organism: This is the
precise definition of totipotency. - (B) A plant to fix nitrogen: This is a metabolic capability
of certain bacteria (often in symbiosis with plants), not a definition of cell potency. - (C) A
cell to perform photosynthesis: This is the function of chloroplast-containing cells (like plant
leaf cells), not a definition of potency. - (D) A plant to tolerate high temperatures: This is a
physiological trait of an organism, not a property of a single cell’s developmental potential.
Step 3: Final Answer
Totipotency is the ability of a single cell to divide and differentiate to form all the tissues and
organs of a complete organism. This corresponds to option (A).

� Quick Tip

To remember the levels of potency, think of a hierarchy of potential: - Toti- (from
Latin *totus*, meaning ”entire”): Can form the total organism. - Pluri- (from Latin
*plures*, meaning ”several” or ”many”): Can form plural or many cell types of the
body. - Multi- (from Latin *multus*, meaning ”many”): Can form multiple, but a
limited number of, cell types.

116. Which technique is used for inserting genes into plant cells?
(A) Electroporation
(B) Lipofection
(C) Ti plasmid transformation
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(D) Microinjection

Correct Answer: (C) Ti plasmid transformation

Solution:
Step 1: Understanding the Concept
This question asks about methods for genetic transformation in plants, i.e., introducing
foreign genes into plant cells. While several methods exist, one is particularly well-known and
widely used for plants.
Step 2: Detailed Explanation
Let’s analyze the different techniques mentioned: - (A) Electroporation: This technique
uses a high-voltage electrical pulse to create temporary pores in the cell membrane, allowing
DNA to enter the cell. It can be used for various cell types, including plant protoplasts (plant
cells with their cell walls removed). However, regenerating whole plants from protoplasts can
be difficult.
- (B) Lipofection: This method uses liposomes (small vesicles made of lipids) to encapsulate
DNA and deliver it into cells by fusing with the cell membrane. It is commonly used for
animal cell transformation but is less efficient for plant cells due to the presence of the cell
wall.
- (C) Ti plasmid transformation: This is the most common and naturally-derived method
for creating transgenic plants. It utilizes the soil bacterium *Agrobacterium
tumefaciens*. This bacterium contains a plasmid called the Ti (Tumor-inducing)
plasmid. In nature, the bacterium infects wounded plants and transfers a segment of its Ti
plasmid, called the T-DNA, into the plant cell’s genome. This T-DNA carries genes that
cause the plant cells to proliferate and produce nutrients for the bacterium, forming a tumor
or ”crown gall”. Scientists have engineered this natural system for genetic engineering. They
remove the tumor-causing genes from the T-DNA and insert the desired foreign gene in their
place. When the modified *Agrobacterium* infects a plant cell, it transfers this engineered
T-DNA, thereby inserting the desired gene into the plant’s chromosome. This is a very
efficient and widely used method for plant transformation.
- (D) Microinjection: This involves physically injecting DNA directly into the nucleus of a
single cell using a very fine glass needle. It is a precise but laborious technique, often used for
animal eggs and zygotes but less commonly for large-scale plant transformation.
Step 3: Final Answer
While other methods can be used, Ti plasmid-mediated transformation using *Agrobacterium
tumefaciens* is the most prominent and widely used technique for inserting genes into plant
cells. This corresponds to option (C).

� Quick Tip

When you see a question about plant genetic engineering, *Agrobacterium tumefa-
ciens* and its Ti plasmid should be the first thing that comes to mind. It’s often re-
ferred to as ”nature’s genetic engineer” and is the workhorse of plant biotechnology.

117. Which of the following microscopes has the highest resolution?
(A) Light microscope

137



(B) Electron microscope
(C) Fluorescence microscope
(D) Phase-contrast microscope

Correct Answer: (B) Electron microscope

Solution:
Step 1: Understanding the Concept
This question asks to compare the resolution of different types of microscopes. Resolution
(or resolving power) is the ability of a microscope to distinguish between two closely spaced
points as separate entities. Higher resolution means the ability to see finer details.
Step 2: Detailed Explanation
The resolution of a microscope is fundamentally limited by the wavelength of the radiation
used to illuminate the specimen. According to the Abbe diffraction limit, the minimum
resolvable distance (d) is approximately:

d =
λ

2NA

where λ is the wavelength and NA is the numerical aperture of the objective lens. To get
better resolution (a smaller ’d’), one needs to use a shorter wavelength.
Let’s compare the microscopes based on the radiation they use: - (A) Light microscope:
This is a broad category that uses visible light for illumination. The wavelength of visible
light ranges from about 400 nm to 700 nm. Due to this, the maximum resolution of a
standard light microscope is limited to about 200 nm (0.2 micrometers).
- (C) Fluorescence microscope and (D) Phase-contrast microscope: These are
specialized types of light microscopes. They use clever optical techniques to enhance the
contrast of the image (e.g., by viewing fluorescent molecules or by converting phase shifts into
amplitude differences), which allows for better visualization of specific structures or
transparent specimens. However, they still use visible light for illumination, so their
resolution is fundamentally limited by the diffraction of light, just like a standard light
microscope (around 200 nm).
- (B) Electron microscope: This type of microscope uses a beam of accelerated electrons
instead of light to ”illuminate” the specimen. According to the de Broglie hypothesis, moving
electrons have a wave-like nature, and their wavelength is inversely proportional to their
momentum. The electrons in an electron microscope are accelerated to very high velocities,
giving them extremely short wavelengths (less than 0.01 nm, which is thousands of times
shorter than visible light). Because of this much shorter wavelength, electron microscopes can
achieve far superior resolution, typically on the order of angstroms to a few nanometers. This
allows them to visualize ultrastructural details like viruses, ribosomes, and even individual
large molecules.
Step 3: Final Answer
Due to the extremely short wavelength of electrons compared to photons of visible light, the
electron microscope offers significantly higher resolution than any form of light microscope.
This corresponds to option (B).
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� Quick Tip

Remember the fundamental limit on resolution: you can’t see details that are smaller
than the wavelength of the ”light” you are using. Since electrons have a much, much
shorter wavelength than visible light, electron microscopes will always have a higher
potential resolution than light microscopes.

118. The main purpose of a FASTA file format is to store:
(A) DNA and protein sequences
(B) Protein structures
(C) Drug interactions
(D) Metabolic pathways

Correct Answer: (A) DNA and protein sequences

Solution:
Step 1: Understanding the Concept:
The FASTA format is a text-based format for representing either nucleotide sequences or
peptide (protein) sequences. It is widely used in bioinformatics for storing and exchanging
sequence data.
Step 2: Detailed Explanation:
A FASTA file consists of two main parts for each sequence:

• A single-line description or header: This line always begins with a greater-than
(”¿”) symbol. The rest of the line contains an identifier and description for the sequence.

• The sequence data: Following the header line, the subsequent lines contain the actual
sequence of nucleotides (using single-letter codes like A, T, C, G) or amino acids (using
single-letter codes like A, R, N, D, etc.). The sequence can be split into multiple lines.

Options (B), (C), and (D) are incorrect because:

• Protein structures are typically stored in formats like PDB (Protein Data Bank) files,
which contain atomic coordinate information.

• Drug interactions and Metabolic pathways are complex biological data stored in
specialized databases and formats like XML, SBML (Systems Biology Markup
Language), or BioPAX.

Step 3: Final Answer:
Based on the definition and common usage in bioinformatics, the FASTA file format’s primary
purpose is to store DNA and protein sequences. Therefore, option (A) is the correct answer.

� Quick Tip

Remember the ”¿” symbol! If you see a file format question mentioning a ”¿” at the
start of a description line followed by a sequence, it’s almost certainly referring to the
FASTA format. This is a fundamental concept in bioinformatics.
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119. The catalytic efficiency of an enzyme is
(A) Km/Vmax
(B) Vmax/Km
(C) Vmax * Km
(D) Km - Vmax

Correct Answer: (B) Vmax/Km

Solution:
Step 1: Understanding the Concept:
Catalytic efficiency is a measure of how efficiently an enzyme converts a substrate into a
product. It takes into account both the rate of the reaction (turnover number) and the
enzyme’s affinity for its substrate.
Step 2: Key Formula or Approach:
The catalytic efficiency is represented by the specificity constant, which is the ratio of the
catalytic constant (kcat) to the Michaelis constant (KM ).

Catalytic Efficiency =
kcat
KM

The maximal velocity (Vmax) is related to kcat by the equation Vmax = kcat[E]T , where [E]T is
the total enzyme concentration. Although not strictly identical, the ratio Vmax/KM is often
used as a direct measure of catalytic efficiency, especially when comparing enzymes under the
same total concentration.
Step 3: Detailed Explanation:
Let’s analyze the terms:

• Vmax (Maximum Velocity): Represents the maximum rate of reaction when the
enzyme is saturated with the substrate. A higher Vmax means a faster reaction.

• KM (Michaelis Constant): Represents the substrate concentration at which the
reaction rate is half of Vmax. It is an inverse measure of the enzyme’s affinity for its
substrate. A lower KM means a higher affinity.

To have high catalytic efficiency, an enzyme should be able to process the substrate quickly
(high Vmax) and bind to it tightly even at low concentrations (low KM ). Therefore, the ratio
Vmax/KM combines these two factors. A high value for this ratio indicates high efficiency.
Step 4: Final Answer:
The correct representation of catalytic efficiency among the given options is the ratio of
maximal velocity to the Michaelis constant, which is Vmax/KM . Therefore, option (B) is
correct.

� Quick Tip

To remember this, think about what makes a ”good” enzyme: it should be fast (high
Vmax) and have a high affinity for its substrate (low KM ). The fraction that gets big-
ger with a high numerator and a small denominator is Vmax/KM .
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120. Immobilized enzymes have advantages over free enzymes because they:
(A) Increase substrate specificity
(B) Are more stable
(C) Need cofactors
(D) Are non-selective

Correct Answer: (B) Are more stable

Solution:
Step 1: Understanding the Concept:
Enzyme immobilization is the process of confining or attaching enzymes to an inert, insoluble
material or support. This technique is widely used in industrial processes to overcome the
limitations of using free enzymes in solution.
Step 2: Detailed Explanation:
Let’s evaluate the advantages of immobilization:

• Increased Stability: By attaching the enzyme to a solid support, its conformational
structure is often stabilized. This makes it more resistant to changes in temperature and
pH, leading to a longer operational life. This is a major advantage.

• Reusability: Since the enzyme is attached to a solid support, it can be easily separated
from the reaction mixture (products and unreacted substrate) and reused for multiple
batches, which significantly reduces costs.

• Easy Separation: The product is not contaminated with the enzyme, simplifying the
downstream purification process.

• Continuous Operation: Immobilized enzymes are ideal for use in continuous
bioreactors.

Now let’s analyze the given options:

• (A) Increase substrate specificity: Immobilization generally does not increase, and can
sometimes slightly decrease, substrate specificity due to conformational changes or steric
hindrance.

• (B) Are more stable: This is a key advantage. The rigid support protects the enzyme
from denaturation caused by heat, pH extremes, or organic solvents.

• (C) Need cofactors: The need for cofactors is an intrinsic property of the enzyme itself
and is not changed by immobilization.

• (D) Are non-selective: This is incorrect. Enzymes are inherently highly selective, and
while immobilization might slightly alter it, they do not become non-selective.

Step 3: Final Answer:
The primary and most significant advantage of using immobilized enzymes over free enzymes
is their enhanced stability. Therefore, option (B) is the correct answer.
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� Quick Tip

Think of immobilization like giving an enzyme a ”home” or an ”anchor.” This anchor
protects it from being washed away (reusability) and from harsh environmental condi-
tions (stability), making it much more practical for industrial applications.

121. In large-scale bioprocessing, which type of bioreactor is widely used for
continuous culture?
(A) Stirred tank bioreactor
(B) Bubble column reactor
(C) Fluidized bed reactor
(D) Packed bed reactor

Correct Answer: (A) Stirred tank bioreactor

Solution:
Step 1: Understanding the Concept:
A continuous culture is a bioprocessing method where fresh medium is continuously added to
a bioreactor, and the culture liquid (containing microorganisms, products, and residual
nutrients) is simultaneously removed at the same rate. This keeps the culture volume
constant and allows the cells to grow at a steady state. A chemostat is a common type of
continuous culture system.
Step 2: Detailed Explanation:
Let’s analyze the bioreactor types for this application:

• (A) Stirred Tank Bioreactor (STR): STRs are equipped with mechanical agitators
(impellers) that provide excellent mixing. This ensures that the fresh medium is
distributed uniformly and the culture is homogenous. The high degree of control over
parameters like pH, temperature, and dissolved oxygen makes STRs highly versatile and
ideal for maintaining the steady-state conditions required for a continuous culture
(chemostat).

• (B) Bubble Column Reactor: Mixing is achieved by sparging gas from the bottom.
While simpler and cheaper, the mixing is less uniform than in an STR, making it harder
to maintain a perfect steady state.

• (C) Fluidized Bed Reactor & (D) Packed Bed Reactor: These reactors are
typically used with immobilized cells or enzymes. In a packed bed, the biocatalyst is
fixed, and in a fluidized bed, it is suspended by an upward flow of fluid. While they can
be operated continuously, the classic and most widely used bioreactor for continuous
suspension cultures (like microbial fermentation) is the stirred-tank reactor due to its
superior control and homogeneity.

Step 3: Final Answer:
Due to its excellent mixing, homogeneity, and precise control over environmental parameters,
the stirred-tank bioreactor is the most widely used type for establishing and maintaining a
continuous culture in large-scale bioprocessing. Therefore, option (A) is correct.
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� Quick Tip

For most general-purpose, large-scale fermentation questions, the Stirred Tank Bioreac-
tor (STR) is often the default answer. Its versatility and robust control systems make
it the workhorse of the bioprocessing industry for both batch and continuous opera-
tions.

122. Which of the following is commonly used as a nitrogen source in microbial
fermentation?
(A) Ammonium sulfate
(B) Sucrose
(C) Lactic acid
(D) Propanol

Correct Answer: (A) Ammonium sulfate

Solution:
Step 1: Understanding the Concept:
Microbial fermentation requires a growth medium that provides all the essential nutrients for
the microorganisms. These include a carbon source (for energy and building blocks), a
nitrogen source (for synthesizing proteins, nucleic acids, etc.), phosphorus, sulfur, and various
trace elements.
Step 2: Detailed Explanation:
Let’s categorize the given options based on their primary role in a fermentation medium:

• (A) Ammonium sulfate ((NH4)2SO4): This is an inorganic salt that provides both
ammonium ions (NH+

4 ) as a readily available nitrogen source and sulfate ions as a sulfur
source. It is inexpensive and commonly used in industrial fermentation media.

• (B) Sucrose (C12H22O11): This is a disaccharide (a type of sugar). It contains only
carbon, hydrogen, and oxygen. It serves as a primary carbon and energy source for many
microorganisms. It does not provide nitrogen.

• (C) Lactic acid (C3H6O3): This is an organic acid. It is often a product of
fermentation (e.g., in yogurt production) rather than a primary nutrient source. While
some microbes can use it as a carbon source, it is not a nitrogen source.

• (D) Propanol (C3H8O): This is an alcohol. It can be a product of some fermentation
processes or used as a carbon source by specific microbes, but it is not a nitrogen source.
It can also be toxic to many microorganisms at high concentrations.

Step 3: Final Answer:
Among the given options, only ammonium sulfate contains nitrogen and is commonly used as
a nitrogen source in microbial fermentation media. Therefore, option (A) is the correct
answer.
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� Quick Tip

When asked to identify a nutrient source, look at the chemical composition. Nitrogen
sources must contain nitrogen (N). Common examples include ammonium salts, ni-
trates, urea, peptones, and yeast extract. Carbon sources are typically sugars like glu-
cose, sucrose, or molasses.

123. A DNA segment that reads the same forward and backward is called:
(A) Complementary DNA
(B) Palindromic DNA
(C) Plasmid DNA
(D) Copy DNA

Correct Answer: (B) Palindromic DNA

Solution:
Step 1: Understanding the Concept:
In genetics, a palindromic sequence is a nucleic acid sequence (DNA or RNA) that is the same
when read from 5’ to 3’ on one strand and 5’ to 3’ on the complementary strand. These
sequences are common recognition sites for restriction enzymes.
Step 2: Detailed Explanation:
Let’s consider an example of a palindromic sequence:
The sequence for the restriction enzyme EcoRI is 5’-GAATTC-3’.
The complementary strand, following base-pairing rules (A with T, G with C), would be
3’-CTTAAG-5’.
If we read this complementary strand from 5’ to 3’ (i.e., backward), it is 5’-GAATTC-3’,
which is identical to the original strand.

5′ − G A A T T C − 3′

3′ − C T T A A G − 5′

This property defines a palindromic DNA sequence.
Now let’s examine the other options:

• (A) Complementary DNA (cDNA): This is DNA synthesized from a single-stranded
RNA (e.g., messenger RNA) template in a reaction catalyzed by the enzyme reverse
transcriptase. ’Copy DNA’ (D) is another term for cDNA.

• (C) Plasmid DNA: This is a small, extrachromosomal, circular DNA molecule found
in bacteria and some other microorganisms, separate from the main chromosomal DNA.

Step 3: Final Answer:
A DNA segment that reads the same forwards on one strand and backwards on the
complementary strand is called a Palindromic DNA sequence. Therefore, option (B) is the
correct answer.
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� Quick Tip

Don’t confuse a biological palindrome with a linguistic one (like ”MADAM”). A lin-
guistic palindrome reads the same forward and backward on the same line. A DNA
palindrome reads the same forward on one strand as it does backward on its comple-
mentary strand. This is a crucial distinction and a common point of confusion.

124. The process of nitrogen fixation is primarily carried out by:
(A) Fungi
(B) Cyanobacteria
(C) Algae
(D) Yeast

Correct Answer: (B) Cyanobacteria

Solution:
Step 1: Understanding the Concept:
Nitrogen fixation is the biological process by which atmospheric nitrogen gas (N2), which is
relatively inert, is converted into ammonia (NH3), a form of nitrogen that is readily available
for use by living organisms. This process is essential for life as nitrogen is a key component of
amino acids, proteins, and nucleic acids.
Step 2: Detailed Explanation:
The ability to fix nitrogen is limited to a specific group of prokaryotes (bacteria and archaea)
called diazotrophs. These organisms possess the enzyme nitrogenase, which catalyzes the
conversion of N2 to NH3.
Let’s analyze the given options:

• (A) Fungi: Fungi are eukaryotes. They are important decomposers but cannot fix
atmospheric nitrogen. They obtain nitrogen from organic matter in the soil.

• (B) Cyanobacteria: These are a phylum of bacteria that obtain their energy through
photosynthesis. Many species of cyanobacteria (e.g., Nostoc, Anabaena) are well-known
nitrogen fixers and play a crucial role in the nitrogen cycle in both aquatic and terrestrial
ecosystems.

• (C) Algae: Algae are eukaryotes, ranging from single-celled to multicellular forms. Like
fungi, they cannot fix nitrogen themselves. Some algae form symbiotic relationships with
nitrogen-fixing cyanobacteria.

• (D) Yeast: Yeasts are single-celled fungi (eukaryotes) and are incapable of nitrogen
fixation.

Step 3: Final Answer:
Among the choices provided, only cyanobacteria are prokaryotes known to perform nitrogen
fixation. Other examples include symbiotic bacteria like Rhizobium. Therefore, option (B) is
the correct answer.
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� Quick Tip

Remember that nitrogen fixation is a prokaryote-exclusive process. If you see eukary-
otes like fungi, algae, or yeast in the options, you can immediately eliminate them. The
key players are bacteria and archaea, with cyanobacteria being a prominent example.

125. The sex complement of a male child suffering from Down’s syndrome is:
(A) XO
(B) XY
(C) XX
(D) XXY

Correct Answer: (B) XY

Solution:
Note: The provided key in the source image marks (D) XXY as the correct answer. This is
factually incorrect under a standard interpretation. The following solution explains the
correct biology and also addresses the likely error in the provided key. For exam purposes, if
this question appeared with this key, it would be considered flawed. The logically correct
answer is (B) XY.
Step 1: Understanding the Concept:
Down’s syndrome is a genetic condition caused by an autosomal aneuploidy, specifically the
presence of a full or partial extra copy of chromosome 21. It is also known as Trisomy 21.
Aneuploidy refers to an abnormal number of chromosomes. Autosomal refers to the non-sex
chromosomes (chromosomes 1-22). The sex complement refers to the pair of sex chromosomes
(X and Y).
Step 2: Detailed Explanation:

• A typical human karyotype has 46 chromosomes: 22 pairs of autosomes and 1 pair of sex
chromosomes.

• A female has the sex complement XX, and a male has the sex complement XY.

• Down’s syndrome affects chromosome 21. It does not affect the sex chromosomes.
Therefore, a person with Down’s syndrome has 47 chromosomes in total (45 autosomes +
2 sex chromosomes).

• The karyotype of a male with Down’s syndrome is written as 47, XY, +21. The ”XY”
part indicates he is male, and the ”+21” indicates the extra copy of chromosome 21.

• The sex complement of this individual is simply XY.

Step 3: Analyzing the Options and the Provided Key:

• (A) XO: This is the sex complement for Turner syndrome, a condition affecting females.

• (B) XY: This is the correct sex complement for a male, including a male with Down’s
syndrome.

• (C) XX: This is the sex complement for a female.
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• (D) XXY: This is the sex complement for Klinefelter syndrome, a condition where a male
has an extra X chromosome.

The provided key marks (D) XXY. This would correspond to a karyotype of 47, XXY. This
describes Klinefelter syndrome, not Down’s syndrome. It is possible, though very rare, for an
individual to have both conditions (a double aneuploidy, with karyotype 48, XXY, +21).
However, the question asks specifically about Down’s syndrome, not the combined disorder.
The question is flawed. The most accurate biological answer is XY.
Step 4: Final Answer:
Based on the definition of Down’s syndrome, the sex complement of a male with the condition
is XY. Therefore, option (B) is the biologically correct answer.

� Quick Tip

Be careful to distinguish between autosomal aneuploidies (like Down’s syndrome, Tri-
somy 21) and sex chromosome aneuploidies (like Turner syndrome, XO, or Klinefelter
syndrome, XXY). The name of the syndrome tells you which chromosomes are affected.
Down’s syndrome affects an autosome (21), not the sex chromosomes.

126. In bioleaching, which microorganism is used?
(A) Pseudomonas aeruginosa
(B) Bacillus subtilis
(C) Thiobacillus ferrooxidans
(D) Clostridium botulinum

Correct Answer: (C) Thiobacillus ferrooxidans

Solution:
Step 1: Understanding the Concept
This question asks to identify a microorganism used in bioleaching. Bioleaching (or
biomining) is a process that uses microorganisms to extract metals from their ores. This is
particularly useful for low-grade ores where traditional smelting is not economically viable.
Step 2: Detailed Explanation
1. Bioleaching Process: The microorganisms involved are typically chemolithoautotrophs.
This means they derive their energy from the oxidation of inorganic substances (chemolitho-)
and their carbon from carbon dioxide (autotroph). In the context of bioleaching, these
bacteria oxidize iron and sulfur compounds present in the ore.
2. Key Microorganism: The most well-known and widely used bacterium for bioleaching is
Acidithiobacillus ferrooxidans (formerly known as Thiobacillus ferrooxidans). This
bacterium thrives in acidic environments (it is an acidophile) and obtains energy by oxidizing
ferrous iron (Fe2+) to ferric iron (Fe3+) and reduced sulfur compounds (like sulfides, S2−) to
sulfuric acid (H2SO4).

2FeS2 + 7O2 + 2H2O
Bacteria−−−−−→ 2FeSO4 + 2H2SO4

The resulting ferric iron (Fe3+) and sulfuric acid are powerful oxidizing agents that can then
chemically leach metals like copper, zinc, and uranium from their sulfide ores.

147



3. Analyzing other options: - (A) Pseudomonas aeruginosa: An opportunistic human
pathogen, not used in bioleaching. - (B) Bacillus subtilis : A common soil bacterium, widely
used as a model organism and in the production of enzymes, but not primarily for
bioleaching. - (D) Clostridium botulinum: An anaerobic bacterium that produces the
botulinum toxin, a potent neurotoxin. It is a pathogen, not used in bioleaching.
Step 3: Final Answer
Thiobacillus ferrooxidans (or Acidithiobacillus ferrooxidans) is the primary microorganism
used in commercial bioleaching operations. This corresponds to option (C).

� Quick Tip

The name Thiobacillus ferrooxidans gives clues to its function: ”thio” refers to sulfur,
”ferro” refers to iron, and ”oxidans” indicates it oxidizes them. This bacterium ”eats”
iron and sulfur compounds, making it perfect for breaking down metal sulfide ores.

127. Which of the following is not a nonsense codon?
(A) UAA
(B) UUU
(C) UAG
(D) UGA

Correct Answer: (B) UUU

Solution:
Step 1: Understanding the Concept
This question is about the genetic code. The genetic code is the set of rules by which
information encoded in genetic material (DNA or mRNA sequences) is translated into
proteins (amino acid sequences). A ”nonsense codon” is a specific type of codon.
Step 2: Detailed Explanation
1. Codons: The genetic code is read in triplets of nucleotides called codons. Each codon
specifies either a particular amino acid or a stop signal. There are 43 = 64 possible codons.
2. Sense Codons: Of the 64 codons, 61 are ”sense codons,” meaning they code for one of
the 20 amino acids.
3. Nonsense Codons (or Stop Codons): Three of the 64 codons are ”nonsense codons” or
”stop codons.” These codons do not code for an amino acid. Instead, they signal the
termination of the translation process (protein synthesis). When a ribosome encounters a stop
codon on the mRNA sequence, it releases the newly synthesized polypeptide chain.
4. The Three Stop Codons: The three stop codons in the standard genetic code are: -
UAA (historically named ”ochre”) - UAG (historically named ”amber”) - UGA
(historically named ”opal”)
5. Analyzing the Options: - (A) UAA: This is a stop codon. - (B) UUU: This codon codes
for the amino acid Phenylalanine. Therefore, it is a sense codon, not a nonsense codon. -
(C) UAG: This is a stop codon. - (D) UGA: This is a stop codon.
Step 3: Final Answer
UUU codes for the amino acid Phenylalanine and is therefore not a nonsense (stop) codon.
This corresponds to option (B).
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� Quick Tip

A helpful mnemonic to remember the three stop codons is: - U Are Away - U Are
Gone - U Go Away

128. Which enzyme is responsible for the unwinding of DNA during replication?
(A) Polymerase
(B) Topoisomerase
(C) Helicase
(D) Primase

Correct Answer: (C) Helicase

Solution:
Step 1: Understanding the Concept
This question asks to identify the specific enzyme responsible for unwinding the DNA double
helix during the process of DNA replication. DNA replication requires the two strands of the
DNA molecule to be separated so that each can serve as a template for the synthesis of a new
strand.
Step 2: Detailed Explanation
Let’s look at the roles of the enzymes listed: - (A) Polymerase: DNA polymerase is the
main enzyme of replication. It synthesizes new DNA strands by adding nucleotides that are
complementary to the template strand. It does not unwind the original helix.
- (B) Topoisomerase: As the DNA helix is unwound by helicase, it causes overwinding or
”supercoiling” in the region ahead of the replication fork. Topoisomerase relieves this strain
by cutting, swiveling, and rejoining the DNA strands. It manages the topology of the DNA
but does not perform the primary unwinding at the fork.
- (C) Helicase: DNA helicase is the enzyme that unwinds the DNA double helix. It moves
along the DNA molecule, breaking the hydrogen bonds that hold the two complementary
strands together using energy from ATP hydrolysis. This separation creates a replication fork,
where replication can begin.
- (D) Primase: Primase is a type of RNA polymerase that synthesizes a short RNA primer.
This primer provides the necessary 3’-OH group that DNA polymerase needs to begin
synthesizing the new DNA strand. It does not unwind the DNA.
Step 3: Final Answer
The enzyme that breaks the hydrogen bonds to unwind the DNA double helix during
replication is helicase. This corresponds to option (C).

� Quick Tip

To remember the functions of key replication enzymes, think of analogies: - Helicase:
Acts like a ”zipper,” unwinding the DNA helix. - Topoisomerase: The ”swivel,” re-
lieving tension ahead of the zipper. - Primase: The ”initializer,” laying down a start-
ing block (primer). - Polymerase: The ”builder,” synthesizing the new DNA strands.
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129. DNA and histone proteins in the nucleus of a cell are associated by:
(A) Covalent bonding
(B) Hydrogen bonding
(C) Hydrophobic bonding
(D) Van der Waals interactions

Correct Answer: (B) Hydrogen bonding

Solution:
Step 1: Understanding the Concept
This question asks about the nature of the chemical interactions that hold DNA and histone
proteins together to form chromatin in the nucleus of eukaryotic cells. This packaging is
essential to fit the long DNA molecule into the small nucleus.
Step 2: Detailed Explanation
1. Structure of Chromatin: Chromatin is a complex of DNA and proteins (primarily
histones). The basic unit of chromatin is the nucleosome, which consists of a segment of DNA
wrapped around a core of eight histone proteins (an octamer).
2. Chemical Properties: - DNA: The backbone of the DNA molecule contains phosphate
groups (PO3−

4 ), which are negatively charged at physiological pH. This makes the DNA
molecule a highly negatively charged polyanion. - Histone Proteins: Histone proteins are
rich in basic amino acids, particularly lysine and arginine. The side chains of these amino
acids are positively charged at physiological pH.
3. Primary Interaction: The primary force holding DNA and histones together is the
strong electrostatic attraction (or ionic bonding) between the negatively charged
phosphate groups of the DNA and the positively charged side chains of the lysine and
arginine residues on the histone proteins.
4. Secondary Interactions: In addition to the strong electrostatic forces, numerous
hydrogen bonds also form between the histone proteins and the DNA molecule (both with
the sugar-phosphate backbone and the bases). These hydrogen bonds, along with Van der
Waals interactions, contribute significantly to the stability of the nucleosome complex.
5. Analyzing the Options: - (A) Covalent bonding: This involves the sharing of electrons
and forms very strong, permanent bonds. DNA and histones are not covalently linked; their
association must be dynamic to allow for processes like transcription. - (B) Hydrogen
bonding: As explained, numerous hydrogen bonds are formed, contributing to the stability of
the DNA-histone complex. Although the primary interaction is electrostatic (which isn’t an
option), hydrogen bonding is a major secondary force. - (C) Hydrophobic bonding: While
some hydrophobic interactions may occur within the histone core, the primary DNA-histone
interaction is hydrophilic, involving charged and polar groups. - (D) Van der Waals
interactions: These are weak, transient interactions that are present but are not the main
driving force of the association compared to electrostatic forces and hydrogen bonds.
Conclusion: Although the strongest single interaction is electrostatic (ionic), this is not an
option. Between the remaining options, the large number of hydrogen bonds formed between
the DNA and histones provides a major contribution to the overall binding energy and
stability. Therefore, in the context of these choices, hydrogen bonding is the most appropriate
answer.
Step 3: Final Answer
DNA and histone proteins are associated by strong electrostatic interactions and a large
number of hydrogen bonds. Among the given choices, Hydrogen bonding is the best answer.
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This corresponds to option (B).

� Quick Tip

Remember the charge properties: DNA is negative (due to phosphate) and histones
are positive (due to lysine and arginine). Opposites attract! This fundamental elec-
trostatic attraction is the main reason for their strong association. Hydrogen bonds
then add further stability.

130. The term ”auxotroph” refers to a:
(A) Bacterium with additional nutritional requirements
(B) Self-sufficient organism
(C) Microbe capable of fixing nitrogen
(D) Fungi that grow on dead organic matter

Correct Answer: (A) Bacterium with additional nutritional requirements

Solution:
Step 1: Understanding the Concept
This question asks for the definition of the term ”auxotroph” in microbiology. This term is
used to describe a specific type of nutritional mutant.
Step 2: Detailed Explanation
1. Prototroph vs. Auxotroph: These terms are used to classify microorganisms based on
their nutritional needs. - A prototroph (proto- = first, -troph = nourishment) is a
microorganism that has the same nutritional requirements as the wild-type strain. It is
”self-sufficient” in the sense that it can synthesize all the essential organic compounds it needs
for growth (like amino acids, vitamins, nucleotides) from a minimal medium containing just a
simple carbon source and inorganic salts. - An auxotroph (auxo- = increase, -troph =
nourishment) is a mutant strain that has lost the ability to synthesize a particular essential
organic compound that the wild-type strain (prototroph) can make. As a result, this
compound must be supplied in the growth medium for the auxotroph to survive. The
auxotroph has an additional nutritional requirement compared to the prototroph.
2. Example: A wild-type E. coli is a prototroph and can grow on a minimal medium. If a
mutation occurs in a gene involved in the synthesis of the amino acid tryptophan, the
resulting mutant strain (a Trp− auxotroph) can no longer make its own tryptophan. It will
only be able to grow if tryptophan is added to the medium.
3. Analyzing the options: - (A) Bacterium with additional nutritional requirements: This
is the correct definition of an auxotroph. - (B) Self-sufficient organism: This describes a
prototroph, the opposite of an auxotroph. - (C) Microbe capable of fixing nitrogen: This
describes a diazotroph, a specific metabolic capability unrelated to auxotrophy. - (D) Fungi
that grow on dead organic matter: This describes a saprophyte, a mode of nutrition, not a
mutational status.
Step 3: Final Answer
An auxotroph is a mutant microorganism that requires an additional nutrient for growth that
is not needed by the wild-type strain. This corresponds to option (A).
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� Quick Tip

Think of ”auxo-” like an auxiliary cord; you need to plug in something *extra* for it to
work. An auxotroph needs an *extra* nutrient added to its medium to grow.

131. The Crabtree effect leads to:
(A) Increased oxygen consumption
(B) Alcohol fermentation under aerobic conditions
(C) Reduced ATP production
(D) Excessive protein degradation

Correct Answer: (B) Alcohol fermentation under aerobic conditions

Solution:
Step 1: Understanding the Concept
This question asks about the outcome or consequence of the Crabtree effect, a metabolic
phenomenon observed in yeast. This is a follow-up to question 102.
Step 2: Detailed Explanation
1. Review of the Crabtree Effect: As previously discussed, the Crabtree effect is the
repression of aerobic respiration in favor of fermentation, which occurs in some yeast species
(like Saccharomyces cerevisiae) when they are grown in the presence of both high
concentrations of glucose and oxygen.
2. The Outcome: Normally, the presence of oxygen would lead to efficient energy
production through aerobic respiration. However, under high-glucose conditions, the Crabtree
effect causes the yeast to switch its metabolism. The high rate of glycolysis produces pyruvate
faster than the respiratory pathway can handle it. This excess pyruvate is then converted into
ethanol and carbon dioxide through the fermentation pathway.
3. Primary Consequence: Therefore, the most direct and defining consequence of the
Crabtree effect is the production of alcohol (ethanol) via fermentation, even though
aerobic conditions (presence of oxygen) exist.
4. Analyzing the options: - (A) Increased oxygen consumption: This is the opposite of
what happens. The Crabtree effect involves the *repression* of respiration, leading to
*decreased* oxygen consumption compared to what would be expected if all the glucose were
respired. - (B) Alcohol fermentation under aerobic conditions: This is the definition of the
outcome of the Crabtree effect. - (C) Reduced ATP production: This is a true consequence of
switching from respiration (high ATP yield) to fermentation (low ATP yield). However, the
primary observable metabolic event is the production of alcohol. The yeast compensates for
the lower ATP yield by consuming glucose at a much higher rate. Option (B) is a more direct
description of the process itself. - (D) Excessive protein degradation: This is not related to
the Crabtree effect.
Step 3: Final Answer
The Crabtree effect leads to the production of ethanol through fermentation, despite the
presence of oxygen. This corresponds to option (B).
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� Quick Tip

The Crabtree effect is sometimes called ”aerobic fermentation.” This seemingly contra-
dictory term perfectly describes the phenomenon: fermentation (which normally occurs
anaerobically) happening in the presence of air (aerobic conditions), triggered by an ex-
cess of sugar.

132. The resolving power of a microscope is enhanced by:
(A) Increasing the wavelength of illumination
(B) Using shorter wavelength light and increasing the numerical aperture
(C) Decreasing the numerical aperture
(D) Using longer wavelength light

Correct Answer: (B) Using shorter wavelength light and increasing the numerical aperture

Solution:
Step 1: Understanding the Concept
This question asks how to improve the resolving power (or resolution) of a microscope.
Resolving power is the ability to distinguish two very close objects as separate entities.
Enhancing the resolving power means decreasing the minimum distance that can be resolved.
Step 2: Key Formula or Approach
The limit of resolution of a microscope is described by the Abbe equation:

d =
0.61λ

n sinα
=

0.61λ

NA

where: - d is the minimum resolvable distance (a smaller ’d’ means better resolution). - λ
(lambda) is the wavelength of the illumination source (light or electrons). - n is the refractive
index of the medium between the objective lens and the specimen. - α (alpha) is half the
opening angle of the objective lens. - NA = n sinα is the Numerical Aperture of the objective
lens.
To enhance the resolving power, we need to make ’d’ as small as possible. Looking at the
formula, we can achieve this by: 1. Decreasing the wavelength (λ). 2. Increasing the
numerical aperture (NA), which can be done by increasing either the refractive index n

(e.g., by using immersion oil) or the opening angle α.
Step 3: Detailed Explanation
Let’s analyze the options based on the Abbe equation: - (A) Increasing the wavelength of
illumination: This would increase λ, which increases ’d’, thus *worsening* the resolution. -
(B) Using shorter wavelength light and increasing the numerical aperture: Using shorter
wavelength light decreases λ, and increasing the numerical aperture (NA) further decreases
the value of ’d’. Both actions *enhance* the resolving power. This is correct. - (C) Decreasing
the numerical aperture: This would increase ’d’, thus *worsening* the resolution. - (D) Using
longer wavelength light: This is the same as option (A) and would *worsen* the resolution.
Step 4: Final Answer
The resolving power of a microscope is enhanced by using a shorter wavelength of illumination
and increasing the numerical aperture of the objective lens. This corresponds to option (B).
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� Quick Tip

For better resolution, you need a smaller ’d’. To get a small ’d’ from the formula d ∝
λ/NA, you need to make the numerator (λ) small and the denominator (NA) large.
This simple relationship is key to understanding the limits of microscopy.

133. Which of the following methods is used to transfer genes into plant cells?
(A) Lipofection
(B) Microinjection
(C) Ti plasmid transformation
(D) Conjugation

Correct Answer: (C) Ti plasmid transformation

Solution:
Step 1: Understanding the Concept
This question asks about methods for genetic transformation in plants, i.e., introducing
foreign genes into plant cells. While several methods exist, one is particularly well-known and
widely used for plants.
Step 2: Detailed Explanation
Let’s analyze the different techniques mentioned: - (A) Lipofection: This method uses
liposomes (small vesicles made of lipids) to encapsulate DNA and deliver it into cells by
fusing with the cell membrane. It is commonly used for animal cell transformation but is less
efficient for plant cells due to the presence of the cell wall.
- (B) Microinjection: This involves physically injecting DNA directly into the nucleus of a
single cell using a very fine glass needle. It is a precise but laborious technique, often used for
animal eggs and zygotes but less commonly for large-scale plant transformation.
- (C) Ti plasmid transformation: This is the most common and naturally-derived method
for creating transgenic plants. It utilizes the soil bacterium Agrobacterium tumefaciens .
This bacterium contains a plasmid called the Ti (Tumor-inducing) plasmid. In nature,
the bacterium infects wounded plants and transfers a segment of its Ti plasmid, called the
T-DNA, into the plant cell’s genome. Scientists have engineered this natural system by
removing the tumor-causing genes from the T-DNA and inserting the desired foreign gene.
When the modified Agrobacterium infects a plant cell, it transfers this engineered T-DNA,
thereby inserting the desired gene into the plant’s chromosome.
- (D) Conjugation: This is a natural process of genetic transfer between bacterial cells,
involving direct cell-to-cell contact through a pilus. It is a mechanism of horizontal gene
transfer in bacteria, not a laboratory technique for transforming plant cells.
Step 3: Final Answer
Ti plasmid-mediated transformation using Agrobacterium tumefaciens is the most prominent
and widely used technique for inserting genes into plant cells. This corresponds to option (C).
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� Quick Tip

When you see a question about plant genetic engineering, Agrobacterium tumefaciens
and its Ti plasmid should be the first thing that comes to mind. It’s often referred to
as ”nature’s genetic engineer” and is the workhorse of plant biotechnology.

134. A medium designed to inhibit unwanted bacteria while promoting the growth of desired
bacteria is known as:
(A) Differential medium
(B) Enrichment medium
(C) Selective medium
(D) Basal medium

Correct Answer: (C) Selective medium

Solution:
Step 1: Understanding the Concept
This question asks to identify the type of microbiological culture medium that is specifically
designed to suppress the growth of some microorganisms while allowing others to grow. This is
a fundamental concept in microbiology for isolating specific bacteria from a mixed population.
Step 2: Detailed Explanation
Let’s define the different types of culture media: - (A) Differential medium: This type of
medium contains specific ingredients (like indicators) that allow one to distinguish between
different types of bacteria growing on the same plate, usually based on a visible change (e.g.,
color). For example, MacConkey agar is differential for lactose fermenters (which turn pink)
and non-fermenters (which remain colorless). It does not necessarily inhibit growth.
- (B) Enrichment medium: This is a liquid medium that provides specific and essential
nutrients to favor the growth of a particular microorganism (which may be present in low
numbers in a sample) over other organisms. It increases the population of the desired microbe
but doesn’t necessarily inhibit others.
- (C) Selective medium: This medium contains one or more agents (like antibiotics, high
salt concentration, bile salts, or specific dyes) that inhibit the growth of unwanted
microorganisms and thereby select for the growth of the desired microorganisms. The
question’s description ”to inhibit unwanted bacteria while promoting the growth of desired
bacteria” is the exact definition of a selective medium. For example, Mannitol Salt Agar is
selective for staphylococci because its high salt concentration inhibits most other bacteria.
- (D) Basal medium: This is a simple medium that contains the minimum nutritional
requirements for the growth of non-fastidious bacteria (e.g., nutrient agar). It is not designed
to be selective or differential.
Step 3: Final Answer
A medium that inhibits unwanted microbes and promotes the growth of desired ones is called
a selective medium. This corresponds to option (C).
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� Quick Tip

Remember the key functions: - Selective media Selects for growth by inhibiting
others. - Differential media Differentiates between microbes using visible indica-
tors. - Enrichment media Enriches a specific microbe by providing favorable nu-
trients. Note that some media can be both selective and differential (e.g., MacConkey
agar is selective for Gram-negative bacteria and differential for lactose fermentation).

135. Which of the following is a characteristic of facultative anaerobes?
(A) They require oxygen at all times
(B) They grow better without oxygen
(C) They can use oxygen when present but also grow in its absence
(D) They die in the presence of oxygen

Correct Answer: (C) They can use oxygen when present but also grow in its absence

Solution:
Step 1: Understanding the Concept
This question asks for the defining characteristic of facultative anaerobes. This classification
relates to how an organism responds to the presence or absence of oxygen in its environment,
specifically in the context of its metabolism and growth.
Step 2: Detailed Explanation
Let’s define the different types of organisms based on their relationship with oxygen: -
Obligate Aerobes: Require oxygen for cellular respiration and cannot grow without it.
(e.g., Pseudomonas aeruginosa). - Obligate Anaerobes: Are poisoned by oxygen and
cannot survive in its presence. They use fermentation or anaerobic respiration. (e.g.,
Clostridium botulinum). - Facultative Anaerobes: These are the most versatile. They can
switch between different metabolic pathways depending on the availability of oxygen. - If
oxygen is present, they use aerobic respiration because it yields the most ATP (energy). - If
oxygen is absent, they switch to anaerobic respiration or fermentation to produce ATP.
Therefore, they can grow with or without oxygen, but typically grow better with oxygen due
to the higher energy yield of respiration. (e.g., E. coli, Saccharomyces cerevisiae). -
Aerotolerant Anaerobes: They do not use oxygen for growth but are not harmed by its
presence. They use fermentation exclusively, regardless of whether oxygen is present.
Now, let’s evaluate the options based on the definition of a facultative anaerobe: - (A) They
require oxygen at all times: This describes an obligate aerobe. - (B) They grow better
without oxygen: This is generally untrue. They grow *better with* oxygen because
respiration is more efficient. - (C) They can use oxygen when present but also grow in its
absence: This is the correct definition of a facultative anaerobe. They have the ”faculty” or
ability to live under both conditions. - (D) They die in the presence of oxygen: This describes
an obligate anaerobe.
Step 3: Final Answer
A facultative anaerobe is an organism that can grow in both the presence and absence of
oxygen. This corresponds to option (C).
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� Quick Tip

The word ”facultative” in biology means the ability to live under more than one spe-
cific set of environmental conditions. So, a ”facultative anaerobe” is an organism that
is not an obligate anaerobe but has the *option* or *ability* to live anaerobically.

136. The enzyme responsible for peptide bond formation during translation is:
(A) Peptidyl transferase
(B) Peptide polymerase
(C) Peptidyl synthetase
(D) Aminoacyl tRNA synthetase

Correct Answer: (A) Peptidyl transferase

Solution:
Step 1: Understanding the Concept
This question asks to identify the enzyme or enzymatic activity that catalyzes the formation
of peptide bonds during protein synthesis (translation). Translation is the process where the
genetic information on an mRNA molecule is used to build a polypeptide chain.
Step 2: Detailed Explanation
1. Process of Translation: Translation occurs on ribosomes. The ribosome moves along the
mRNA molecule, reading codons. Transfer RNA (tRNA) molecules, each carrying a specific
amino acid, bind to the codons.
2. Peptide Bond Formation: The core reaction of protein synthesis is the formation of a
peptide bond. This occurs in the ribosome’s peptidyl transferase center, located in the large
ribosomal subunit. The reaction involves the transfer of the growing polypeptide chain from
the tRNA in the P-site (Peptidyl site) to the amino acid attached to the tRNA in the A-site
(Aminoacyl site). This forms a new peptide bond and elongates the polypeptide chain by one
amino acid.
3. Peptidyl Transferase: The enzymatic activity that catalyzes this reaction is called
peptidyl transferase. It is now known that this is a ribozyme, meaning the catalytic
activity is carried out by the ribosomal RNA (rRNA) of the large subunit, not a protein
enzyme. However, the functional name for this catalytic center and activity remains peptidyl
transferase.
4. Analyzing other options: - (B) Peptide polymerase: This term is not used.
”Polymerase” refers to enzymes that synthesize nucleic acids (DNA or RNA). - (C) Peptidyl
synthetase: This is not the standard term. While it describes the function, ”transferase” is
the correct name as it involves the transfer of a peptidyl group. - (D) Aminoacyl tRNA
synthetase: This is a crucial enzyme in translation, but it has a different role. Its job is to
”charge” the tRNA molecules by attaching the correct amino acid to its corresponding tRNA.
This happens in the cytoplasm *before* the tRNA enters the ribosome. It does not form the
peptide bonds between amino acids.
Step 3: Final Answer
The enzymatic activity responsible for forming peptide bonds during translation is called
peptidyl transferase. This corresponds to option (A).
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� Quick Tip

Remember the key roles in translation: - Aminoacyl-tRNA Synthetase: Attaches
the right amino acid to the right tRNA (”charges” the tRNA). - Ribosome (Peptidyl
Transferase center): Forms the peptide bond between amino acids to build the pro-
tein chain.

137. The recommended aspect ratio for Air Lift Bioreactor (ALB) is
(A) 10 – 15
(B) 16 – 20
(C) 0 – 1
(D) 6 – 7

Correct Answer: (D) 6 – 7

Solution:
Step 1: Understanding the Concept
This question asks for the recommended aspect ratio for an Air Lift Bioreactor (ALB). The
aspect ratio of a bioreactor is a key design parameter that affects its performance, particularly
mixing and mass transfer.
Step 2: Detailed Explanation
1. Aspect Ratio Definition: The aspect ratio of a cylindrical bioreactor is defined as the
ratio of its height (H) to its diameter (D).

Aspect Ratio =
H

D

2. Air Lift Bioreactor (ALB) Design: An ALB is a type of pneumatically agitated
bioreactor, meaning it uses gas injection for mixing instead of a mechanical impeller. It
typically consists of a tall column which is internally divided into two sections by a baffle or a
draft tube: a ”riser” and a ”downcomer”. Gas (usually air) is sparged into the riser section.
The gas bubbles lower the density of the fluid in the riser, causing it to move upwards. As the
gas disengages at the top, the denser, degassed fluid circulates downwards through the
downcomer, creating a continuous liquid circulation loop.
3. Importance of High Aspect Ratio: This circulation mechanism works most effectively
in tall, slender vessels. A high aspect ratio: - Provides a long contact time between the gas
bubbles and the liquid in the riser, which enhances oxygen transfer. - Creates a significant
density difference between the riser and downcomer, which provides a strong driving force for
liquid circulation and mixing. - For these reasons, ALBs are typically designed with a
significantly higher aspect ratio compared to conventional Stirred Tank Bioreactors (which
usually have an aspect ratio of 1-3).
4. Recommended Value: While the optimal aspect ratio can vary depending on the
specific application, a common range recommended in bioprocess engineering literature for
Air Lift Bioreactors is typically between 5 and 10. - Let’s analyze the options: - (A) 10 – 15:
This range is also possible for some designs, but often considered on the higher end. - (B) 16
– 20: This is a very high aspect ratio, more typical of bubble columns than ALBs. - (C) 0 – 1:
This would be a short, wide vessel, which is completely unsuitable for an ALB. - (D) 6 – 7:
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This range falls squarely within the commonly cited optimal range for ALBs, representing a
good balance between mass transfer and circulation. Given the options, this is the most
reasonable and standard recommendation.
Step 3: Final Answer
The recommended aspect ratio for an Air Lift Bioreactor is typically in the range of 5-10. The
option 6 – 7 fits this description well. This corresponds to option (D).

� Quick Tip

Remember the visual shape of different reactors. - Stirred Tank Reactor: Looks like
a standard pot, relatively wide (Low aspect ratio, 1-3). - Air Lift / Bubble Column
Reactor: Looks like a tall cylinder or column (High aspect ratio, ¿5). This shape is
essential for their function, which relies on the vertical movement of gas bubbles.

138. The unit of influent flow rate in wastewater treatment is:
(A) m2/d
(B) m3/d
(C) m/s
(D) L/h

Correct Answer: (B) m3/d

Solution:
Step 1: Understanding the Concept
This question asks for a standard unit for ”influent flow rate” in the context of wastewater
treatment. Flow rate is a measure of the volume of fluid that passes a certain point per unit
of time.
Step 2: Detailed Explanation
1. Influent Flow Rate: In wastewater treatment, the ”influent” is the raw wastewater
flowing *into* the treatment plant. The flow rate is a critical design and operational
parameter, as it determines the loading on each treatment unit.
2. Units of Flow Rate: Flow rate is fundamentally a measure of Volume / Time. - Volume
can be measured in liters (L), cubic meters (m3), gallons, etc. - Time can be measured in
seconds (s), minutes (min), hours (h), or days (d).
3. Analyzing the Options: - (A) m2/d: This is Area / Time. This unit might be used for
something like flux, but not volumetric flow rate. - (B) m3/d: This is Volume (cubic meters)
/ Time (day). Wastewater treatment plants are large-scale civil engineering facilities that
process very large volumes of water. Therefore, it is conventional to measure these large
volumes in cubic meters and to average the flow over a 24-hour period (a day). So, m3/d is a
very common and standard unit for influent flow rate. - (C) m/s: This is Length / Time,
which is a unit of velocity or speed, not volumetric flow rate. - (D) L/h: This is Volume
(liters) / Time (hour). This is also a valid unit for flow rate and might be used for smaller
scale systems or laboratory setups. However, for the overall influent of a municipal
wastewater plant, m3/d is the more conventional and appropriate scale.
4. Conclusion: Both (B) and (D) are technically correct units of flow rate. However, in the
specific context of large-scale wastewater treatment, cubic meters per day (m3/d) or millions

159



of gallons per day (MGD) are the standard industry units. Therefore, m3/d is the best answer.
Step 3: Final Answer
A standard unit for influent flow rate in large-scale wastewater treatment is cubic meters per
day (m3/d). This corresponds to option (B).

� Quick Tip

When choosing units, consider the scale of the process. For large-scale industrial or
civil engineering processes like wastewater treatment, units are chosen to give manage-
able numbers. Since plants treat thousands or millions of liters per hour, aggregating
the volume to cubic meters (1m3 = 1000L) and the time to days makes the numbers
easier to work with.

139. A major advantage of immobilized enzymes is:
(A) Their inability to be reused
(B) Decreased stability
(C) Greater resistance to denaturation
(D) Increased reaction rates

Correct Answer: (C) Greater resistance to denaturation

Solution:
Step 1: Understanding the Concept
This question asks for a major advantage of enzyme immobilization. Enzyme immobilization
involves confining enzyme molecules to a solid support, preventing them from dissolving in
the reaction medium. This technique is widely used in industrial biotechnology to improve
the feasibility and economics of enzymatic processes.
Step 2: Detailed Explanation
Let’s analyze the properties of immobilized enzymes compared to free (soluble) enzymes. 1.
Reusability: Free enzymes are difficult to separate from the product, making reuse
impractical. Immobilized enzymes, being attached to a solid matrix, can be easily filtered or
separated from the reaction mixture and used again. This is a major advantage. Option (A)
states the opposite, so it is incorrect.
2. Stability: Immobilization often enhances the stability of enzymes. The rigid support
restricts the enzyme’s conformational flexibility, making it less susceptible to unfolding
(denaturation) caused by harsh conditions like high temperatures, extreme pH, or organic
solvents. Therefore, immobilized enzymes typically show greater resistance to
denaturation and have a longer operational life. Option (B) states the opposite, so it is
incorrect.
3. Reaction Rates: The intrinsic reaction rate of the enzyme molecule itself is not
necessarily increased by immobilization. In fact, the overall observed reaction rate might be
slightly lower than that of the free enzyme due to mass transfer limitations (the substrate has
to diffuse to the immobilized enzyme). Therefore, option (D) is generally incorrect.
4. Conclusion: Based on the analysis, a key advantage is the enhanced stability.
Immobilized enzymes are more robust and resistant to denaturation.
Step 3: Final Answer
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A major advantage of immobilized enzymes is their greater resistance to denaturation, which
contributes to their overall stability and extended lifespan in industrial processes. This
corresponds to option (C).

� Quick Tip

The two most cited advantages of enzyme immobilization are: 1) ease of separation
and reusability, and 2) enhanced stability (thermal, pH, etc.). Since ”inability to be
reused” is incorrect, the stability advantage is the correct choice here.

140. Which phase of bacterial growth is associated with the production of secondary
metabolites?
(A) Lag phase
(B) Log phase
(C) Stationary phase
(D) Death phase

Correct Answer: (C) Stationary phase

Solution:
Step 1: Understanding the Concept
This question relates microbial metabolism to the different phases of a typical bacterial
growth curve. Microbial metabolites are classified as primary or secondary based on their role
and timing of production during the growth cycle.
Step 2: Detailed Explanation
1. Bacterial Growth Curve: In a batch culture, bacteria typically exhibit four distinct
growth phases: - Lag Phase: Cells are adapting to the new environment, synthesizing
enzymes, and preparing for division. There is little to no increase in cell number. - Log
(Exponential) Phase: Cells are actively dividing at their maximum rate. The population
grows exponentially. - Stationary Phase: Growth slows down and eventually stops as
essential nutrients become depleted and/or toxic waste products accumulate. The rate of cell
division equals the rate of cell death, so the viable cell count remains constant. - Death
Phase: The death rate exceeds the division rate, leading to a decline in the number of viable
cells.
2. Types of Metabolites: - Primary Metabolites: These are compounds that are
essential for the growth of the microorganism. They are produced during the active growth
phase (the log phase). Examples include amino acids, nucleotides, ethanol (in primary
fermentation), and enzymes required for central metabolism. - Secondary Metabolites:
These are compounds that are not directly involved in the growth, development, or
reproduction of the organism. Their production is often triggered by nutrient limitation or
other environmental stress, which typically occurs at the end of the log phase and during the
stationary phase. These metabolites often have ecological roles, such as defense
(antibiotics) or signaling. Examples include most antibiotics (like penicillin), pigments,
toxins, and alkaloids.
Step 3: Final Answer
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The production of secondary metabolites, such as antibiotics, is typically associated with the
stationary phase of bacterial growth, when the cells are under nutrient stress and growth has
ceased. This corresponds to option (C).

� Quick Tip

A simple way to remember the timing: - Primary metabolites are for Primary
functions (growth), so they are made during the growth (log) phase. - Secondary
metabolites are for Secondary functions (survival, defense), so they are made when
growth stops (stationary phase).

141. The process by which genetic information is copied from DNA to RNA is called:
(A) Replication
(B) Transcription
(C) Translation
(D) Reverse transcription

Correct Answer: (B) Transcription

Solution:
Step 1: Understanding the Concept
This question asks for the name of the process that synthesizes RNA using a DNA template.
This is a fundamental step in the central dogma of molecular biology, which describes the flow
of genetic information in a biological system.
Step 2: Detailed Explanation
Let’s define the key processes of the central dogma: - (A) Replication: This is the process
of making an identical copy of a DNA molecule. DNA polymerase is the key enzyme. The
flow of information is DNA → DNA.
- (B) Transcription: This is the process where the genetic information stored in a segment
of DNA (a gene) is copied into a complementary messenger RNA (mRNA) molecule. The key
enzyme is RNA polymerase. The flow of information is DNA → RNA. The name comes from
”transcribing” or rewriting the information in a different ”script” (from the language of
deoxyribonucleotides to ribonucleotides).
- (C) Translation: This is the process where the genetic information encoded in the mRNA
molecule is used to synthesize a protein (a polypeptide chain). This process is carried out by
ribosomes. The flow of information is RNA → Protein. The name comes from ”translating”
the information from the language of nucleotides into the language of amino acids.
- (D) Reverse transcription: This is a special process, primarily found in retroviruses (like
HIV), where genetic information flows in the reverse direction of normal transcription. An
RNA template is used to synthesize a complementary DNA (cDNA) molecule. The key
enzyme is reverse transcriptase. The flow of information is RNA → DNA.
Step 3: Final Answer
The process of copying genetic information from a DNA template to an RNA molecule is
called transcription. This corresponds to option (B).
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� Quick Tip

To remember the central dogma flow: - Replication: DNA makes more DNA. -
Transcription: DNA is transcribed into RNA. - Translation: RNA is translated
into Protein. The word ”script” in transcription helps to remember it’s still in the nu-
cleic acid language (DNA to RNA). The word ”translate” implies changing languages
(nucleic acid to amino acid).

142. The enzyme responsible for the synthesis of mRNA is:
(A) DNA polymerase
(B) RNA polymerase
(C) Ligase
(D) Primase

Correct Answer: (B) RNA polymerase

Solution:
Step 1: Understanding the Concept
This question asks for the specific enzyme that carries out the synthesis of messenger RNA
(mRNA). This process is known as transcription. The name of the enzyme often reflects the
process it catalyzes.
Step 2: Detailed Explanation
Let’s analyze the function of each enzyme: - (A) DNA polymerase: This enzyme
synthesizes DNA molecules from deoxyribonucleotides. Its primary role is in DNA replication
(DNA → DNA).
- (B) RNA polymerase: This enzyme synthesizes RNA molecules from ribonucleotides,
using a DNA template. This process is called transcription (DNA → RNA). Specifically, in
eukaryotes, RNA polymerase II is responsible for synthesizing mRNA. In prokaryotes, a single
RNA polymerase synthesizes all types of RNA, including mRNA.
- (C) Ligase: DNA ligase is an enzyme that joins DNA fragments by forming a
phosphodiester bond. It is essential in DNA replication (joining Okazaki fragments) and DNA
repair.
- (D) Primase: Primase is a specific type of RNA polymerase that synthesizes short RNA
primers required for DNA polymerase to initiate DNA synthesis during replication. While it
synthesizes RNA, its product is a short primer, not a full-length mRNA molecule for protein
synthesis.
Step 3: Final Answer
The enzyme that synthesizes mRNA during the process of transcription is RNA polymerase.
This corresponds to option (B).

� Quick Tip

The names of polymerases are very descriptive: - DNA Polymerase makes a polymer
of DNA. - RNA Polymerase makes a polymer of RNA. Since mRNA is a type of
RNA, it is synthesized by RNA polymerase.
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143. Which of the following is NOT a function of ribosomes?
(A) Protein synthesis
(B) mRNA binding
(C) DNA replication
(D) Polypeptide chain elongation

Correct Answer: (C) DNA replication

Solution:
Step 1: Understanding the Concept
This question asks to identify which of the listed cellular processes is not a function of the
ribosome. Ribosomes are complex molecular machines found in all living cells that serve as
the site of protein synthesis.
Step 2: Detailed Explanation
Let’s examine the functions associated with ribosomes during the process of translation
(protein synthesis): - (A) Protein synthesis: This is the overall, primary function of the
ribosome. It reads the genetic code on an mRNA molecule and synthesizes a corresponding
polypeptide chain (protein). So, this is a function.
- (B) mRNA binding: The process of translation begins when the small ribosomal subunit
binds to the mRNA molecule (at the ribosome-binding site in prokaryotes or the 5’ cap in
eukaryotes). The ribosome then moves along the mRNA to read the codons. So, mRNA
binding is a crucial function.
- (D) Polypeptide chain elongation: This is the core activity of the ribosome during
translation. The ribosome catalyzes the formation of peptide bonds between incoming amino
acids, progressively elongating the polypeptide chain. This is a central function.
- (C) DNA replication: This is the process of copying the cell’s DNA genome. This process
takes place in the nucleus (in eukaryotes) or nucleoid region (in prokaryotes) and is carried
out by a complex of enzymes including DNA polymerase, helicase, and ligase. Ribosomes are
not involved in DNA replication in any way; their sole purpose is protein synthesis.
Step 3: Final Answer
DNA replication is not a function of ribosomes. This process is handled by a different set of
enzymes in a different cellular location. This corresponds to option (C).

� Quick Tip

Remember the location and main job of key cellular machinery: - DNA Replication
happens in the Nucleus (or nucleoid) using DNA Polymerase. - Transcription
happens in the Nucleus (or nucleoid) using RNA Polymerase. - Translation hap-
pens in the Cytoplasm on Ribosomes.

144. The major difference between prokaryotic and eukaryotic mRNA is:
(A) Prokaryotic mRNA undergoes splicing
(B) Eukaryotic mRNA has a 5’ cap and poly-A tail
(C) Prokaryotic mRNA contains introns
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(D) Eukaryotic mRNA lacks a ribosome binding site

Correct Answer: (B) Eukaryotic mRNA has a 5’ cap and poly-A tail

Solution:
Step 1: Understanding the Concept
This question asks for a key difference between messenger RNA (mRNA) in prokaryotes (like
bacteria) and eukaryotes (like plants and animals). This relates to the process of transcription
and post-transcriptional modification.
Step 2: Detailed Explanation
Let’s compare the life cycle of mRNA in prokaryotes and eukaryotes. - Prokaryotic mRNA:
- Transcription and translation are coupled: as the mRNA is being transcribed from the
DNA, ribosomes can immediately attach and begin translation. - The mRNA molecule is
generally used without modification. It is often polycistronic, meaning a single mRNA can
code for multiple proteins. - It contains a specific ribosome-binding site (the Shine-Dalgarno
sequence) upstream of the start codon. - It does not contain introns, so splicing is not
required. - It does not have a 5’ cap or a poly-A tail and has a very short half-life.
- Eukaryotic mRNA: - Transcription occurs in the nucleus, while translation occurs in the
cytoplasm. The two processes are spatially and temporally separated. - The initial transcript,
called pre-mRNA, undergoes extensive processing in the nucleus before it is exported to the
cytoplasm. These modifications include: 1. 5’ Capping: A modified guanine nucleotide
(7-methylguanosine) is added to the 5’ end. This ’cap’ is important for mRNA stability,
export from the nucleus, and recognition by the ribosome. 2. 3’ Polyadenylation: A long
chain of adenine nucleotides (the poly-A tail) is added to the 3’ end. This tail also aids in
stability and export. 3. Splicing: Eukaryotic genes contain non-coding regions called
introns interspersed between coding regions called exons. Splicing is the process of removing
the introns and joining the exons together to form the mature, translatable mRNA.
Now let’s evaluate the options: - (A) Prokaryotic mRNA undergoes splicing: Incorrect.
Prokaryotic genes do not have introns, so splicing is not necessary. - (B) Eukaryotic mRNA
has a 5’ cap and poly-A tail: Correct. These are the hallmark post-transcriptional
modifications of eukaryotic mRNA. - (C) Prokaryotic mRNA contains introns: Incorrect.
Introns are a feature of eukaryotic genes. - (D) Eukaryotic mRNA lacks a ribosome binding
site: Incorrect. Eukaryotic ribosomes recognize and bind to the mRNA, typically at the 5’
cap, and then scan for the first start codon. This cap serves as the initial binding site.
Step 3: Final Answer
The presence of a 5’ cap and a poly-A tail are major distinguishing features of eukaryotic
mRNA compared to prokaryotic mRNA. This corresponds to option (B).

� Quick Tip

Think of eukaryotic mRNA processing like ”publishing a book.” The initial draft (pre-
mRNA) is edited (splicing), a cover is put on (5’ cap), and an index/end pages are
added (poly-A tail) before it can leave the library (nucleus) to be read by the public
(ribosomes). Prokaryotic mRNA is more like a quick memo, used immediately as it’s
written.

165



145. Which of the following statements about plasmids is TRUE?
(A) They are always linear DNA molecules
(B) They are found only in eukaryotic cells
(C) They replicate independently of chromosomal DNA
(D) They cannot be transferred between bacteria

Correct Answer: (C) They replicate independently of chromosomal DNA

Solution:
Step 1: Understanding the Concept
This question asks to identify a true statement about plasmids. Plasmids are important
elements in microbiology and molecular genetics.
Step 2: Detailed Explanation
Let’s analyze the properties of plasmids and evaluate each statement: 1. What are
Plasmids? Plasmids are small, extrachromosomal DNA molecules that are physically
separate from the main chromosomal DNA. They are most commonly found in bacteria, but
also exist in archaea and some eukaryotes (like yeast).
2. Statement Analysis: - (A) They are always linear DNA molecules: Incorrect. The vast
majority of bacterial plasmids are circular double-stranded DNA molecules. While some
linear plasmids do exist, it is not the typical or universal form. - (B) They are found only in
eukaryotic cells: Incorrect. Plasmids are most famously and abundantly found in
prokaryotic cells (bacteria). While some simple eukaryotes like yeast have plasmids, their
primary domain is the prokaryotic world. - (C) They replicate independently of chromosomal
DNA: Correct. This is a defining feature of plasmids. They contain their own origin of
replication (ori), which allows them to be replicated by the host cell’s DNA replication
machinery, independently of when the main chromosome is replicated. This allows them to be
maintained in the bacterial population, sometimes at high copy numbers. - (D) They cannot
be transferred between bacteria: Incorrect. Many plasmids, particularly conjugative plasmids
(containing an F-factor), are specifically adapted for horizontal gene transfer. They can be
transferred from one bacterium to another through a process called conjugation. This is a
major mechanism for the spread of traits like antibiotic resistance.
Step 3: Final Answer
The true statement about plasmids is that they contain their own origin of replication and
therefore replicate independently of the host’s chromosomal DNA. This corresponds to option
(C).

� Quick Tip

Think of plasmids as small, mobile genetic ”apps” for bacteria. They are separate from
the main ”operating system” (the chromosome), can copy themselves independently,
and can be shared between bacteria, often carrying useful but non-essential genes like
those for antibiotic resistance.

146. The function of restriction enzymes in bacteria is to:
(A) Synthesize DNA
(B) Degrade foreign DNA
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(C) Synthesize RNA
(D) Repair mutations

Correct Answer: (B) Degrade foreign DNA

Solution:
Step 1: Understanding the Concept
This question asks for the natural biological function of restriction enzymes (also known as
restriction endonucleases) within the bacterial cells that produce them.
Step 2: Detailed Explanation
1. What are Restriction Enzymes? Restriction enzymes are proteins that recognize
specific, short nucleotide sequences in DNA and cut the DNA at or near these sites.
2. Biological Role - A Defense Mechanism: The primary role of restriction enzymes in
bacteria is to serve as a defense mechanism against invading foreign DNA, particularly from
bacteriophages (viruses that infect bacteria). This system is called the
restriction-modification system.
3. How it Works: - When a bacteriophage injects its DNA into a bacterium, the
bacterium’s restriction enzymes scan this foreign DNA. - If the enzymes find their specific
recognition sites, they cut, or ”restrict,” the phage DNA into smaller, non-functional
fragments. - This degradation of the foreign DNA prevents the virus from replicating and
destroying the bacterial cell.
4. Protecting the Host DNA: A critical part of this system is the ”modification”
component. The bacterium protects its own DNA from being cut by its own restriction
enzymes. It does this by using another enzyme, a methylase, to add a methyl group to a base
(usually adenine or cytosine) within the same recognition sequence on its own chromosome.
This methylation blocks the restriction enzyme from binding and cutting the host DNA.
Foreign DNA is typically unmethylated and is therefore a target.
5. Analyzing other options: - (A) Synthesize DNA: This is the function of DNA
polymerase. - (C) Synthesize RNA: This is the function of RNA polymerase. - (D) Repair
mutations: This is carried out by a complex set of DNA repair enzymes (e.g., nucleases,
polymerases, ligases). While restriction enzymes cut DNA, their natural role is not in general
mutation repair.
Step 3: Final Answer
The natural function of restriction enzymes in bacteria is to act as a defense system by
recognizing and degrading foreign DNA. This corresponds to option (B).

� Quick Tip

Think of restriction enzymes as the ”immune system” of a bacterium. They patrol the
cell for foreign DNA (like from a virus) and chop it up to neutralize the threat. They
are a fundamental tool in molecular cloning because scientists have harnessed this ”cut-
ting” ability for genetic engineering.

147. Which method is commonly used to insert foreign DNA into animal cells?
(A) Ti plasmid transformation
(B) Electroporation
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(C) Heat shock
(D) Conjugation

Correct Answer: (B) Electroporation

Solution:
Step 1: Understanding the Concept
This question asks for a common method used for transfection, which is the process of
deliberately introducing nucleic acids (like foreign DNA) into animal cells.
Step 2: Detailed Explanation
Let’s analyze the suitability of each method for animal cells: - (A) Ti plasmid
transformation: This method relies on the bacterium *Agrobacterium tumefaciens* and its
Ti plasmid. This system is naturally evolved to transfer DNA specifically to plant cells. It is
not used for animal cells.
- (B) Electroporation: This is a widely used physical method for transforming many types
of cells, including bacteria, yeast, plant, and animal cells. The method involves applying a
brief, high-voltage electrical pulse to the cells. This pulse creates transient pores in the cell
membrane (the plasma membrane), through which DNA molecules from the surrounding
medium can enter the cell. It is a very common and effective technique for introducing DNA
into cultured animal cells.
- (C) Heat shock: This method is most commonly used for the transformation of bacteria,
particularly *E. coli*. It involves treating the bacterial cells with calcium chloride (to make
them ”competent” or able to take up DNA) and then subjecting them to a brief increase in
temperature (a heat shock, e.g., at 42◦C). This process facilitates the uptake of plasmid DNA.
It is not the standard method for animal cells.
- (D) Conjugation: This is a natural mechanism of horizontal gene transfer between
bacteria. It is not a laboratory technique used to introduce foreign DNA into animal cells.
Step 3: Final Answer
Among the given options, electroporation is a common and effective method used to insert
foreign DNA into animal cells. Other common methods for animal cells not listed here include
lipofection (lipid-mediated transfection) and viral transduction. This corresponds to option
(B).

� Quick Tip

Match the transformation method to the target organism: - Bacteria: Heat shock,
Electroporation. - Plants: Ti plasmid (*Agrobacterium*), Gene gun, Electroporation
(of protoplasts). - Animal Cells: Electroporation, Lipofection, Microinjection, Viral
vectors.

148. Which of the following is NOT a component of PCR?
(A) Primers
(B) DNA polymerase
(C) Ribosomes
(D) Nucleotides
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Correct Answer: (C) Ribosomes

Solution:
Step 1: Understanding the Concept
This question asks to identify which item from the list is not a necessary component for
carrying out a Polymerase Chain Reaction (PCR). PCR is a technique to amplify a specific
segment of DNA in vitro (in a test tube).
Step 2: Detailed Explanation
Let’s list the essential components required for a standard PCR reaction: 1. DNA
Template: The original DNA molecule containing the target sequence to be amplified. 2.
Primers: Two short, single-stranded DNA sequences that are complementary to the ends of
the target sequence. They provide the starting point for the DNA polymerase. So, (A) is a
component. 3. DNA Polymerase: A thermostable enzyme (like Taq polymerase) that
synthesizes the new DNA strands by adding nucleotides to the primers. So, (B) is a
component. 4. Nucleotides (dNTPs): The building blocks for the new DNA strands. This
includes deoxyadenosine triphosphate (dATP), deoxyguanosine triphosphate (dGTP),
deoxycytidine triphosphate (dCTP), and deoxythymidine triphosphate (dTTP). So, (D) is a
component. 5. Buffer Solution: Provides a stable chemical environment (correct pH, salt
concentration, and cofactors like Mg2+) for the DNA polymerase to function optimally. 6.
Thermocycler: The machine that precisely controls the temperature to cycle through the
denaturation, annealing, and extension steps.
Now let’s analyze the options: - (A) Primers: Essential. - (B) DNA polymerase: Essential. -
(C) Ribosomes: Ribosomes are the cellular machinery for protein synthesis (translation).
They read mRNA and build proteins. They have no role in PCR, which is a process of DNA
synthesis (replication). - (D) Nucleotides: Essential building blocks.
Step 3: Final Answer
Ribosomes are involved in translation, not DNA amplification by PCR, and are therefore not
a component of a PCR reaction. This corresponds to option (C).

� Quick Tip

PCR is essentially DNA replication in a test tube. Think about what you need to
replicate DNA: a template to copy, a starting point (primers), a builder (DNA poly-
merase), and building blocks (nucleotides). Anything related to RNA or protein syn-
thesis, like ribosomes, is not part of this core process.

149. Which of the following is a major application of Southern blotting?
(A) DNA sequencing
(B) Protein identification
(C) DNA fingerprinting
(D) RNA expression analysis

Correct Answer: (C) DNA fingerprinting

Solution:
Step 1: Understanding the Concept
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This question asks for a major application of Southern blotting. Southern blotting is a
molecular biology technique used to detect a specific DNA sequence in a large, complex
sample of DNA.
Step 2: Detailed Explanation
1. The Southern Blot Process: - A sample of DNA is digested with restriction enzymes to
cut it into fragments. - These fragments are separated by size using gel electrophoresis. - The
separated, double-stranded DNA fragments in the gel are denatured (made single-stranded). -
The single-stranded DNA fragments are transferred from the gel onto a solid membrane (e.g.,
nitrocellulose). This transfer process is the ”blotting” step. - The membrane is then
incubated with a labeled probe—a short, single-stranded piece of DNA or RNA whose
sequence is complementary to the target DNA sequence. - The probe hybridizes (binds) only
to its complementary sequence on the membrane. - The location of the probe is then detected
(e.g., by autoradiography if the probe is radioactive), revealing the presence and size of the
specific target DNA fragment.
2. Applications and DNA Fingerprinting: - A major application of Southern blotting is
DNA fingerprinting (also known as DNA profiling). This technique is used in forensics and
paternity testing. It relies on detecting variations in the length of specific, highly variable
DNA regions called Variable Number Tandem Repeats (VNTRs). - By using a probe that is
specific to a VNTR locus, a Southern blot can reveal the pattern of fragment lengths for that
locus in an individual’s DNA. This pattern is unique to each individual (except identical
twins) and serves as a ”fingerprint.”
3. Analyzing other options: - (A) DNA sequencing: This is the process of determining the
exact nucleotide sequence of a DNA fragment. Techniques like Sanger sequencing or
next-generation sequencing are used for this, not Southern blotting. - (B) Protein
identification: The technique for detecting specific proteins is called a Western blot. - (D)
RNA expression analysis: The technique for detecting and quantifying specific RNA
molecules is called a Northern blot.
Step 3: Final Answer
A major application of Southern blotting is in DNA fingerprinting to identify individuals
based on their unique DNA fragment patterns. This corresponds to option (C).

� Quick Tip

A useful mnemonic to remember the different types of blotting is SNoW DRoP: -
Southern -¿ DNA - Northern -¿ RNA - Western -¿ Protein This helps to quickly asso-
ciate the type of blot with the molecule it detects.

150. The enzyme responsible for linking Okazaki fragments is:
(A) DNA ligase
(B) DNA polymerase
(C) Helicase
(D) Gyrase

Correct Answer: (A) DNA ligase

Solution:
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Step 1: Understanding the Concept
This question asks for the enzyme that joins Okazaki fragments during DNA replication. This
relates to the mechanism of replication on the lagging strand.
Step 2: Detailed Explanation
1. DNA Replication and the Lagging Strand: DNA polymerase can only synthesize
DNA in the 5’ to 3’ direction. During replication, the two template strands are antiparallel. -
The leading strand is synthesized continuously in the same direction as the replication fork
is moving. - The lagging strand is synthesized discontinuously in the opposite direction. It
is synthesized in a series of short pieces called Okazaki fragments.
2. Processing Okazaki Fragments: Each Okazaki fragment starts with an RNA primer. A
DNA polymerase synthesizes the DNA part of the fragment. Then, another enzyme (often a
different DNA polymerase with exonuclease activity) removes the RNA primer from the
previous fragment and replaces it with DNA.
3. The Final Step - Ligation: After the RNA primers are replaced with DNA, there is still
a small gap or ”nick” in the sugar-phosphate backbone between the adjacent Okazaki
fragments. This nick needs to be sealed.
4. Role of DNA Ligase: DNA ligase is the enzyme that catalyzes the formation of a
phosphodiester bond to join the backbone of the DNA fragments. It essentially acts as a
”molecular glue” to link the Okazaki fragments into a continuous, intact DNA strand.
5. Analyzing other options: - (B) DNA polymerase: Synthesizes the DNA of the Okazaki
fragments and replaces the RNA primers, but it cannot form the final phosphodiester bond to
join two completed fragments. - (C) Helicase: Unwinds the parent DNA double helix. - (D)
Gyrase: A type of topoisomerase found in bacteria that relieves torsional strain during
replication.
Step 3: Final Answer
The enzyme that links Okazaki fragments by forming the final phosphodiester bond is DNA
ligase. This corresponds to option (A).

� Quick Tip

The word ”ligase” comes from the Latin verb *ligare*, meaning ”to bind or tie to-
gether.” This is a direct clue to its function: DNA ligase ”ligates” or ties together frag-
ments of DNA.

151. In plant tissue culture, which of the following is used to induce root formation?
(A) Cytokinin
(B) Gibberellin
(C) Auxin
(D) Abscisic acid

Correct Answer: (C) Auxin

Solution:
Step 1: Understanding the Concept
This question is about plant tissue culture, a technique for growing plant cells, tissues, or
organs in an artificial nutrient medium. A key aspect of this technique is the use of plant
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hormones (phytohormones) to control the growth and development of the cultured tissues.
We need to identify the hormone responsible for inducing root formation (rhizogenesis).
Step 2: Detailed Explanation
In plant tissue culture, the differentiation of the undifferentiated mass of cells (callus) into
specific organs like roots and shoots is controlled primarily by the ratio of two classes of plant
hormones: auxins and cytokinins. - (C) Auxin: Auxins are a class of hormones that play a
major role in promoting cell elongation and growth. Crucially, in tissue culture, a high ratio
of auxin to cytokinin promotes the formation of roots. Natural auxins like
Indole-3-acetic acid (IAA) and synthetic auxins like Indole-3-butyric acid (IBA) and
Naphthaleneacetic acid (NAA) are commonly used for this purpose.
- (A) Cytokinin: Cytokinins primarily promote cell division and shoot formation. A high
ratio of cytokinin to auxin induces the formation of shoots. When the ratio is
intermediate, the cells typically continue to proliferate as an undifferentiated callus.
- (B) Gibberellin: Gibberellins are involved in various processes like stem elongation,
germination, and flowering. They are not the primary hormones used to induce root or shoot
formation from callus.
- (D) Abscisic acid (ABA): ABA is generally known as a stress hormone and is involved in
processes like dormancy and the closure of stomata. It typically acts as a growth inhibitor
and is not used to induce root formation.
Step 3: Final Answer
Auxins are the class of plant hormones used in tissue culture to induce the formation of roots
from a callus. This corresponds to option (C).

� Quick Tip

A simple way to remember the roles of auxin and cytokinin in tissue culture is the
”Root-Shoot Ratio” rule: - High Auxin / Low Cytokinin ratio → Roots (Think ”A”
for auxin, but it makes roots) - Low Auxin / High Cytokinin ratio → Shoots (Think
”C” for cytokinin, but it makes shoots) - Intermediate ratio → Callus

152. Which of the following techniques is used to create a genetically identical copy of an
organism?
(A) Genetic engineering
(B) Cloning
(C) PCR
(D) Gene silencing

Correct Answer: (B) Cloning

Solution:
Step 1: Understanding the Concept
The question asks for the specific term for the process of creating a genetically identical copy
of an organism. This involves understanding the definitions of several key biotechnology
terms.
Step 2: Detailed Explanation

172



Let’s define the techniques listed in the options: - (A) Genetic engineering: This is a very
broad term that refers to the direct manipulation of an organism’s genes using biotechnology.
It involves altering, deleting, or introducing genes. While cloning can be a tool used in genetic
engineering, genetic engineering itself is about changing the genetic makeup, not necessarily
creating an identical copy of a whole organism.
- (B) Cloning: Cloning is the process of producing genetically identical individuals of an
organism, either naturally or artificially. The resulting individual is referred to as a clone. -
Reproductive cloning specifically refers to the creation of a whole organism that is
genetically identical to another. A famous example is Dolly the sheep, who was created using
a technique called somatic cell nuclear transfer (SCNT). This technique precisely matches the
description in the question. - The term cloning can also refer to molecular cloning (making
copies of a gene) or therapeutic cloning (creating embryonic stem cells). However, in the
context of a whole ”organism,” it means reproductive cloning.
- (C) PCR (Polymerase Chain Reaction): This is a technique used to amplify (make
many copies of) a specific segment of DNA. It does not create a whole organism.
- (D) Gene silencing: This is a process that prevents the expression of a specific gene. It is
a tool to study gene function or for therapeutic purposes, but it does not create a copy of an
organism.
Step 3: Final Answer
The technique used to create a genetically identical copy of an organism is called cloning.
This corresponds to option (B).

� Quick Tip

The word ”clone” has entered popular culture to mean an exact copy of a person or
organism. Its scientific meaning is very similar: an organism or cell, or group of organ-
isms or cells, produced asexually from one ancestor or stock, to which they are geneti-
cally identical.

153. The Ames test is used to determine:
(A) Mutagenicity of a chemical
(B) Antibiotic resistance
(C) Viral infection
(D) Genetic linkage

Correct Answer: (A) Mutagenicity of a chemical

Solution:
Step 1: Understanding the Concept
This question asks for the purpose of the Ames test. The Ames test is a widely used, rapid
biological assay to assess the mutagenic potential of chemical compounds.
Step 2: Detailed Explanation
1. Purpose: The primary purpose of the Ames test is to screen chemicals to determine if
they can cause mutations in the DNA of an organism. A chemical that causes mutations is
called a mutagen. Since many mutagens are also carcinogens (cancer-causing), the test is
often used as a quick and inexpensive screen for potential carcinogens.
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2. Methodology: - The test uses several strains of the bacterium *Salmonella typhimurium*
that are auxotrophic for the amino acid histidine. This means they carry a mutation in a
gene required for histidine synthesis and therefore cannot grow on a medium that lacks
histidine. - The chemical to be tested is mixed with these bacteria and plated on a
histidine-deficient agar plate. - If the chemical is a mutagen, it will cause new mutations in
the bacterial DNA. A small fraction of these mutations will be ”back mutations” or
reversions, which correct the original defect in the histidine synthesis gene. - These reverted
bacteria (revertants) regain the ability to produce their own histidine and will be able to grow
and form colonies on the histidine-deficient medium. - The number of colonies that appear on
the plate is proportional to the mutagenicity of the chemical. A control plate without the
chemical is also run to measure the spontaneous reversion rate. A significant increase in the
number of colonies on the test plate compared to the control plate indicates that the chemical
is a mutagen.
3. Analyzing other options: - (B) Antibiotic resistance: This is determined by tests like
the Kirby-Bauer disk diffusion test or by plating bacteria on a medium containing the
antibiotic. - (C) Viral infection: This is diagnosed through methods like viral culture, antigen
detection, nucleic acid tests (like PCR), or antibody tests (serology). - (D) Genetic linkage:
This is determined through genetic crosses and analyzing the frequency of recombination
between genes.
Step 3: Final Answer
The Ames test is specifically designed to determine the mutagenicity (mutation-causing
potential) of a chemical. This corresponds to option (A).

� Quick Tip

The Ames test is a reversion test. It tests if a chemical can cause a mutation that *re-
verts* a mutant (auxotroph) back to the wild-type (prototroph). An increase in rever-
tants means the chemical is a mutagen.

154. The main advantage of monoclonal antibodies over polyclonal antibodies is:
(A) They are more expensive to produce
(B) They bind multiple epitopes
(C) They are highly specific for a single epitope
(D) They are less stable

Correct Answer: (C) They are highly specific for a single epitope

Solution:
Step 1: Understanding the Concept
This question asks for the key advantage of monoclonal antibodies (mAbs) when compared to
polyclonal antibodies (pAbs). This requires understanding the fundamental difference
between these two types of antibody preparations.
Step 2: Detailed Explanation
- Polyclonal Antibodies (pAbs): When an animal is immunized with an antigen, its
immune system produces a variety of B cells. Each B cell clone produces a specific antibody
that recognizes a different part of the antigen molecule (a different epitope). A polyclonal
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antibody preparation is the mixture of all these different antibodies, collected from the
animal’s serum. - Characteristic: They bind to multiple epitopes on the target antigen.
- Monoclonal Antibodies (mAbs): These are produced using hybridoma technology.
They are a homogeneous population of antibodies, all derived from a single B-cell clone. -
Characteristic: All antibody molecules are identical. They are therefore highly specific for
a single epitope on the target antigen.
Now let’s evaluate the options: - (A) They are more expensive to produce: This is a
disadvantage, not an advantage. The technology and cell culture work required to produce
mAbs are significantly more complex and costly than simply immunizing an animal and
collecting serum for pAbs. - (B) They bind multiple epitopes: This is the defining
characteristic of polyclonal antibodies, not monoclonal. - (C) They are highly specific for
a single epitope: This is the main and most significant advantage of monoclonal antibodies.
This high specificity leads to very low cross-reactivity and highly reproducible results in
assays, and is crucial for their use as targeted therapeutic drugs. - (D) They are less
stable: This is not generally true. Both types of antibodies are proteins with similar stability
profiles, although the homogeneity of mAbs can make their properties more predictable.
Step 3: Final Answer
The main advantage of monoclonal antibodies is their exceptional specificity, as they are a
uniform population of molecules that bind to a single, specific epitope. This corresponds to
option (C).

� Quick Tip

Think of the names: - Polyclonal = from many B-cell clones -¿ binds many epitopes.
- Monoclonal = from a single B-cell clone -¿ binds a single epitope. The advantage
of ”mono” is its absolute specificity and consistency.

155. What type of fermentation is used for the production of beer and wine?
(A) Lactic acid fermentation
(B) Alcoholic fermentation
(C) Acetic acid fermentation
(D) Mixed acid fermentation

Correct Answer: (B) Alcoholic fermentation

Solution:
Step 1: Understanding the Concept
This question asks to identify the specific type of fermentation process that is responsible for
producing alcoholic beverages like beer and wine. Fermentation is an anaerobic metabolic
process that converts sugar into other compounds, producing energy.
Step 2: Detailed Explanation
Let’s look at the different types of fermentation: - (A) Lactic acid fermentation: In this
process, pyruvate (from glycolysis) is converted directly into lactic acid. This is carried out by
lactic acid bacteria (e.g., *Lactobacillus*, *Streptococcus*). It is used to produce yogurt,
cheese, pickles, and sauerkraut. It also occurs in human muscle cells during strenuous exercise.
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- (B) Alcoholic fermentation: This is a two-step process carried out primarily by yeast
(e.g., *Saccharomyces cerevisiae*). 1. Pyruvate is first converted to acetaldehyde, releasing
carbon dioxide. 2. Acetaldehyde is then reduced to ethanol (alcohol). The overall reaction is:
Glucose → 2 Ethanol + 2 Carbon Dioxide. This is the fundamental process for making all
alcoholic beverages. In beer production, the starting sugar comes from malted barley. In wine
production, the sugar comes from grape juice. The ethanol is the desired alcohol, and the
CO2 provides the carbonation.
- (C) Acetic acid fermentation: This is technically an aerobic process, not a true
fermentation. It is carried out by acetic acid bacteria (e.g., *Acetobacter*). These bacteria
oxidize ethanol into acetic acid. This process is used to make vinegar from wine or cider.
- (D) Mixed acid fermentation: This is a type of anaerobic fermentation carried out by
some bacteria (e.g., *E. coli*) that produces a complex mixture of acids (lactic, acetic,
succinic), as well as ethanol, CO2, and H2. It is not used for beer or wine production.
Step 3: Final Answer
The production of beer and wine relies on alcoholic fermentation by yeast, which converts
sugars into ethanol and carbon dioxide. This corresponds to option (B).

� Quick Tip

Associate the fermentation type with its main product and use: - Alcoholic -¿ Al-
cohol (Beer, Wine, Bread) - Lactic Acid -¿ Lactic Acid (Yogurt, Cheese) - Acetic
Acid -¿ Acetic Acid (Vinegar)

156. Which enzyme is responsible for the conversion of pyruvate to ethanol in yeast?
(A) Pyruvate kinase
(B) Alcohol dehydrogenase
(C) Acetyl-CoA synthetase
(D) ATP synthase

Correct Answer: (B) Alcohol dehydrogenase

Solution:
Step 1: Understanding the Concept
This question asks for a specific enzyme involved in the alcoholic fermentation pathway in
yeast. This pathway converts pyruvate, the end product of glycolysis, into ethanol.
Step 2: Detailed Explanation
Alcoholic fermentation in yeast is a two-step process to regenerate NAD+ from the NADH
produced during glycolysis: Step 1: Decarboxylation of Pyruvate - Pyruvate (a 3-carbon
molecule) is converted to acetaldehyde (a 2-carbon molecule) and carbon dioxide (CO2). -
This reaction is catalyzed by the enzyme pyruvate decarboxylase.

Pyruvate
Pyruvate decarboxylase−−−−−−−−−−−−−−→ Acetaldehyde + CO2

Step 2: Reduction of Acetaldehyde - Acetaldehyde is then reduced to ethanol. - This
reaction uses the NADH generated during glycolysis and oxidizes it back to NAD+, which is
essential for glycolysis to continue. - This reduction is catalyzed by the enzyme alcohol
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dehydrogenase.

Acetaldehyde + NADH+ H+ Alcohol dehydrogenase−−−−−−−−−−−−−−→ Ethanol + NAD+

The question asks for the enzyme responsible for the overall conversion, but the options point
to specific steps. Let’s analyze the options: - (A) Pyruvate kinase: This is an enzyme in the
glycolytic pathway. It catalyzes the final step of glycolysis, converting phosphoenolpyruvate
(PEP) to pyruvate, and generating ATP. It is not part of the fermentation pathway itself. -
(B) Alcohol dehydrogenase: This is the enzyme that catalyzes the final step of alcoholic
fermentation, the conversion of acetaldehyde to ethanol. It is a key enzyme in the pathway
from pyruvate to ethanol. - (C) Acetyl-CoA synthetase: This enzyme is involved in converting
acetate into acetyl-CoA, not in the ethanol fermentation pathway. - (D) ATP synthase: This
is the enzyme complex in the inner mitochondrial membrane responsible for synthesizing ATP
during oxidative phosphorylation. It is not involved in fermentation.
Although two enzymes (pyruvate decarboxylase and alcohol dehydrogenase) are involved in
converting pyruvate to ethanol, alcohol dehydrogenase is the one that actually produces the
alcohol and is listed as an option.
Step 3: Final Answer
The enzyme that catalyzes the final step in alcoholic fermentation, producing ethanol from
acetaldehyde, is alcohol dehydrogenase. This corresponds to option (B).

� Quick Tip

Remember the two key enzymes of yeast fermentation: 1. Pyruvate decarboxylase:
Takes CO2 off pyruvate. 2. Alcohol dehydrogenase: Makes alcohol (ethanol) from
acetaldehyde. The name ”alcohol dehydrogenase” is a direct clue to its function in pro-
ducing alcohol.

157. The main function of mitochondria in eukaryotic cells is:
(A) DNA replication
(B) Protein synthesis
(C) Energy production
(D) Photosynthesis

Correct Answer: (C) Energy production

Solution:
Step 1: Understanding the Concept
This question asks for the primary function of mitochondria, a major organelle found in most
eukaryotic cells.
Step 2: Detailed Explanation
1. Mitochondria - The ”Powerhouse” of the Cell: Mitochondria are famously known as
the powerhouses of the cell. Their main function is to generate most of the cell’s supply of
adenosine triphosphate (ATP), which is used as the primary source of chemical energy for
nearly all cellular activities.
2. Cellular Respiration: This energy production occurs through the process of aerobic
cellular respiration. This process involves several stages: - Glycolysis (occurs in the
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cytoplasm). - Pyruvate oxidation and the Krebs cycle (citric acid cycle), which occur in the
mitochondrial matrix. - Oxidative phosphorylation, which involves the electron transport
chain and chemiosmosis, occurs on the inner mitochondrial membrane. This final stage is
where the vast majority of ATP is produced.
3. Analyzing other options: - (A) DNA replication: The primary replication of the cell’s
main genome occurs in the nucleus. While mitochondria do contain their own small circular
DNA (mtDNA) and can replicate it, this is not their main function in the cell. - (B) Protein
synthesis: The primary sites of protein synthesis are the ribosomes in the cytoplasm and on
the rough endoplasmic reticulum. Although mitochondria have their own ribosomes and
synthesize a few of their own proteins, this is a minor role compared to their energy-producing
function. - (D) Photosynthesis: This is the process of converting light energy into chemical
energy (glucose). It is carried out by chloroplasts in plant cells and algae, not by
mitochondria. In fact, mitochondria perform the opposite function, breaking down glucose to
release energy.
Step 3: Final Answer
The main function of mitochondria is to produce the majority of the cell’s energy in the form
of ATP through cellular respiration. This corresponds to option (C).

� Quick Tip

The nickname ”powerhouse of the cell” for mitochondria is a very accurate and easy
way to remember its primary role. If a question asks for the main function of mito-
chondria, the answer will almost certainly be related to energy, ATP production, or
cellular respiration.

158. Which of the following is a primary metabolite?
(A) Antibiotics
(B) Pigments
(C) Ethanol
(D) Toxins

Correct Answer: (C) Ethanol

Solution:
Step 1: Understanding the Concept
This question asks to identify a primary metabolite from a list of microbial products. As
discussed in question 140, metabolites are classified as primary or secondary based on their
role in the organism’s life cycle.
Step 2: Detailed Explanation
- Primary Metabolites: These are compounds that are directly involved in the normal
growth, development, and reproduction of an organism. They are essential for its survival and
are produced during the exponential (log) phase of growth. The production of primary
metabolites parallels the growth of the cell population. Examples include: - Amino acids -
Nucleotides - Vitamins - Alcohols like Ethanol (produced during fermentation for energy and
regeneration of NAD+) - Organic acids like lactic acid.

178



- Secondary Metabolites: These compounds are not essential for growth and are typically
produced during the stationary phase, often in response to stress or nutrient limitation. They
have various ecological functions. Examples include: - Antibiotics (e.g., penicillin) -
Pigments (e.g., carotenoids) - Toxins (e.g., mycotoxins) - Alkaloids and steroids.
Now let’s classify the options: - (A) Antibiotics: These are classic examples of secondary
metabolites, produced to inhibit the growth of competing microorganisms. - (B) Pigments:
Many microbial pigments are secondary metabolites, produced during the stationary phase. -
(C) Ethanol: In anaerobic organisms like yeast, ethanol is a direct product of the primary
energy-yielding pathway (fermentation). Its production is directly linked to glycolysis and cell
growth. Therefore, it is a primary metabolite. - (D) Toxins: Most microbial toxins are
secondary metabolites, often produced as defense or virulence factors.
Step 3: Final Answer
Ethanol, being a product of the primary energy-generating pathway of fermentation in yeast,
is a primary metabolite. This corresponds to option (C).

� Quick Tip

To distinguish primary and secondary metabolites, ask ”Is this compound absolutely
essential for the cell to grow and make more cells?” If yes (like amino acids, ethanol for
NAD+ regeneration), it’s primary. If it’s more of a ”specialty” or ”luxury” item made
when times get tough (like antibiotics), it’s secondary.

159. The optimum temperature for most mesophilic bacteria is:
(A) 0-10°C
(B) 15-25°C
(C) 25-40°C
(D) 50-60°C

Correct Answer: (C) 25-40°C

Solution:
Step 1: Understanding the Concept
This question asks for the optimal growth temperature range for mesophilic bacteria.
Microorganisms are classified into groups based on their preferred growth temperature ranges.
Step 2: Detailed Explanation
The main temperature-based classifications for microorganisms are: - Psychrophiles
(cold-loving): Grow at low temperatures. Optimum growth temperature is typically around
10-15°C, but they can grow at temperatures near 0°C. - Psychrotrophs (cold-tolerant): Can
also grow at low temperatures (0-7°C), but have an optimum temperature in the mesophilic
range (20-30°C). These are often responsible for food spoilage in refrigerators. - Mesophiles
(moderate-temperature-loving): These are the most common type of microbes. Their
optimum growth temperature is in the range of 20°C to 45°C. This group includes most of the
bacteria that live in and on the human body (which has a temperature of ∼37°C), as well as
many common soil and water bacteria. The range given in option (C), 25-40°C, falls squarely
within the mesophilic category and includes human body temperature. - Thermophiles
(heat-loving): Grow at high temperatures. Optimum growth temperature is typically between
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50°C and 80°C. They are found in hot springs and compost piles. - Hyperthermophiles:
Grow at extremely high temperatures, with optima above 80°C, some even above 100°C (in
pressurized deep-sea vents).
Now let’s evaluate the options for mesophiles: - (A) 0-10°C: This is the range for
psychrophiles. - (B) 15-25°C: This is the lower end of the mesophilic range, more typical for
psychrotrophs’ optima or environmental mesophiles. - (C) 25-40°C: This is the classic, ideal
temperature range for most mesophiles, including human pathogens. - (D) 50-60°C: This is
the range for thermophiles.
Step 3: Final Answer
The optimum temperature range for most mesophilic bacteria is 25-40°C. This corresponds to
option (C).

� Quick Tip

The prefix ”meso-” means ”middle.” Mesophiles are the ”middle-of-the-road” bacteria
in terms of temperature. This is the group we interact with most, as they thrive at
human body temperature and room temperature.

160. Which of the following is a common cryoprotectant used in cell preservation?
(A) Ethanol
(B) Dimethyl sulfoxide (DMSO)
(C) Acetone
(D) Ammonia

Correct Answer: (B) Dimethyl sulfoxide (DMSO)

Solution:
Step 1: Understanding the Concept
This question asks to identify a common cryoprotectant. A cryoprotectant is a substance used
to protect biological tissue from damage due to freezing (cryopreservation). The main cause
of damage during freezing is the formation of ice crystals, which can rupture cell membranes.
Step 2: Detailed Explanation
1. Function of Cryoprotectants: Cryoprotectants work by increasing the total
concentration of solutes in the cell. This causes ice to form at a much lower temperature
(freezing point depression) and reduces the amount of ice that forms at any given temperature.
They also promote vitrification (a glass-like state) rather than crystallization. Some can
penetrate the cell membrane and protect the interior of the cell, while others remain outside.
2. Common Cryoprotectants: The two most widely used cryoprotectants in cell culture
and cryobiology are: - Dimethyl sulfoxide (DMSO): This is a small,
membrane-permeating molecule. It is very effective at preventing ice crystal formation and is
the most common cryoprotectant used for freezing a wide variety of animal cell lines. It is
typically used at a concentration of 5-10%. - Glycerol: This is another common,
cell-permeating cryoprotectant. It is often used for the preservation of bacterial cells and red
blood cells.
3. Analyzing the other options: - (A) Ethanol and (C) Acetone: These are organic
solvents that are generally toxic to cells at the concentrations needed for cryoprotection. They

180



are used as fixatives (to kill and preserve cells for microscopy) or disinfectants because they
denature proteins and disrupt membranes. They are not used as cryoprotectants. - (D)
Ammonia: This is a toxic and highly basic compound. It is not used as a cryoprotectant.
Step 3: Final Answer
Dimethyl sulfoxide (DMSO) is a very common cryoprotectant used for the preservation of
animal cells by freezing. This corresponds to option (B).

� Quick Tip

In the context of cell culture and cryopreservation, DMSO and glycerol are the two key
cryoprotectants to remember. If you see either of these as an option for a cryoprotec-
tant question, it is very likely the correct answer.

161. Which enzyme catalyzes the formation of peptide bonds during translation?
(Note: This is a duplicate of Question 136. We will provide the same correct solution.)
(A) Peptidyl transferase
(B) DNA polymerase
(C) Ligase
(D) Helicase

Correct Answer: (A) Peptidyl transferase

Solution:
Step 1: Understanding the Concept
This question asks to identify the enzyme or enzymatic activity that catalyzes the formation
of peptide bonds during protein synthesis (translation). Translation is the process where the
genetic information on an mRNA molecule is used to build a polypeptide chain.
Step 2: Detailed Explanation
1. Process of Translation: Translation occurs on ribosomes, which are composed of
ribosomal RNA (rRNA) and proteins. The ribosome moves along an mRNA template, and
with the help of transfer RNA (tRNA) molecules carrying amino acids, it synthesizes a
polypeptide chain.
2. Peptide Bond Formation: The core chemical reaction of translation is the formation of
a peptide bond between the carboxyl group of the growing polypeptide chain (attached to the
tRNA in the P-site) and the amino group of the incoming amino acid (attached to the tRNA
in the A-site).
3. Peptidyl Transferase: The enzymatic activity that catalyzes this bond formation is
called peptidyl transferase. It is an integral part of the large ribosomal subunit.
Interestingly, it is now known that this is a ribozyme, meaning the catalytic site is composed
of rRNA, not protein. However, the activity is universally known as peptidyl transferase.
4. Analyzing other options: - (B) DNA polymerase: This enzyme synthesizes DNA. - (C)
Ligase: This enzyme joins nucleic acid fragments (like DNA). - (D) Helicase: This enzyme
unwinds the DNA double helix.
None of the other enzymes are involved in peptide bond formation.
Step 3: Final Answer
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The formation of peptide bonds during translation is catalyzed by the peptidyl transferase
activity of the ribosome. This corresponds to option (A).

� Quick Tip

To remember the enzyme for peptide bonds, focus on the name: ”Peptidyl transferase”
literally means it transfers the peptidyl group (the growing peptide chain) from one
tRNA to the next amino acid, thus forming the peptide bond.

162. Which of the following is NOT a step in recombinant DNA technology?
(A) Gene isolation
(B) Vector insertion
(C) Protein folding
(D) Transformation

Correct Answer: (C) Protein folding

Solution:
Step 1: Understanding the Concept
This question asks to identify which of the listed processes is not part of the core workflow of
recombinant DNA technology. Recombinant DNA technology involves the manipulation and
combination of DNA from different sources to create a new, ”recombinant” DNA molecule.
Step 2: Detailed Explanation
The major steps involved in creating and using a recombinant DNA molecule are: 1. Gene
Isolation: First, the gene of interest must be isolated from the source organism’s DNA. This
is typically done using restriction enzymes or by synthesizing the gene from an mRNA
template (cDNA) or via PCR. So, (A) is a step. 2. Vector Insertion (Ligation): The
isolated gene is then inserted into a cloning vector, which is a DNA molecule (often a
plasmid) that can carry the foreign DNA into a host cell and replicate within it. This
insertion process, called ligation, is usually catalyzed by the enzyme DNA ligase. So, (B) is a
step. 3. Transformation: The recombinant vector (e.g., the plasmid containing the gene of
interest) is then introduced into a host organism, typically a bacterium like *E. coli*. This
process of introducing foreign DNA into a cell is called transformation. So, (D) is a step. 4.
Selection and Screening: After transformation, cells that have successfully taken up the
recombinant plasmid are selected and grown in large numbers (cloning). 5. Expression:
Finally, the host cells are often induced to express the inserted gene, meaning they transcribe
it into mRNA and translate the mRNA into the desired protein.
Now, let’s analyze the outlier option: - (C) Protein folding: This is the process by which a
newly synthesized polypeptide chain folds into its correct three-dimensional functional
structure. This is a cellular process that happens *after* the gene has been expressed
(transcribed and translated). While it is a critical outcome of expressing a recombinant gene,
it is a post-translational event and not considered a step in the *technology of creating and
transferring the recombinant DNA itself*. The core technology is concerned with
manipulating the DNA, not the subsequent folding of the protein product.
Step 3: Final Answer
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Protein folding is a biological process that occurs after the expression of a gene; it is not a
direct step in the manipulation and transfer of the DNA, which is the focus of recombinant
DNA technology. This corresponds to option (C).

� Quick Tip

Recombinant DNA technology is all about the DNA: cutting it, pasting it, putting it
into a new cell, and copying it. Processes that happen after the gene is expressed, like
protein folding or post-translational modification, are downstream consequences, not
steps of the DNA manipulation itself.

163. What is the function of a selectable marker in genetic engineering?
(A) To enable identification of transformed cells
(B) To cut DNA fragments
(C) To enhance protein expression
(D) To bind RNA molecules

Correct Answer: (A) To enable identification of transformed cells

Solution:
Step 1: Understanding the Concept
This question asks about the purpose of a selectable marker, which is a crucial component of
cloning vectors used in genetic engineering.
Step 2: Detailed Explanation
1. The Transformation Problem: When attempting to introduce a plasmid vector into a
population of host cells (e.g., bacteria), the process of transformation is typically very
inefficient. Only a small fraction of the cells in the population will successfully take up the
plasmid.
2. The Need for Selection: This leaves a mixed population of cells: a vast majority of
non-transformed cells and a small minority of transformed cells (the ones we are interested
in). We need a way to find and isolate these rare transformed cells.
3. Function of a Selectable Marker: A selectable marker is a gene included in the plasmid
vector that confers a trait suitable for artificial selection. The most common type of selectable
marker is an antibiotic resistance gene (e.g., ampicillin resistance, tetracycline resistance).
4. How it Works: - The plasmid carries the gene for, say, ampicillin resistance. - After the
transformation procedure, the entire population of bacteria is plated onto a growth medium
that contains the antibiotic ampicillin. - Non-transformed cells, which did not take up the
plasmid, do not have the resistance gene and will be killed by the ampicillin. They cannot
grow. - Transformed cells, which have successfully taken up the plasmid, possess the
resistance gene, produce the resistance protein, and are able to survive and grow into colonies
on the ampicillin-containing medium. - In this way, the selectable marker allows the
researcher to select for the growth of transformed cells and eliminate the non-transformed
ones, enabling the identification and isolation of the cells that contain the recombinant DNA.
5. Analyzing other options: - (B) To cut DNA fragments: This is the function of
restriction enzymes. - (C) To enhance protein expression: This is the function of strong
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promoters or other regulatory elements included in an expression vector. - (D) To bind RNA
molecules: This is not the function of a selectable marker.
Step 3: Final Answer
The function of a selectable marker is to allow researchers to identify and select for cells that
have been successfully transformed with the vector. This corresponds to option (A).

� Quick Tip

Think of the selectable marker as a ”survival gene” or a ”pass.” Only the cells that
receive the plasmid (which carries the pass) are allowed to survive and grow under the
selective conditions (e.g., in the presence of an antibiotic).

164. The primary function of the Golgi apparatus is:
(A) ATP production
(B) Protein modification and sorting
(C) DNA replication
(D) Lipid degradation

Correct Answer: (B) Protein modification and sorting

Solution:
Step 1: Understanding the Concept
This question asks for the primary function of the Golgi apparatus (also known as the Golgi
complex or Golgi body), a key organelle in the endomembrane system of eukaryotic cells.
Step 2: Detailed Explanation
1. Structure and Location: The Golgi apparatus is composed of a series of flattened,
stacked pouches called cisternae. It is located in the cytoplasm, typically near the
endoplasmic reticulum and the nucleus.
2. The ”Post Office” of the Cell: The Golgi apparatus functions like a cellular post office
or a processing and packaging plant. It receives proteins and lipids from the endoplasmic
reticulum (ER).
3. Primary Functions: As these molecules travel through the cisternae of the Golgi, they
undergo further processing: - Modification: Proteins and lipids are modified. A major
modification is glycosylation (adding or modifying carbohydrate chains). Proteolytic
cleavage of proteins can also occur. - Sorting: The Golgi apparatus then sorts these modified
molecules based on their final destinations. - Packaging: It packages the sorted molecules
into vesicles, which are small membrane-bound sacs. These vesicles then bud off from the
Golgi and transport their contents to various cellular locations (e.g., the plasma membrane,
lysosomes) or are secreted out of the cell (exocytosis).
4. Analyzing other options: - (A) ATP production: This is the primary function of the
mitochondria. - (C) DNA replication: This occurs in the nucleus. - (D) Lipid degradation:
This is primarily carried out in peroxisomes (beta-oxidation of fatty acids) and mitochondria.
Lipid synthesis occurs in the smooth ER.
Step 3: Final Answer
The primary function of the Golgi apparatus is the modification, sorting, and packaging of
proteins and lipids for transport to their final destinations. This corresponds to option (B).
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� Quick Tip

Remember the path of a secreted protein: It is synthesized on ribosomes on the
Rough ER, then travels to the Golgi apparatus for processing and packaging, and
finally is transported in vesicles to the plasma membrane for secretion. Think ER →
Golgi → Vesicle.

165. Which of the following is a characteristic of lysosomes?
(A) They synthesize proteins
(B) They contain hydrolytic enzymes
(C) They store genetic material
(D) They generate ATP

Correct Answer: (B) They contain hydrolytic enzymes

Solution:
Step 1: Understanding the Concept
This question asks to identify a key characteristic of lysosomes, which are membrane-bound
organelles found in animal cells.
Step 2: Detailed Explanation
1. Function of Lysosomes: Lysosomes act as the ”recycling center” or ”digestive system”
of the cell. They are responsible for breaking down waste materials, cellular debris, and
foreign invaders (like bacteria) that have been taken into the cell.
2. Key Characteristic: To carry out this digestive function, lysosomes are filled with a
potent mixture of hydrolytic enzymes. ”Hydrolytic” means that these enzymes use water
to break down chemical bonds. This collection of enzymes is often called acid hydrolases
because they function optimally in the acidic environment maintained inside the lysosome (pH
∼ 4.5-5.0). These enzymes can digest all major types of macromolecules, including proteins
(proteases), nucleic acids (nucleases), carbohydrates (glycosidases), and lipids (lipases).
3. Analyzing other options: - (A) They synthesize proteins: This is the function of
ribosomes. - (C) They store genetic material: Genetic material (DNA) is stored in the nucleus
(and in small amounts in mitochondria). - (D) They generate ATP: This is the primary
function of mitochondria.
Step 3: Final Answer
The defining characteristic of lysosomes is that they contain a wide variety of hydrolytic
enzymes for digesting macromolecules. This corresponds to option (B).

� Quick Tip

The prefix ”lyso-” comes from the Greek word for ”to loosen or dissolve,” and ”soma”
means ”body.” So, a lysosome is literally a ”dissolving body,” a name that perfectly
describes its function as the cell’s digestive organelle filled with enzymes.

166. Which type of bacteria can survive in extremely high temperatures?
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(A) Psychrophiles
(B) Mesophiles
(C) Thermophiles
(D) Halophiles

Correct Answer: (C) Thermophiles

Solution:
Step 1: Understanding the Concept
This question asks to identify the classification for microorganisms that are adapted to live in
extremely hot environments. These organisms are a type of extremophile.
Step 2: Detailed Explanation
Microorganisms are classified based on their optimal growth temperatures. Let’s define the
terms: - (A) Psychrophiles: ”Psycho-” means cold. These are cold-loving organisms that
thrive at low temperatures, typically with an optimum growth temperature of 15°C or lower.
They are found in places like polar ice and the deep sea.
- (B) Mesophiles: ”Meso-” means middle. These organisms grow at moderate
temperatures, typically between 20°C and 45°C. This group includes most bacteria familiar to
humans, including those that live on our bodies and cause disease.
- (C) Thermophiles: ”Thermo-” means heat. These are heat-loving organisms that thrive
at high temperatures, typically with an optimum growth temperature between 50°C and
80°C. They are found in hot springs, geysers, and compost heaps. Organisms that grow at
even higher temperatures (above 80°C) are called hyperthermophiles. The term thermophile
is the general answer for bacteria that can survive in extremely high temperatures.
- (D) Halophiles: ”Halo-” means salt. These are salt-loving organisms that thrive in
environments with very high salt concentrations, such as the Dead Sea or salt flats. This is a
classification based on salinity, not temperature.
Step 3: Final Answer
Bacteria that can survive and thrive in extremely high temperatures are called thermophiles.
This corresponds to option (C).

� Quick Tip

The Greek prefixes are the key to remembering these classifications: - Psycho
= Cold - Meso = Middle - Thermo = Heat - Halo = Salt - Baro = Pressure -
Acido/Alkali = pH

167. Which phase of bacterial growth is characterized by rapid cell division?
(A) Lag phase
(B) Log phase
(C) Stationary phase
(D) Death phase

Correct Answer: (B) Log phase

Solution:
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Step 1: Understanding the Concept
This question asks to identify the phase in a typical bacterial batch culture growth curve
where the cells are dividing at their maximum and constant rate.
Step 2: Detailed Explanation
Let’s review the phases of the bacterial growth curve: - (A) Lag phase: This is the initial
phase where bacteria are adapting to the new medium. They are metabolically active but are
not yet dividing. There is no increase in cell number.
- (B) Log phase (or Exponential phase): In this phase, the cells have adapted and are
dividing by binary fission at a constant, maximum rate. The number of cells increases
exponentially (i.e., the population doubles at a regular interval called the generation time). A
plot of the logarithm of cell number versus time yields a straight line during this phase. This
is the phase of ”rapid cell division.”
- (C) Stationary phase: In this phase, the growth rate slows down and becomes equal to
the death rate. This is usually due to the depletion of a limiting nutrient and/or the
accumulation of toxic waste products. The net population size remains constant.
- (D) Death phase (or Decline phase): In this phase, the death rate exceeds the rate of
any remaining cell division. The number of viable cells in the population decreases
exponentially.
Step 3: Final Answer
The log phase is the period of the bacterial growth cycle characterized by rapid, exponential
cell division. This corresponds to option (B).

� Quick Tip

The names of the phases are very descriptive of the population growth: - Lag: There’s
a lag before growth starts. - Log: The logarithm of the cell number increases linearly
(i.e., exponential growth). - Stationary: The population number is stationary (not
changing). - Death: The population is dying off.

168. Which nitrogenous base is NOT found in RNA?
(A) Adenine
(B) Uracil
(C) Thymine
(D) Cytosine

Correct Answer: (C) Thymine

Solution:
Step 1: Understanding the Concept
This question asks to identify the nitrogenous base that is present in DNA but not in RNA.
Nucleic acids (DNA and RNA) are polymers of nucleotides, and each nucleotide contains a
phosphate group, a sugar, and a nitrogenous base.
Step 2: Detailed Explanation
Let’s compare the composition of DNA and RNA. 1. Sugar: - DNA contains Deoxyribose
sugar. - RNA contains Ribose sugar.
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2. Nitrogenous Bases: Both DNA and RNA contain four types of bases. - The two purine
bases, Adenine (A) and Guanine (G), are found in both DNA and RNA. - The pyrimidine
bases are different: - In DNA, the pyrimidine bases are Cytosine (C) and Thymine (T). -
In RNA, the pyrimidine base Thymine (T) is replaced by Uracil (U). So, RNA contains
Cytosine (C) and Uracil (U).
3. Base Pairing Rules: - In DNA: A pairs with T (A-T), and G pairs with C (G-C). - In
RNA (during folding or interaction with DNA): A pairs with U (A-U), and G pairs with C
(G-C).
Now let’s evaluate the options: - (A) Adenine: Found in both DNA and RNA. - (B) Uracil:
Found in RNA, but not DNA. - (C) Thymine: Found in DNA, but NOT in RNA. - (D)
Cytosine: Found in both DNA and RNA.
Step 3: Final Answer
Thymine is the nitrogenous base that is found in DNA but is replaced by Uracil in RNA.
Therefore, it is not found in RNA. This corresponds to option (C).

� Quick Tip

A simple way to remember the difference in bases is that RNA has U. RNA contains
Uracil instead of Thymine. All other bases (A, G, C) are common to both.

169. The codon UGA is a:
(A) Start codon
(B) Stop codon
(C) Codon for methionine
(D) Codon for arginine

Correct Answer: (B) Stop codon

Solution:
Step 1: Understanding the Concept
This question asks to classify the specific mRNA codon UGA. This requires knowledge of the
standard genetic code, which maps codons to amino acids or signals.
Step 2: Detailed Explanation
Let’s review the key signals in the genetic code: - Start Codon: Translation almost always
begins at the codon AUG, which codes for the amino acid Methionine. AUG thus serves as
the start codon, establishing the reading frame.
- Stop Codons (Nonsense Codons): Translation terminates when the ribosome
encounters one of three specific codons. These codons do not code for any amino acid. The
three stop codons are: - UAA - UAG - UGA
Now let’s evaluate the options based on the codon UGA: - (A) Start codon: Incorrect. The
primary start codon is AUG. - (B) Stop codon: Correct. UGA is one of the three canonical
stop codons that signal the termination of protein synthesis. - (C) Codon for methionine:
Incorrect. The codon for methionine is AUG. - (D) Codon for arginine: Incorrect. The codons
for arginine are CGU, CGC, CGA, CGG, AGA, and AGG.
There is a rare exception called selenocysteine, which can be encoded by UGA under specific
cellular conditions, but the primary and universal meaning of UGA is ”stop”.
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Step 3: Final Answer
The codon UGA is one of the three standard stop codons in the genetic code. This
corresponds to option (B).

� Quick Tip

Remember the start and stop signals: - START: AUG (Methionine) - STOP: UAA,
UAG, UGA Knowing these five key codons is essential for understanding gene expres-
sion.

170. Which technique is commonly used to separate proteins based on their size?
(A) Gel filtration chromatography
(B) Ion exchange chromatography
(C) Affinity chromatography
(D) Thin-layer chromatography

Correct Answer: (A) Gel filtration chromatography

Solution:
Step 1: Understanding the Concept
This question asks to identify a chromatography technique whose primary principle of
separation is the size of the molecules, specifically for proteins. Chromatography is a
laboratory technique for the separation of a mixture.
Step 2: Detailed Explanation
Let’s analyze the principles of the different chromatography techniques listed: - (A) Gel
filtration chromatography: Also known as size-exclusion chromatography (SEC). This
technique separates molecules based on their size (or more accurately, their hydrodynamic
radius). The chromatography column is packed with porous beads of a specific pore size. -
Large molecules are too big to enter the pores of the beads, so they bypass them and travel
through the space between the beads (the void volume). They elute from the column first. -
Small molecules can enter the pores, increasing their path length and slowing down their
progress through the column. They elute last. - Molecules of intermediate size enter the
pores to some extent and elute at intermediate times. Thus, this method directly separates
proteins based on their size.
- (B) Ion exchange chromatography (IEC): This technique separates molecules based on
their net surface charge. The column contains a stationary phase with either positive (anion
exchange) or negative (cation exchange) charged groups. Molecules with the opposite charge
bind to the column, while molecules with the same charge pass through. Bound molecules are
then eluted by changing the pH or increasing the salt concentration.
- (C) Affinity chromatography: This technique separates molecules based on a highly
specific binding interaction. The stationary phase has a ligand covalently attached that
binds specifically to the target protein (e.g., an antibody binding to its antigen, or an enzyme
binding to its substrate inhibitor). This is a very powerful purification technique but is based
on biological function/binding, not size.
- (D) Thin-layer chromatography (TLC): This is a planar chromatography technique
often used for separating small organic molecules. Separation is based on the differential
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partitioning of the components between the stationary phase (a thin layer on a plate) and the
mobile phase. While size can play a role, the primary separation principle is polarity. It is not
typically used for preparative separation of proteins.
Step 3: Final Answer
Gel filtration chromatography (or size-exclusion chromatography) is the technique specifically
designed to separate proteins based on their size. This corresponds to option (A).

� Quick Tip

Associate the name of the chromatography with its separation principle: - Size-
Exclusion / Gel Filtration -¿ Separates by Size. - Ion Exchange -¿ Separates by
Charge. - Affinity -¿ Separates by specific binding Affinity.

171. Which of the following is NOT an example of a post-translational modification?
(A) Phosphorylation
(B) Glycosylation
(C) Protein splicing
(D) Transcription

Correct Answer: (D) Transcription

Solution:
Step 1: Understanding the Concept
This question asks to identify which process is not a post-translational modification (PTM).
Post-translational modifications are chemical modifications that occur to a protein after it
has been synthesized by the ribosome (i.e., after translation). These modifications are crucial
for the protein’s function, localization, and stability.
Step 2: Detailed Explanation
Let’s define the terms: - (A) Phosphorylation: This is the addition of a phosphate group
(−PO4) to a molecule, typically to the side chain of serine, threonine, or tyrosine amino acids
in a protein. It is a very common PTM that acts as a molecular switch to regulate enzyme
activity and signaling pathways.
- (B) Glycosylation: This is the attachment of a carbohydrate chain (a glycan) to a
protein. It is another very common PTM, important for protein folding, stability, and cell-cell
recognition. It primarily occurs in the endoplasmic reticulum and Golgi apparatus.
- (C) Protein splicing: This is a process analogous to RNA splicing, but at the protein
level. An internal segment of a polypeptide chain (an intein) is excised, and the flanking
external segments (the exteins) are ligated together. This is a PTM that modifies the primary
structure of the protein after it has been translated.
- (D) Transcription: This is the process of synthesizing an RNA molecule from a DNA
template. It is the first major step in gene expression and occurs before translation. It is a
pre-translational event, not a post-translational one.
Step 3: Final Answer
Transcription is the synthesis of RNA from DNA and occurs before translation. Therefore, it
is not a modification that happens to a protein after it is made. This corresponds to option
(D).
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� Quick Tip

The term ”Post-Translational Modification” literally means ”modification that happens
after translation.” Transcription happens before translation. Therefore, transcrip-
tion cannot be a post-translational modification.

172. A non-competitive inhibitor binds to:
(A) The active site of an enzyme
(B) The substrate directly
(C) An allosteric site of the enzyme
(D) The product of the reaction

Correct Answer: (C) An allosteric site of the enzyme

Solution:
Step 1: Understanding the Concept
This question is about enzyme inhibition. Enzyme inhibitors are molecules that decrease the
activity of an enzyme. They are classified based on how they interact with the enzyme and
the substrate. We need to define where a non-competitive inhibitor binds.
Step 2: Detailed Explanation
Let’s define the major types of reversible inhibitors: - Competitive Inhibitor: This type of
inhibitor has a structure that is similar to the substrate. It competes with the substrate for
binding to the active site of the enzyme. Its effect can be overcome by increasing the
substrate concentration.
- Non-competitive Inhibitor: This type of inhibitor binds to the enzyme at a site other
than the active site. This other site is called an allosteric site. The binding of the
non-competitive inhibitor changes the conformation (shape) of the enzyme, including the
active site, making it less effective at catalyzing the reaction. Since it does not compete with
the substrate for the active site, its effect cannot be overcome by increasing the substrate
concentration. It can bind to either the free enzyme or the enzyme-substrate complex.
- Uncompetitive Inhibitor: This inhibitor also binds at an allosteric site, but it can *only*
bind to the enzyme-substrate (ES) complex, not to the free enzyme.
Now let’s evaluate the options: - (A) The active site of an enzyme: This is where a
competitive inhibitor binds. - (B) The substrate directly: Inhibitors bind to the enzyme, not
typically to the substrate itself. - (C) An allosteric site of the enzyme: This is the defining
characteristic of a non-competitive inhibitor. - (D) The product of the reaction: While the
product can sometimes be an inhibitor (feedback inhibition), this doesn’t define the
non-competitive mechanism.
Step 3: Final Answer
A non-competitive inhibitor binds to an allosteric site on the enzyme, a location distinct from
the active site. This corresponds to option (C).
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� Quick Tip

Remember the key difference by their names: - Competitive: The inhibitor com-
petes for the active site. - Non-competitive: The inhibitor does not compete for
the active site; it binds elsewhere (at an allosteric site).

173. The energy currency of the cell is:
(A) DNA
(B) RNA
(C) ATP
(D) Glucose

Correct Answer: (C) ATP

Solution:
Step 1: Understanding the Concept
This question asks to identify the molecule that serves as the primary ”energy currency” of
the cell. This refers to the molecule that is most directly used to power the vast majority of
energy-requiring cellular reactions.
Step 2: Detailed Explanation
1. Energy in the Cell: Cells require a constant supply of energy to perform work, such as
muscle contraction, active transport, and synthesis of macromolecules. While the ultimate
source of this energy for many organisms is sunlight or food molecules like glucose, these are
not the direct sources of energy for most reactions.
2. ATP (Adenosine Triphosphate): The cell stores the energy released from the
breakdown of food molecules (like glucose) in the high-energy chemical bonds of a specific
molecule: Adenosine Triphosphate (ATP). 3. Role of ATP: ATP is a small, versatile
molecule that can be easily transported to any part of the cell where energy is needed. The
energy is released when ATP is hydrolyzed to ADP (Adenosine Diphosphate) and an
inorganic phosphate group (Pi).

ATP + H2O → ADP + Pi + Energy

This released energy is then used to drive endergonic (energy-requiring) processes. Because
ATP is constantly being produced (by cellular respiration) and consumed to power cellular
activities, it is aptly called the ”energy currency” of the cell.
4. Analyzing other options: - (A) DNA and (B) RNA: These are nucleic acids that store
and transmit genetic information. They are not used as an energy currency. - (D) Glucose:
Glucose is a major fuel molecule. It is like the ”crude oil” or ”bulk storage” of energy. The
cell ”burns” glucose through cellular respiration to ”charge up” the usable currency, which is
ATP. It is not the direct currency itself.
Step 3: Final Answer
ATP is the universal energy currency of the cell, directly powering most cellular work. This
corresponds to option (C).
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� Quick Tip

Think of a cell’s energy management like an economy: - Glucose is like a large gold
bar in a vault (long-term energy storage). - ATP is like the cash in your wallet (short-
term, readily spendable energy currency). You can’t buy a coffee with a gold bar; you
first have to convert it into cash. Similarly, the cell must convert the energy in glucose
into the usable form of ATP.

174. In anaerobic respiration, the final electron acceptor is:
(A) Oxygen
(B) Nitrate or sulfate
(C) Water
(D) NADH

Correct Answer: (B) Nitrate or sulfate

Solution:
Step 1: Understanding the Concept
This question asks to identify the final electron acceptor in anaerobic respiration. It’s
important to distinguish between aerobic respiration, anaerobic respiration, and fermentation.
All are processes for generating ATP.
Step 2: Detailed Explanation
1. Respiration in General: Respiration involves an electron transport chain (ETC) where
electrons from an energy source (like NADH) are passed down a series of protein carriers,
releasing energy that is used to synthesize ATP. This process requires a final electron acceptor
to remove the electrons from the end of the chain.
2. Aerobic Respiration: In aerobic respiration, the final electron acceptor is molecular
oxygen (O2). Oxygen is highly electronegative, making it an excellent acceptor, and its
reduction to water allows for a very high ATP yield.
3. Anaerobic Respiration: This is a form of respiration used by some microorganisms
(anaerobes) in environments where oxygen is not available. It still uses an electron transport
chain, but the final electron acceptor is an inorganic molecule other than oxygen.
Common examples include: - Nitrate (NO−

3 ), which is reduced to nitrite (NO−
2 ), nitrous

oxide (N2O), or nitrogen gas (N2). - Sulfate (SO2−
4 ), which is reduced to hydrogen sulfide

(H2S). - Carbonate (CO2−
3 ), which is reduced to methane (CH4). The energy yield of

anaerobic respiration is lower than that of aerobic respiration because these alternative
acceptors are less electronegative than oxygen.
4. Fermentation: This is a different anaerobic process that does *not* use an electron
transport chain. The final electron acceptor is an organic molecule (like pyruvate or
acetaldehyde). Its main purpose is to regenerate NAD+ so that glycolysis can continue.
5. Analyzing the options: - (A) Oxygen: This is the final electron acceptor in *aerobic*
respiration. - (B) Nitrate or sulfate: These are classic examples of final electron acceptors in
*anaerobic* respiration. - (C) Water: Water is the *product* of oxygen reduction in aerobic
respiration, not an acceptor. - (D) NADH: NADH is an electron *donor* to the electron
transport chain, not an acceptor at the end.
Step 3: Final Answer
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In anaerobic respiration, the final electron acceptor is an inorganic substance other than
oxygen, such as nitrate or sulfate. This corresponds to option (B).

� Quick Tip

Remember the key difference: - Aerobic Respiration: final e− acceptor = O2. -
Anaerobic Respiration: final e− acceptor = Inorganic molecule not O2 (e.g., NO−

3 ,
SO2−

4 ). - Fermentation: final e− acceptor = Organic molecule (e.g., pyruvate).

175. What is the main role of tRNA in translation?
(A) Catalyzing peptide bond formation
(B) Carrying amino acids to ribosomes
(C) Synthesizing mRNA
(D) Regulating DNA replication

Correct Answer: (B) Carrying amino acids to ribosomes

Solution:
Step 1: Understanding the Concept
This question asks for the primary function of transfer RNA (tRNA) in the process of
translation (protein synthesis). Translation involves several key molecules, and tRNA plays a
crucial adapter role.
Step 2: Detailed Explanation
1. The ”Adapter” Molecule: Francis Crick first proposed that there must be an ”adapter”
molecule that could bridge the gap between the language of nucleic acids (the codons on
mRNA) and the language of proteins (the amino acids). This adapter molecule is transfer
RNA (tRNA).
2. Structure and Function of tRNA: A tRNA molecule has a specific three-dimensional,
”L-shaped” structure (often shown as a cloverleaf in 2D). It has two crucial sites: -
Anticodon Loop: At one end, it has a sequence of three nucleotides called the anticodon.
The anticodon is complementary to a specific codon on the mRNA molecule. This allows the
tRNA to ”read” the genetic code. - Amino Acid Attachment Site: At the other end (the
3’ end), the tRNA can be covalently attached to a specific amino acid. This ”charging” is
done by the enzyme aminoacyl-tRNA synthetase. 3. Main Role: The main role of tRNA is
to pick up its corresponding amino acid from the cytoplasm and carry it to the ribosome.
At the ribosome, the tRNA’s anticodon binds to the matching codon on the mRNA. This
ensures that the correct amino acid is delivered to the ribosome at the correct time, according
to the genetic instructions on the mRNA. The ribosome then catalyzes the formation of a
peptide bond, and the tRNA is released to be recharged with another amino acid.
4. Analyzing other options: - (A) Catalyzing peptide bond formation: This is the function
of the ribosome itself (specifically, the rRNA in the large subunit, acting as a ribozyme called
peptidyl transferase). - (C) Synthesizing mRNA: This is the process of transcription, carried
out by RNA polymerase. - (D) Regulating DNA replication: This is not a function of tRNA.
Step 3: Final Answer
The main role of tRNA in translation is to act as an adapter molecule that carries the correct
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amino acids to the ribosome according to the codons on the mRNA. This corresponds to
option (B).

� Quick Tip

Think of the name: tRNA stands for transfer RNA. Its job is to transfer amino acids
from the cytoplasm to the ribosome. It is the physical link between the nucleic acid
code and the amino acid sequence.

176. The function of a ribozyme is to:
(A) Act as a biological catalyst
(B) Replicate DNA
(C) Encode proteins
(D) Regulate RNA splicing

Correct Answer: (A) Act as a biological catalyst

Solution:
Step 1: Understanding the Concept
This question asks for the function of a ribozyme. The name itself is a portmanteau of
”ribonucleic acid enzyme,” which provides a strong clue to its function.
Step 2: Detailed Explanation
1. What is a Ribozyme? For a long time, it was believed that all biological catalysts
(enzymes) were proteins. However, in the 1980s, Sidney Altman and Thomas Cech
independently discovered that RNA molecules could also possess catalytic activity. These
catalytic RNA molecules were named ribozymes.
2. Function: A ribozyme is an RNA molecule that can act as a biological catalyst,
speeding up a chemical reaction without being consumed in the process, just like a
protein-based enzyme.
3. Examples: - Ribosome: One of the most important examples is the ribosome itself. The
peptidyl transferase activity, which forms the peptide bonds during protein synthesis, is
catalyzed by the ribosomal RNA (rRNA) in the large subunit, making the ribosome a giant
ribozyme. - Self-splicing introns: Some RNA molecules (Group I and Group II introns) can
catalyze their own excision from a pre-mRNA molecule. - RNase P: An enzyme involved in
processing transfer RNA (tRNA) has a catalytic RNA component.
4. Analyzing the options: - (A) Act as a biological catalyst: This is the definition of a
ribozyme. - (B) Replicate DNA: This is the function of the protein enzyme DNA polymerase.
- (C) Encode proteins: This is the function of messenger RNA (mRNA). While some
ribozymes can process mRNA, their function is catalytic, not informational in this sense. -
(D) Regulate RNA splicing: While some ribozymes (self-splicing introns) are involved in their
own splicing, their function is the catalysis of the splicing reaction. The broader regulation of
splicing in eukaryotes is carried out by the spliceosome, a large complex of proteins and small
nuclear RNAs (snRNAs). So while related, option (A) is the more fundamental and correct
definition of a ribozyme’s function.
Step 3: Final Answer
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The function of a ribozyme is to act as a biological catalyst. It is an enzyme made of RNA
instead of protein. This corresponds to option (A).

� Quick Tip

Break down the word: Ribo (from Ribonucleic acid) + zyme (from enzyme). It liter-
ally means ”RNA enzyme.” The function of an enzyme is to be a biological catalyst.

177. The most commonly used model organism in molecular biology is:
(A) Arabidopsis thaliana
(B) Escherichia coli
(C) Saccharomyces cerevisiae
(D) Drosophila melanogaster

Correct Answer: (B) Escherichia coli

Solution:
Step 1: Understanding the Concept
This question asks to identify the most commonly used model organism in molecular biology.
A model organism is a non-human species that is extensively studied to understand particular
biological phenomena, with the expectation that discoveries made in the model organism will
provide insight into the workings of other organisms, including humans.
Step 2: Detailed Explanation
Let’s consider the organisms listed and their roles as models: - (A) Arabidopsis thaliana:
This is a small flowering plant, often called thale cress. It is the primary model organism for
plant biology and genetics due to its small size, short generation time, and small genome.
- (B) Escherichia coli (E. coli): This is a Gram-negative bacterium that lives in the gut of
warm-blooded animals. It has been the workhorse of molecular biology and genetics for over
70 years. Its rapid growth rate, simple nutritional needs, well-understood genetics, and ease of
genetic manipulation (e.g., transformation with plasmids) have made it indispensable for
fundamental discoveries in DNA replication, transcription, translation, and gene regulation.
It is also the most common host for molecular cloning and recombinant protein production.
Due to its foundational role and continued widespread use, it is arguably the most common
and important model organism in molecular biology.
- (C) Saccharomyces cerevisiae: This is baker’s or brewer’s yeast. As a simple,
single-celled eukaryote, it is an extremely important model for understanding eukaryotic cell
biology, including the cell cycle, signaling, and gene regulation, in a more complex system
than bacteria. It is a key model, but *E. coli* is arguably used more broadly and
fundamentally in day-to-day molecular biology work (like cloning).
- (D) Drosophila melanogaster: The common fruit fly. It is a premier model organism for
developmental biology and genetics, particularly for studying the genetic control of
development and inherited traits in a multicellular animal.
Conclusion: While all the organisms listed are critically important model organisms in their
respective fields (plants, simple eukaryotes, developmental biology), the bacterium
Escherichia coli is the most fundamental and universally used model organism across the
entire field of molecular biology, especially for core techniques like gene cloning.
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Step 3: Final Answer
The most commonly used model organism in molecular biology is the bacterium Escherichia
coli. This corresponds to option (B).

� Quick Tip

When thinking of model organisms, associate them with their field: - Molecular Bi-
ology/Cloning: *E. coli* (bacterium) - Eukaryotic Cell Biology: *S. cerevisiae*
(yeast) - Plant Biology: *A. thaliana* (plant) - Developmental Biology: *D.
melanogaster* (fruit fly), *C. elegans* (worm), Zebrafish

178. In gene therapy, a viral vector is used to:
(A) Transmit a disease
(B) Deliver genetic material into cells
(C) Destroy foreign cells
(D) Induce mutations

Correct Answer: (B) Deliver genetic material into cells

Solution:
Step 1: Understanding the Concept
This question asks for the function of a viral vector in the context of gene therapy. Gene
therapy is a medical approach that treats or prevents disease by correcting the underlying
genetic problem.
Step 2: Detailed Explanation
1. Goal of Gene Therapy: The aim of gene therapy is to introduce a correct or functional
copy of a gene into a patient’s cells to compensate for a mutated or non-functional gene.
2. The Delivery Problem: A major challenge in gene therapy is how to get the therapeutic
gene into the target cells’ nuclei so that it can be expressed. This requires a delivery vehicle,
known as a vector.
3. Viral Vectors: Viruses have naturally evolved over millions of years to be highly efficient
at entering host cells and delivering their own genetic material. Scientists have harnessed this
ability for gene therapy. - A viral vector is created by taking a virus (e.g., an adenovirus,
retrovirus, or adeno-associated virus) and modifying it to make it safe. This typically involves
removing the viral genes that are responsible for causing disease and replication. - The
therapeutic human gene is then inserted into the modified viral genome. - When this
engineered viral vector is administered to a patient, it uses its natural mechanism to infect
the target cells and deliver the therapeutic genetic material into them.
4. Analyzing other options: - (A) Transmit a disease: The viral vectors are specifically
engineered to be replication-deficient and to have the disease-causing genes removed, so their
purpose is the opposite of this. - (C) Destroy foreign cells: This is a function of the immune
system or certain drugs (like chemotherapy), not the primary role of a gene therapy vector. -
(D) Induce mutations: The goal of gene therapy is to correct a genetic defect, not to cause
random new mutations. While insertion of the vector can sometimes cause insertional
mutagenesis, this is an undesirable side effect, not the intended function.
Step 3: Final Answer
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In gene therapy, a viral vector is used as a vehicle to efficiently deliver therapeutic genetic
material into the patient’s target cells. This corresponds to option (B).

� Quick Tip

Think of a viral vector as a ”molecular syringe” or a ”Trojan horse.” It uses the virus’s
natural ability to get inside a cell to sneak in a beneficial gene.

179. Which of the following elements is a micronutrient essential for enzyme function?
(A) Sodium
(B) Zinc
(C) Carbon
(D) Oxygen

Correct Answer: (B) Zinc

Solution:
Step 1: Understanding the Concept
This question asks to identify an essential micronutrient from the given list. Nutrients
required by living organisms are classified as macronutrients (required in large amounts) and
micronutrients (required in small or trace amounts). Many enzymes require metal ions as
cofactors for their catalytic activity.
Step 2: Detailed Explanation
Let’s classify the elements listed: - (C) Carbon and (D) Oxygen: These, along with
hydrogen and nitrogen, are the building blocks of all major organic macromolecules (proteins,
carbohydrates, lipids, nucleic acids). They are required in very large quantities and are
therefore considered macronutrients.
- (A) Sodium: Sodium (as Na+) is an important electrolyte, crucial for maintaining osmotic
balance and for nerve impulse transmission. While essential, it is generally considered a
macromineral, not a micronutrient, as it is needed in relatively large amounts compared to
trace elements.
- (B) Zinc: Zinc (as Zn2+) is a classic example of an essential micronutrient or trace
element. It is required in very small amounts but is absolutely vital for life. Zinc acts as a
cofactor for a very large number of enzymes (over 300), including: - Carbonic anhydrase:
Important for CO2 transport in blood. - Alcohol dehydrogenase: Involved in alcohol
metabolism. - DNA and RNA polymerases: Crucial for DNA replication and
transcription. - Zinc-finger proteins: Important transcription factors involved in gene
regulation. The zinc ion often plays a structural role in stabilizing the enzyme or a direct
catalytic role in the active site.
Step 3: Final Answer
Zinc is an essential micronutrient that serves as a critical cofactor for numerous enzymes.
This corresponds to option (B).
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� Quick Tip

Remember the difference: - Macronutrients: ”Big” building blocks like C, H, O, N,
P, S and major minerals like Na, K, Ca, Mg. - Micronutrients (Trace Elements):
Needed in ”micro” amounts but still essential, often as enzyme cofactors. Key exam-
ples are Zinc (Zn), Iron (Fe), Copper (Cu), Manganese (Mn), Selenium (Se), and Io-
dine (I).

180. The process of cell differentiation is controlled by:
(A) Gene expression
(B) DNA replication
(C) Osmotic pressure
(D) Mitochondrial division

Correct Answer: (A) Gene expression

Solution:
Step 1: Understanding the Concept
This question asks about the fundamental mechanism that controls cell differentiation. Cell
differentiation is the process by which a less specialized cell becomes a more specialized cell
type. This is how a single fertilized egg (a zygote) develops into a complex organism with
many different types of cells, such as muscle cells, nerve cells, and skin cells.
Step 2: Detailed Explanation
1. The Genetic Basis: Nearly all cells in a multicellular organism contain the exact same
set of genes (the same genome). For example, a neuron and a skin cell in your body have the
same DNA.
2. The Question of Identity: If all cells have the same genetic blueprint, what makes them
different? The answer is that different cells ”read” or ”use” different parts of that blueprint.
3. Control by Gene Expression: Cell differentiation is controlled by differential gene
expression. This means that although a cell contains all the genes, only a specific subset of
those genes is turned on (expressed) at any given time, while the rest are turned off
(silenced). - The set of genes that are expressed determines the set of proteins that the cell
produces. - These proteins, in turn, determine the cell’s structure, function, and overall
identity. - For example, a muscle cell expresses genes for actin and myosin proteins, while a
red blood cell expresses the gene for hemoglobin. - This pattern of gene expression is tightly
regulated by a complex network of transcription factors and epigenetic modifications, which
are often established during embryonic development.
4. Analyzing other options: - (B) DNA replication: This is the process of copying DNA
before cell division. It ensures that daughter cells get a full set of genes, but it doesn’t
determine which genes are used. - (C) Osmotic pressure: This is a physical force related to
water movement across a membrane. It is important for cell volume regulation but does not
control cell identity. - (D) Mitochondrial division: This is the process by which mitochondria
reproduce within the cell. It is necessary for providing energy but does not direct the overall
differentiation process.
Step 3: Final Answer
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The process of cell differentiation, by which cells become specialized, is controlled by the
selective expression of specific genes. This corresponds to option (A).

� Quick Tip

Think of the genome as a giant cookbook. Every cell in the body has the full cook-
book. A neuron only reads the ”brain food” recipes, while a muscle cell only reads
the ”high-protein” recipes. The process of choosing which recipes to read is differen-
tial gene expression, and this is what leads to cell differentiation.

181. Which of the following vaccines was the first to be developed using animal cell culture?
(A) Hepatitis B vaccine
(B) Influenza vaccine
(C) Polio vaccine
(D) Smallpox vaccine

Correct Answer: (C) Polio vaccine

Solution:
Step 1: Understanding the Concept
This question asks to identify the first vaccine that was produced using animal cell culture
techniques. This was a major breakthrough in virology and vaccinology.
Step 2: Detailed Explanation
1. The Challenge of Growing Viruses: Viruses are obligate intracellular parasites,
meaning they can only replicate inside living host cells. Before the 1950s, the only way to
grow viruses for research or vaccine production on a large scale was to use live animals or
embryonated chicken eggs. This was cumbersome, expensive, and not suitable for all viruses.
2. The Breakthrough: In 1949, John Enders, Thomas Weller, and Frederick Robbins
demonstrated that the poliovirus could be grown in large quantities in non-nervous human
and monkey tissue cultures (animal cell cultures). This discovery was revolutionary because it
provided a safe, practical, and scalable method for producing the virus needed for a vaccine.
For this work, they were awarded the Nobel Prize in Physiology or Medicine in 1954.
3. Development of the Polio Vaccine: Based on the Enders, Weller, and Robbins
breakthrough, Jonas Salk was able to produce large amounts of poliovirus in monkey kidney
cell cultures. He then inactivated the virus with formalin to create the first effective
inactivated polio vaccine (IPV), which was introduced in 1955. Shortly after, Albert Sabin
used the same cell culture techniques to develop a live-attenuated oral polio vaccine (OPV).
Therefore, the polio vaccine was the first major vaccine developed using modern animal cell
culture technology.
4. Analyzing other options: - (A) Hepatitis B vaccine: The first generation was derived
from the plasma of human carriers. The modern vaccine is a recombinant subunit vaccine
produced in yeast. - (B) Influenza vaccine: For many decades, and still today, the majority of
influenza vaccines are produced by growing the virus in embryonated chicken eggs. - (D)
Smallpox vaccine: The smallpox vaccine, developed by Edward Jenner in the 1790s, was the
very first vaccine. It used live vaccinia virus (cowpox) obtained from the lesions on infected
calves or, later, sheep. It did not use cell culture.
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Step 3: Final Answer
The polio vaccine was the first vaccine to be developed on a large scale using animal cell
culture techniques. This corresponds to option (C).

� Quick Tip

The development of the polio vaccine in the 1950s is a landmark in medical history. A
key part of that story is the Nobel Prize-winning work of Enders, Weller, and Robbins,
which showed that poliovirus could be grown in cell culture. This paved the way for
both Salk’s and Sabin’s vaccines.

182. Which of the following is NOT a source of energy in active muscle cells?
(A) Lactic acid
(B) ATP
(C) Creatine phosphate
(D) Glucose

Correct Answer: (A) Lactic acid

Solution:
Step 1: Understanding the Concept
This question asks to identify which of the listed molecules is not a source of energy for active
muscle cells. Muscle cells require a constant and rapid supply of ATP to power contraction.
They have several mechanisms to generate or regenerate ATP.
Step 2: Detailed Explanation
Let’s analyze the role of each molecule in muscle energy metabolism: - (B) ATP
(Adenosine Triphosphate): This is the direct source of energy for muscle contraction.
The hydrolysis of ATP to ADP and phosphate releases the energy that powers the movement
of myosin heads along actin filaments. However, the cell’s stores of ATP are very small and
can only power a few seconds of intense activity.
- (C) Creatine phosphate (Phosphocreatine): This is a high-energy phosphate
compound stored in muscle cells. It acts as a rapid buffer for ATP. When ATP is used up,
creatine phosphate can quickly donate its phosphate group to ADP to regenerate ATP. This
is the fastest way to replenish ATP and can fuel about 8-10 seconds of maximal effort.

Creatine phosphate + ADP
Creatine kinase−−−−−−−−−→ Creatine + ATP

So, it is an immediate source of energy for ATP regeneration.
- (D) Glucose: This is a major fuel source for muscles. Glucose, obtained from the blood or
from stored glycogen in the muscle, is broken down through glycolysis and cellular respiration
to produce large amounts of ATP. This is the primary source of energy for both short-term
(anaerobic glycolysis) and long-term (aerobic respiration) activity.
- (A) Lactic acid: Lactic acid is the product of anaerobic glycolysis. When muscle activity
is so intense that the oxygen supply cannot keep up with the demand for ATP, the muscle
cells rely on anaerobic glycolysis. In this process, pyruvate (the end product of glycolysis) is
converted to lactic acid to regenerate the NAD+ needed for glycolysis to continue. Therefore,
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lactic acid is a by-product of anaerobic energy production, not a direct source of energy
for the active muscle cell itself. (Although lactate can later be transported to the liver or
heart and be used as a fuel source there - a process called the Cori cycle - it is not a primary
energy source *within* the contracting muscle cell).
Step 3: Final Answer
ATP, creatine phosphate, and glucose are all sources of energy for active muscle cells. Lactic
acid is a metabolic by-product of anaerobic energy production. Therefore, it is NOT a source
of energy. This corresponds to option (A).

� Quick Tip

Think of muscle energy sources in terms of a race: - First few seconds: Stored ATP.
- Next 10 seconds: Creatine Phosphate quickly remakes ATP. - Next 1-2 min-
utes (sprint): Anaerobic glycolysis of Glucose, producing Lactic Acid as a by-
product. - Long-term (marathon): Aerobic respiration of Glucose and fats.

183. What is the main function of cytokines in cell signaling?
(A) Inhibiting cell communication
(B) Promoting bacterial infections
(C) Regulating immune responses
(D) Suppressing protein synthesis

Correct Answer: (C) Regulating immune responses

Solution:
Step 1: Understanding the Concept
This question asks for the primary role of cytokines. Cytokines are a broad and diverse
category of small proteins that are crucial for cell-to-cell communication, particularly within
the immune system.
Step 2: Detailed Explanation
1. What are Cytokines? Cytokines are signaling molecules that are secreted by cells and
act on other cells to modulate their behavior. They are similar to hormones but often act
locally (paracrine signaling) rather than through the bloodstream (endocrine signaling).
2. Main Function in the Immune System: The main and most well-known function of
cytokines is to regulate immune responses. They act as messengers between the different
cells of the immune system (like T cells, B cells, macrophages, etc.) and also between immune
cells and other body cells. - They can stimulate or inhibit the activation, proliferation, and
differentiation of immune cells. - They can induce inflammation (pro-inflammatory cytokines
like TNF-α, IL-1, IL-6). - They can suppress immune responses (anti-inflammatory cytokines
like IL-10). - They can promote antibody production. - They can activate cells to kill
pathogens (e.g., interferons activate antiviral responses). In short, they orchestrate the
complex and coordinated response of the immune system to infection, inflammation, and
trauma.
3. Analyzing other options: - (A) Inhibiting cell communication: Cytokines are the very
means of cell communication, not inhibitors of it. - (B) Promoting bacterial infections: While
the inflammatory response caused by cytokines can sometimes lead to tissue damage that
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bacteria can exploit, the primary purpose of the cytokine response is to fight and clear
infections, not promote them. - (D) Suppressing protein synthesis: Some specific cytokines,
like interferons, can induce a cellular state that inhibits viral protein synthesis as an antiviral
mechanism, but this is a very specific effect. The general function of cytokines is not to
suppress protein synthesis but to regulate cellular behavior, which often involves synthesizing
new proteins.
Step 3: Final Answer
The main function of cytokines is to act as signaling molecules that regulate the intensity,
duration, and nature of immune responses. This corresponds to option (C).

� Quick Tip

Think of cytokines as the ”tweets” or ”text messages” of the immune system. Cells use
them to send short, rapid messages to each other to coordinate a defense, saying things
like ”Activate!”, ”Divide!”, ”Attack this target!”, or ”Calm down, the threat is over!”.

184. Hybridoma cells are primarily used for the production of:
(A) Enzymes
(B) Monoclonal antibodies
(C) Cytotoxic drugs
(D) Recombinant proteins

Correct Answer: (B) Monoclonal antibodies

Solution:
Step 1: Understanding the Concept
This question is a direct query about the application of hybridoma technology, which was also
the subject of question 109. It asks for the primary product made using hybridoma cells.
Step 2: Detailed Explanation
1. Hybridoma Technology Recap: Hybridoma technology is a method for producing large
numbers of identical antibodies. It involves fusing an antibody-producing B-cell from an
immunized animal with an ”immortal” myeloma (cancer) cell.
2. The Hybridoma Cell: The resulting fused cell is called a hybridoma. This cell has two
critical properties: it can produce a specific antibody (from the B-cell parent) and it can
divide and grow indefinitely in culture (from the myeloma parent).
3. The Product: By selecting and cloning a hybridoma that produces the desired antibody,
researchers can create a stable, continuous cell line that serves as a factory for producing vast
quantities of a single type of antibody. This uniform, highly specific antibody preparation is
known as a monoclonal antibody (mAb).
4. Analyzing other options: - (A) Enzymes, (D) Recombinant proteins: These are
typically produced using recombinant DNA technology, where the gene for the protein is
cloned into a host organism like *E. coli*, yeast, or cultured animal cells (like CHO cells).
This is a different technology from the cell-fusion approach of hybridomas. - (C) Cytotoxic
drugs: These are typically small-molecule chemical compounds, not biological products
produced by hybridomas. (Though monoclonal antibodies can be used to deliver cytotoxic
drugs to cancer cells).
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Step 3: Final Answer
Hybridoma cells are specifically created and used for the large-scale production of monoclonal
antibodies. This corresponds to option (B).

� Quick Tip

The terms are directly linked: Hybridoma technology produces monoclonal an-
tibodies. If you see one term, the other is almost certainly the related answer in a
multiple-choice context.

185. Gene knockout refers to the:
(A) Inactivation of a specific gene
(B) Removal of an entire chromosome
(C) Overexpression of a gene
(D) Transcriptional silencing of mRNA

Correct Answer: (A) Inactivation of a specific gene

Solution:
Step 1: Understanding the Concept
This question asks for the definition of ”gene knockout,” a fundamental technique in genetic
engineering and molecular biology used to study gene function.
Step 2: Detailed Explanation
1. Gene Knockout Definition: A gene knockout (KO) is a genetic technique in which one
of an organism’s genes is made inoperative. The goal is to ”knock out” the gene’s function to
observe the effect on the organism. By comparing the knockout organism to a normal,
wild-type organism, researchers can infer the likely function of the missing gene.
2. Mechanism: This is typically achieved by using homologous recombination to replace the
target gene sequence with a non-functional or altered sequence (often containing a selectable
marker). This results in a permanent inactivation of a specific gene at the DNA level. The
organism, often a mouse (knockout mouse), will then lack the protein product of that gene.
3. Analyzing other options: - (B) Removal of an entire chromosome: This is a large-scale
chromosomal aberration (aneuploidy), not a targeted gene knockout. - (C) Overexpression of
a gene: This is the opposite of a knockout. It involves modifying an organism to produce an
unusually large amount of a specific protein, often by placing the gene under the control of a
strong promoter. This is sometimes called a ”knock-in” or simply overexpression. - (D)
Transcriptional silencing of mRNA: This refers to a different technique called gene knockdown
(often achieved by RNA interference or RNAi). Gene knockdown reduces the expression of a
gene by targeting its mRNA for degradation or blocking its translation. It typically results in
a temporary and incomplete reduction of the gene product, whereas a knockout is a
permanent inactivation of the gene itself.
Step 3: Final Answer
Gene knockout refers to the targeted inactivation of a specific gene to study its function. This
corresponds to option (A).
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� Quick Tip

Distinguish between these key terms: - Knockout: Gene is permanently inactivated
(deleted/disrupted). - Knockdown: Gene expression is temporarily reduced (usually
by targeting mRNA). - Knock-in: A gene is replaced by a different gene or a modi-
fied version. - Overexpression: A gene is made to be hyperactive.

186. Which of the following is a non-coding RNA involved in gene regulation?
(A) rRNA
(B) tRNA
(C) miRNA
(D) mRNA

Correct Answer: (C) miRNA

Solution:
Step 1: Understanding the Concept
This question asks to identify a type of non-coding RNA that plays a role in gene regulation.
Non-coding RNAs (ncRNAs) are RNA molecules that are not translated into a protein but
have other functions.
Step 2: Detailed Explanation
Let’s analyze the types of RNA listed: - (A) rRNA (ribosomal RNA): This is a
non-coding RNA, but its primary function is structural and catalytic. It is the main
component of ribosomes, the machinery for protein synthesis. While essential for gene
expression, it’s not typically described as a regulator of other genes in the way the question
implies.
- (B) tRNA (transfer RNA): This is also a non-coding RNA. Its function is to act as an
adapter molecule in protein synthesis, carrying the correct amino acid to the ribosome to be
added to the growing polypeptide chain. Its role is in translation, not gene regulation.
- (C) miRNA (microRNA): MicroRNAs are a class of small, single-stranded, non-coding
RNA molecules (typically about 22 nucleotides long). Their primary function is gene
regulation at the post-transcriptional level. A miRNA binds to a complementary sequence
on a target messenger RNA (mRNA) molecule. This binding usually results in: -
Translational repression: The ribosome is blocked from translating the mRNA into
protein. - mRNA degradation: The mRNA molecule is destabilized and destroyed. In both
cases, the miRNA effectively ”silences” the gene by preventing its protein product from being
made. This is a major mechanism of gene regulation in eukaryotes.
- (D) mRNA (messenger RNA): This is a coding RNA. Its function is to carry the
genetic code from DNA to the ribosome to be translated into protein. It is the target of
regulation, not the regulator itself in this context.
Step 3: Final Answer
miRNA is a well-known class of non-coding RNA that is directly involved in the
post-transcriptional regulation of gene expression. This corresponds to option (C).
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� Quick Tip

The world of non-coding RNAs is vast and functional. The main ”housekeeping” ncR-
NAs are tRNA and rRNA. The main ”regulatory” ncRNAs to remember are miRNA
(microRNA) and siRNA (small interfering RNA), both of which are involved in RNA
interference (RNAi).

187. The enzyme responsible for copying RNA into DNA is called:
(A) RNA polymerase
(B) Reverse transcriptase
(C) DNA ligase
(D) Endonuclease

Correct Answer: (B) Reverse transcriptase

Solution:
Step 1: Understanding the Concept
This question asks for the name of the enzyme that catalyzes the synthesis of DNA using an
RNA template. This process is a reversal of the normal flow of genetic information
(transcription).
Step 2: Detailed Explanation
Let’s review the flow of genetic information and the enzymes involved: - DNA → RNA
(Transcription): The enzyme that copies DNA into RNA is RNA polymerase (Option
A). - RNA → DNA (Reverse Transcription): The process of synthesizing DNA from an
RNA template is called reverse transcription. The enzyme that carries out this process is
called reverse transcriptase. This enzyme was discovered in retroviruses (like HIV), which
have an RNA genome. The virus uses reverse transcriptase to convert its RNA genome into a
DNA copy, which can then be integrated into the host cell’s DNA. This process ”reverses” the
normal direction of transcription.
- DNA ligase (Option C): This enzyme joins DNA fragments together. - Endonuclease
(Option D): This is a general term for an enzyme that cuts nucleic acids within the polymer
chain (as opposed to an exonuclease, which cuts from the ends). Restriction enzymes are a
type of endonuclease.
Step 3: Final Answer
The enzyme that synthesizes a DNA strand using an RNA template is called reverse
transcriptase. This corresponds to option (B).

� Quick Tip

The name of the enzyme is a direct description of its function. Normal transcription is
DNA to RNA. This enzyme does the reverse of transcription, hence its name: re-
verse transcriptase. It’s a key tool in molecular biology for creating complementary
DNA (cDNA) from mRNA.
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188. Which of the following is a method used to analyze protein expression?
(A) Northern blot
(B) Western blot
(C) Southern blot
(D) PCR

Correct Answer: (B) Western blot

Solution:
Step 1: Understanding the Concept
This question asks to identify the laboratory technique used to study protein expression.
”Protein expression” means detecting the presence and often the amount of a specific protein
in a sample.
Step 2: Detailed Explanation
Let’s review the different techniques listed: - (A) Northern blot: This is a technique used
to detect and analyze specific RNA sequences in a sample. It can be used to study gene
expression at the transcript (mRNA) level, but not the protein level.
- (B) Western blot: Also known as an immunoblot, this is the standard technique for
detecting and quantifying a specific protein in a complex mixture (like a cell lysate). The
process involves: 1. Separating the proteins in the sample by size using SDS-PAGE (a type of
gel electrophoresis). 2. Transferring (”blotting”) the separated proteins from the gel to a solid
membrane. 3. Using a specific antibody (the primary antibody) that binds only to the target
protein. 4. Using a secondary antibody, which is labeled with an enzyme or fluorophore, that
binds to the primary antibody. 5. Detecting the signal from the label to visualize the
presence, size, and relative amount of the target protein. Therefore, Western blotting is a
direct method to analyze protein expression.
- (C) Southern blot: This technique is used to detect specific DNA sequences. It is used
for applications like DNA fingerprinting or checking for the presence of a gene, not for
analyzing protein expression.
- (D) PCR (Polymerase Chain Reaction): This is a technique used to amplify DNA. A
variation called RT-PCR (Reverse Transcription PCR) can be used to amplify DNA copied
from RNA, which allows for sensitive analysis of gene expression at the mRNA level, but
PCR itself does not detect proteins.
Step 3: Final Answer
The method used to analyze the expression of specific proteins is the Western blot. This
corresponds to option (B).

� Quick Tip

Use the SNoW DRoP mnemonic to remember the blotting techniques: - Southern -
¿ DNA - Northern -¿ RNA - Western -¿ Protein The question asks about protein
expression, so the answer is Western blot.

189. Which of the following is an example of a secondary metabolite?
(A) Ethanol
(B) Antibiotics
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(C) Glucose
(D) Amino acids

Correct Answer: (B) Antibiotics

Solution:
Step 1: Understanding the Concept
This question asks to identify a secondary metabolite from the given options. Microbial
metabolites are classified as primary or secondary based on their role in the organism’s
growth and the phase of the growth cycle in which they are produced.
Step 2: Detailed Explanation
- Primary Metabolites: These are compounds essential for the growth of an organism.
They are produced during the exponential (log) phase of growth. Their production is directly
linked to the increase in biomass. Examples include amino acids, nucleotides, vitamins, and
ethanol from fermentation. - Secondary Metabolites: These compounds are not directly
involved in the growth, development, or reproduction of the organism. They are typically
produced during the late log phase and stationary phase, often triggered by nutrient
limitation or stress. They usually have ecological functions, such as defense.
Now let’s analyze the options: - (A) Ethanol: In anaerobic fermentation by yeast, ethanol is
a direct product of the central energy-generating pathway (glycolysis followed by
fermentation). It is produced during the growth phase and is therefore a primary
metabolite.
- (B) Antibiotics: Antibiotics like penicillin are complex molecules produced by
microorganisms (like the fungus *Penicillium*) to inhibit the growth of competing microbes.
Their production is not essential for the growth of the producing organism and typically
occurs in the stationary phase. This makes them classic examples of secondary
metabolites.
- (C) Glucose: Glucose is a simple sugar, a fundamental source of carbon and energy. It is a
substrate for metabolism, not a metabolite produced by the cell in this context. It’s a
building block, part of primary metabolism.
- (D) Amino acids: Amino acids are the building blocks of proteins. Their synthesis is
essential for cell growth and division. Therefore, they are primary metabolites.
Step 3: Final Answer
Antibiotics are a classic example of secondary metabolites, as they are not essential for
growth and are produced in the stationary phase. This corresponds to option (B).

� Quick Tip

To differentiate, ask if the molecule is part of the cell’s basic ”build and grow” machin-
ery. If yes (like amino acids, ethanol), it’s primary. If it’s a ”specialty” chemical for
defense or survival (like antibiotics, toxins, pigments), it’s secondary.

190. The GenBank database is primarily used for storing:
(A) Protein sequences
(B) Metabolic pathways
(C) DNA sequences
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(D) Chemical structures

Correct Answer: (C) DNA sequences

Solution:
Step 1: Understanding the Concept
This question asks for the primary type of data stored in GenBank, which is one of the most
important and comprehensive biological databases in the world.
Step 2: Detailed Explanation
1. What is GenBank? GenBank is the genetic sequence database of the National Institutes
of Health (NIH) in the United States. It is a public, open-access, annotated collection of all
publicly available nucleotide sequences (DNA and RNA).
2. Content: It contains sequences submitted by individual laboratories and large-scale
sequencing projects from around the world. Each entry includes the sequence itself, along
with annotation describing the source of the DNA, the gene names, protein translations, and
other biological features. It is a part of the International Nucleotide Sequence Database
Collaboration (INSDC), which also includes the DNA DataBank of Japan (DDBJ) and the
European Nucleotide Archive (ENA). These three databases exchange data daily.
3. Primary Purpose: Its main function is to serve as a comprehensive repository for DNA
sequences, making this fundamental biological data freely available to the global scientific
community.
4. Analyzing other options: - (A) Protein sequences: While GenBank entries contain the
conceptual translations of coding DNA sequences into protein sequences, the primary
database for protein sequences is UniProt (which itself is a collaboration between Swiss-Prot,
TrEMBL, and PIR). GenBank’s focus is on the nucleic acid level. - (B) Metabolic pathways:
This information is stored in specialized databases like KEGG (Kyoto Encyclopedia of Genes
and Genomes). - (D) Chemical structures: These are stored in chemical databases like
PubChem or ChEMBL.
Step 3: Final Answer
The GenBank database is primarily a repository for storing DNA sequences and their
associated annotations. This corresponds to option (C).

� Quick Tip

The name of the database is a big clue: GenBank. ”Gen” refers to genes, which are
made of DNA. It is a ”bank” for genetic sequence data.

191. Which of the following best describes a facultative anaerobe?
(A) Requires oxygen to survive
(B) Can grow with or without oxygen
(C) Dies in the presence of oxygen
(D) Uses only anaerobic respiration

Correct Answer: (B) Can grow with or without oxygen

Solution:
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Step 1: Understanding the Concept
This question asks for the definition of a facultative anaerobe, which is a classification of
organisms based on their oxygen requirements for growth and metabolism.
Step 2: Detailed Explanation
Let’s define the terms related to oxygen requirement: - Obligate Aerobe: An organism that
requires oxygen to survive and grow because it relies exclusively on aerobic respiration.
Option (A) describes this. - Obligate Anaerobe: An organism for which oxygen is toxic. It
dies in the presence of oxygen and can only grow in an oxygen-free environment, using
anaerobic respiration or fermentation. Option (C) describes this. - Facultative Anaerobe:
An organism that is highly versatile. It can perform aerobic respiration if oxygen is present
(which is usually preferred as it yields more energy), but can switch to anaerobic respiration
or fermentation if oxygen is absent. Therefore, it can grow with or without oxygen.
Option (B) describes this. - Aerotolerant Anaerobe: An organism that does not use
oxygen for metabolism but is not harmed by its presence. It uses only anaerobic respiration or
fermentation, regardless of whether oxygen is present. Option (D) is partially correct for this
group, but the key feature is tolerance to oxygen, not just the use of anaerobic metabolism.
Step 3: Final Answer
The best description for a facultative anaerobe is an organism that can grow in both the
presence and absence of oxygen. This corresponds to option (B).

� Quick Tip

The word ”facultative” implies having the ”faculty” or option to do something. A fac-
ultative anaerobe has the option to live anaerobically, but it can also live aerobically.
It’s a versatile ”switch-hitter” in terms of metabolism.

192. The role of a chemostat in a bioreactor is to:
(A) Remove toxic by-products
(B) Maintain a constant culture environment
(C) Prevent contamination
(D) Increase mutation rates

Correct Answer: (B) Maintain a constant culture environment

Solution:
Step 1: Understanding the Concept
This question asks for the role of a chemostat. A chemostat is a specific type of continuous
culture system used in microbiology and bioprocessing.
Step 2: Detailed Explanation
1. Continuous Culture: Unlike a batch culture where conditions are constantly changing as
nutrients are consumed and waste products accumulate, a continuous culture aims to keep the
cells in a steady state of growth.
2. Chemostat Principle: A chemostat (from ”chemical environment is static”) is a
bioreactor where this steady state is achieved by controlling the concentration of a single
limiting nutrient. - Fresh, sterile medium containing a known, limiting concentration of a
crucial nutrient is continuously fed into the bioreactor at a constant rate (the dilution rate,
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D). - An equal volume of the culture broth (containing cells, waste products, and unused
medium) is simultaneously removed. 3. The Outcome: This continuous inflow and outflow
ensures that the volume, nutrient concentration, cell density, and metabolic state of the
culture remain constant over time. The growth rate of the microorganisms is controlled by
the dilution rate. By operating in this way, a chemostat allows researchers to study microbial
physiology under precisely controlled, steady-state conditions, or to run industrial processes
continuously for long periods. Therefore, its primary role is to maintain a constant
culture environment.
4. Analyzing other options: - (A) Remove toxic by-products: This is a consequence of the
continuous outflow, but the primary goal is not just removal but maintaining a constant low
level of these by-products as part of the overall constant environment. - (C) Prevent
contamination: This is a function of the sterile design and operation of any bioreactor, not
the specific function of the chemostat mode of operation. - (D) Increase mutation rates: This
is not the purpose. A chemostat is designed to maintain a stable population, although it can
be used to study evolution and mutation under selective pressure.
Step 3: Final Answer
The role of a chemostat is to maintain a constant chemical environment, which leads to a
steady state of microbial growth. This corresponds to option (B).

� Quick Tip

Remember the name: Chemo-stat means Chemical Static. It’s a device for keeping
the chemical environment of a culture constant, or static.

193. Which of the following is a major advantage of immobilized enzymes?
(A) They are cheaper than free enzymes
(B) They can be reused multiple times
(C) They require more cofactors
(D) They have reduced specificity

Correct Answer: (B) They can be reused multiple times

Solution:
Step 1: Understanding the Concept
This question asks for a major advantage of using immobilized enzymes over free, soluble
enzymes, particularly in an industrial context. Enzyme immobilization involves attaching
enzymes to or entrapping them within a solid support material.
Step 2: Detailed Explanation
Let’s analyze the pros and cons of enzyme immobilization: - Reusability: Free enzymes are
dissolved in the reaction mixture along with the substrate and product. Separating the
enzyme from the product for reuse is often difficult and expensive. Immobilized enzymes,
however, are attached to a solid, insoluble support (like beads). This allows them to be easily
separated from the liquid product stream by simple filtration or centrifugation. This easy
separation means they can be reused multiple times, which is a huge economic advantage
as enzymes can be very expensive.
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- Cost: The initial cost of preparing an immobilized enzyme (including the enzyme, the
support material, and the immobilization process) is generally higher than just using the free
enzyme. So, option (A) is incorrect. The economic benefit comes from the reusability over the
long term.
- Cofactors: The need for cofactors is an intrinsic property of the enzyme itself and is not
changed by immobilization. Option (C) is incorrect.
- Specificity and Activity: The process of immobilization can sometimes cause a slight
change in the enzyme’s conformation, which might lead to reduced specificity or activity
compared to the free enzyme. Also, mass transfer limitations can lower the observed reaction
rate. Therefore, option (D) is a potential *disadvantage*, not an advantage.
Step 3: Final Answer
The ability to be easily separated from the product and reused for multiple cycles is one of
the most significant advantages of immobilized enzymes. This corresponds to option (B).

� Quick Tip

Think of immobilized enzymes like a tea bag. You can easily remove the tea bag (the
enzyme) from your cup (the reactor) after the brewing is done and potentially use it
again. With loose-leaf tea (a free enzyme), separating the leaves from the tea is much
harder.

194. What is the purpose of using a fusion protein tag in recombinant protein production?
(A) To break down the protein
(B) To inhibit gene expression
(C) To facilitate purification
(D) To degrade unwanted proteins

Correct Answer: (C) To facilitate purification

Solution:
Step 1: Understanding the Concept
This question asks for the purpose of a ”fusion protein tag.” In recombinant protein
production, this refers to genetically fusing a short peptide or a small protein (the ”tag”) to
the target protein of interest.
Step 2: Detailed Explanation
1. The Purification Challenge: When a recombinant protein is expressed in a host cell
(like *E. coli*), it is mixed with thousands of other native host cell proteins. Isolating the
single desired protein from this complex mixture can be challenging.
2. The Fusion Tag Solution: To simplify this, a ”tag” is genetically added to the N- or
C-terminus of the target protein. This tag has a unique biochemical property that can be
exploited for purification.
3. Facilitating Purification: The most common application of these tags is to facilitate
purification by affinity chromatography. - Example: His-tag. One of the most popular
tags is the polyhistidine-tag (His-tag), a sequence of six or more histidine residues. Histidine
has a high affinity for certain metal ions, like nickel (Ni2+). - The crude cell lysate (containing
the His-tagged protein and all other host proteins) is passed through an affinity
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chromatography column containing beads coated with nickel ions. - The His-tagged protein
will specifically bind to the nickel on the column, while most other proteins will wash
through. - The bound His-tagged protein can then be eluted from the column in a highly pure
form by adding a solution containing a high concentration of imidazole (which competes with
histidine for binding to nickel). - Other tags work on similar principles (e.g., GST-tag binds
to glutathione, Strep-tag binds to streptavidin).
4. Analyzing other options: - (A) To break down the protein: This is the opposite of the
goal. Tags are sometimes used to increase protein stability. - (B) To inhibit gene expression:
Tags are part of the protein product; they are added at the DNA level and do not inhibit the
expression of the gene. - (D) To degrade unwanted proteins: This is not the function of a
fusion tag.
Step 3: Final Answer
The primary purpose of adding a fusion tag to a recombinant protein is to facilitate its
separation and purification from a complex mixture, usually by affinity chromatography. This
corresponds to option (C).

� Quick Tip

Think of a fusion tag as a ”handle” that you genetically attach to your protein of inter-
est. This handle allows you to specifically ”grab” your protein out of a complex soup of
other proteins, making purification much easier.

195. Which of the following is responsible for the inhibition of enzyme activity in feedback
inhibition?
(A) Enzymes
(B) End product
(C) Temperature
(D) Substrate concentration

Correct Answer: (B) End product

Solution:
Step 1: Understanding the Concept
This question asks about the molecule responsible for inhibition in a specific type of enzyme
regulation called feedback inhibition. Feedback inhibition is a crucial mechanism for cells to
control their metabolic pathways.
Step 2: Detailed Explanation
1. Metabolic Pathways: Many important molecules in a cell are synthesized through a
multi-step metabolic pathway, where the product of one enzyme-catalyzed reaction becomes

the substrate for the next enzyme in the sequence (e.g., A
E1−−→ B

E2−−→ C
E3−−→ D).

2. Feedback Inhibition (or End-Product Inhibition): In this form of regulation, the
final end product of the metabolic pathway acts as an allosteric inhibitor of one of the first
enzymes in that same pathway (often the first ”committed” step).
3. Mechanism: When the concentration of the end product (e.g., product D) builds up to a
sufficient level, it binds to an allosteric site on the first enzyme (E1). This binding changes
the enzyme’s shape, inactivating it and shutting down the entire pathway.
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4. Purpose: This is a highly efficient self-regulating mechanism. It prevents the cell from
wasting energy and resources by overproducing a substance it already has in sufficient
quantity. When the cell uses up the end product, its concentration drops, it unbinds from the
enzyme, and the pathway becomes active again.
5. Analyzing the options: - (A) Enzymes: Other enzymes are not the inhibitors in this
mechanism. - (B) End product: The final product of the pathway is the specific inhibitor.
This is correct. - (C) Temperature: Temperature affects enzyme activity in general, but it is
not the specific molecule responsible for the feedback mechanism. - (D) Substrate
concentration: Substrate concentration affects the rate of the reaction, but the substrate is
not the inhibitor in feedback inhibition.
Step 3: Final Answer
In feedback inhibition, the end product of a metabolic pathway inhibits an early enzyme in
that pathway. This corresponds to option (B).

� Quick Tip

Think of feedback inhibition like a thermostat. When the ”product” (heat) reaches
the desired level, it ”feeds back” to shut off the ”pathway” (the furnace). When the
product level drops, the inhibition is removed, and the furnace turns back on.

196. What is the function of a promoter region in a gene?
(A) To terminate transcription
(B) To enhance DNA replication
(C) To initiate transcription
(D) To degrade RNA

Correct Answer: (C) To initiate transcription

Solution:
Step 1: Understanding the Concept
This question asks for the function of a promoter, which is a key regulatory region of a gene.
Gene expression is a tightly controlled process, and the promoter plays a crucial role in the
first step.
Step 2: Detailed Explanation
1. Gene Structure: A gene is a segment of DNA that codes for a functional product, either
an RNA molecule or a protein. A typical gene has a coding region and several regulatory
regions.
2. The Promoter: The promoter is a specific DNA sequence located near the beginning of a
gene, on the same strand and upstream (towards the 5’ region) of the transcriptional start site.
3. Function: The primary function of the promoter is to serve as the binding site for the
enzyme RNA polymerase and associated proteins called transcription factors. This binding
is the first and most critical step in gene expression, as it positions the RNA polymerase
correctly to begin synthesizing an RNA copy of the gene. Therefore, the promoter’s function
is to initiate transcription. The strength and sequence of the promoter determine how
frequently the gene is transcribed.
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4. Analyzing other options: - (A) To terminate transcription: This is the function of a
different DNA sequence called a terminator, which is located at the end of the gene. - (B)
To enhance DNA replication: The initiation of DNA replication occurs at a specific sequence
called the origin of replication (ori), not the promoter. - (D) To degrade RNA: This is the
function of enzymes called ribonucleases (RNases), not a DNA region.
Step 3: Final Answer
The function of a promoter region is to act as a binding site for RNA polymerase and thereby
initiate transcription. This corresponds to option (C).

� Quick Tip

The name says it all: a promoter promotes (initiates) transcription. A terminator
terminates transcription.

197. What is the main advantage of using bacterial expression systems for protein
production?
(A) High post-translational modification
(B) Fast growth rate and high yield
(C) Large genome size
(D) High energy requirements

Correct Answer: (B) Fast growth rate and high yield

Solution:
Step 1: Understanding the Concept
This question asks for the primary advantage of using bacteria (like *E. coli*) as host systems
for producing recombinant proteins. Different expression systems (bacterial, yeast, insect,
mammalian) have different pros and cons.
Step 2: Detailed Explanation
Let’s analyze the characteristics of bacterial expression systems: - (B) Fast growth rate
and high yield: This is the main advantage. Bacteria such as *E. coli* have a very short
generation time (they can double their population in as little as 20 minutes under optimal
conditions). They can be grown to extremely high cell densities in large, inexpensive
fermenters. Furthermore, strong promoters can be used to drive the expression of the target
protein to very high levels, often constituting up to 20-30% or more of the total cellular
protein. This combination of fast growth and high yield makes bacterial systems the most
time- and cost-effective method for producing many recombinant proteins.
- (A) High post-translational modification: This is a major disadvantage of bacterial
systems. Bacteria are prokaryotes and lack the complex cellular machinery (like the Golgi
apparatus) that eukaryotes have for performing post-translational modifications (PTMs) such
as glycosylation, disulfide bond formation, and proper folding of complex proteins. Many
human therapeutic proteins require these PTMs for activity, and thus cannot be produced
correctly in bacteria.
- (C) Large genome size: Bacteria have very small and compact genomes compared to
eukaryotes. This is generally an advantage, making them genetically simpler to manipulate.
A large genome size is not a characteristic, nor would it be an advantage.
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- (D) High energy requirements: While growing bacteria to high densities does require
energy (for heating, agitation, aeration), the process is generally considered highly efficient
and cost-effective compared to the much more complex and expensive media and conditions
required for culturing slower-growing eukaryotic cells (like mammalian cells). So, this is not
an advantage.
Step 3: Final Answer
The main advantage of using bacterial expression systems is their fast growth rate and the
ability to achieve high yields of recombinant protein, making the process rapid and
economical. This corresponds to option (B).

� Quick Tip

When comparing protein expression systems, remember this trade-off: - Bacteria
(*E. coli*): Fast, cheap, high yield, but poor at folding complex proteins and can-
not do most post-translational modifications. - Yeast: A good compromise. Faster
and cheaper than mammalian cells, can do some PTMs. - Mammalian Cells: Slow,
expensive, lower yield, but provides the most accurate protein folding and human-like
post-translational modifications.

198. A mutation that does not change the amino acid sequence of a protein is called a:
(A) Frameshift mutation
(B) Nonsense mutation
(C) Silent mutation
(D) Missense mutation

Correct Answer: (C) Silent mutation

Solution:
Step 1: Understanding the Concept
This question asks for the name of a specific type of point mutation that has no effect on the
resulting amino acid sequence. This is possible due to the degeneracy (or redundancy) of the
genetic code.
Step 2: Detailed Explanation
Let’s define the different types of point mutations (mutations affecting a single nucleotide): -
(C) Silent mutation: The genetic code is degenerate, meaning that multiple codons can
code for the same amino acid (e.g., CCU, CCC, CCA, and CCG all code for Proline). A silent
mutation is a change in a single nucleotide of a codon that results in a new codon that still
codes for the same amino acid. Because the amino acid sequence of the protein is
unchanged, the mutation is ”silent” and usually has no effect on the protein’s function. For
example, a change from CCG to CCA in the DNA would still result in a Proline being
incorporated into the protein.
- (D) Missense mutation: This is a point mutation where the change in the nucleotide
sequence results in a codon that codes for a different amino acid. The effect on the protein
can range from negligible to catastrophic, depending on the chemical properties of the new
amino acid and its location in the protein structure. (e.g., Sickle-cell anemia is caused by a
missense mutation).
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- (B) Nonsense mutation: This is a point mutation where a codon that specifies an amino
acid is changed into a stop codon (UAA, UAG, or UGA). This results in the premature
termination of translation, leading to a truncated and usually non-functional protein.
- (A) Frameshift mutation: This is not a point mutation. It is caused by the insertion or
deletion of one or two nucleotides within the coding sequence. This shifts the ”reading frame”
of the codons, causing all codons downstream of the mutation to be read incorrectly. This
usually leads to a completely different and non-functional protein.
Step 3: Final Answer
A mutation that changes the DNA sequence but does not change the resulting amino acid
sequence is called a silent mutation. This corresponds to option (C).

� Quick Tip

Remember the effects of point mutations: - Silent: Same amino acid. No change. -
Missense: Different amino acid. Makes ”different sense”. - Nonsense: Becomes a
STOP codon. Makes ”no sense”. - Frameshift: Caused by insertion/deletion. Shifts
the whole reading frame.

199. The process of introducing foreign DNA into bacterial cells using heat shock or
electroporation is called:
(A) Transduction
(B) Transformation
(C) Conjugation
(D) Transcription

Correct Answer: (B) Transformation

Solution:
Step 1: Understanding the Concept
This question asks for the specific term for the artificial uptake of foreign DNA by bacterial
cells, using common laboratory methods like heat shock and electroporation. This involves
distinguishing between different mechanisms of horizontal gene transfer.
Step 2: Detailed Explanation
Let’s define the terms related to the introduction of genetic material into bacteria: - (A)
Transduction: This is a process of genetic transfer mediated by a virus (a bacteriophage). A
phage accidentally packages a piece of the host bacterium’s DNA and then injects this DNA
into a new recipient bacterium.
- (B) Transformation: This is the process by which a bacterial cell takes up naked, foreign
DNA from its surrounding environment. - Natural transformation: Some bacteria are
naturally ”competent” and can take up DNA. - Artificial transformation: In the
laboratory, bacteria that are not naturally competent (like *E. coli*) can be made competent
to take up DNA. The two most common methods are: 1. Chemical competence and Heat
Shock: Cells are treated with cold calcium chloride, mixed with the plasmid DNA, and then
briefly exposed to a high temperature (42◦C). 2. Electroporation: Cells are exposed to a
high-voltage electrical pulse that creates temporary pores in their membranes, allowing DNA
to enter. The question specifically mentions these artificial methods.
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- (C) Conjugation: This is a process of genetic transfer that requires direct cell-to-cell
contact between a donor and a recipient bacterium, typically through a structure called a sex
pilus. It is often referred to as ”bacterial mating.”
- (D) Transcription: This is the process of synthesizing RNA from a DNA template. It is a
step in gene expression, not a mechanism for DNA uptake.
Step 3: Final Answer
The process of introducing foreign DNA into bacterial cells from the environment using
artificial methods like heat shock or electroporation is called transformation. This
corresponds to option (B).

� Quick Tip

Remember the three main ways bacteria exchange genes: - Transformation: Uptake
of ”naked” DNA from the environment. - Transduction: DNA transfer via a virus
(bacteriophage). - Conjugation: DNA transfer via direct cell-to-cell contact (”bacte-
rial sex”).

200. Which of the following is NOT a component of a plasmid cloning vector?
(A) Origin of replication
(B) Selectable marker
(C) Ribosome binding site
(D) Multiple cloning site

Correct Answer: (C) Ribosome binding site

Solution:
Step 1: Understanding the Concept
This question asks to identify which of the listed genetic elements is not an essential
component of a standard cloning vector. A cloning vector is a plasmid designed simply to
carry and make many copies of a piece of foreign DNA inside a host cell.
Step 2: Detailed Explanation
Let’s review the essential components of a typical plasmid cloning vector (like pUC18 or
pBR322): 1. Origin of Replication (ori): This is a specific DNA sequence that is
recognized by the host cell’s replication machinery. It is absolutely essential for the plasmid to
be replicated (copied) within the host cell. Without an ori, the plasmid would be lost after
one cell division. So, (A) is an essential component.
2. Selectable Marker: This is a gene that confers a selectable trait, usually antibiotic
resistance. It allows the researcher to select for cells that have successfully taken up the
plasmid (transformed cells) by killing the cells that have not. So, (B) is an essential
component.
3. Multiple Cloning Site (MCS) or Polylinker: This is a short segment of DNA that
has been engineered to contain the recognition sites for many different restriction enzymes.
This provides a convenient location where the gene of interest can be easily inserted into the
plasmid. So, (D) is an essential component.
4. Ribosome Binding Site (RBS): A ribosome binding site (like the Shine-Dalgarno
sequence in prokaryotes) is a sequence on an mRNA molecule that is recognized by the
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ribosome, allowing translation to begin. An RBS is required on the mRNA for a gene to be
translated into a protein. While an RBS would be located on the DNA of a gene, it is a
feature required for expression, not just cloning. A simple cloning vector is only designed
to carry and replicate DNA; it does not need to ensure the expression of the inserted gene. A
more specialized vector called an expression vector would contain an RBS, along with a
promoter and a terminator, to facilitate the transcription and translation of the cloned gene.
Therefore, an RBS is not a necessary component of a basic cloning vector.
Step 3: Final Answer
An origin of replication, a selectable marker, and a multiple cloning site are essential
components of a cloning vector. A ribosome binding site is a feature of an expression vector,
needed for protein production, but not for simple cloning (amplification of DNA). This
corresponds to option (C).

� Quick Tip

Distinguish between two main types of vectors: - Cloning Vector: Its job is just to
”carry and copy” a gene. It needs an ori, MCS, and selectable marker. - Expression
Vector: Its job is to ”carry, copy, and make protein from” a gene. It needs all the
components of a cloning vector plus regulatory elements for expression, such as a pro-
moter, a ribosome binding site, and a terminator.
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